
PHILIPS TECHNICAL REVIEW '

SINTERED GLASS:,

by E. G. DORGELO.,

In the manufacture of certain articles in which many metal, parts (e.g. leading -in
wires) must be fused into glass close toeachother, it is sometimes impossible, due to the
too low fluidity of the molten glass, to force the drop of glass between the metal paAs.
In such a case glass in powder forth can be used, and this can be introduced between the
Metal parts before fusing..The glass 'obtained after fusing; which is not completely clear,
is called sintered glass, and 'contains many very small'air bubbles. In. this article various
properties and possibilities of this glass are discussed.

 In the manufacture of incandescent lamps, elec-
tronic and gas -discharge tubes different special
kinds of glass are' used, which must satisfy certain
requirements for each type of valve or lamp, and
therefore may . differ very much from each other.
A kind of glass whose' properties and constructive
possibilities are particularly favourable for one
type' may be quite unsuitable for 'another type.

For the development of :a new lamp or valve,
therefore, the possibilities offered by different
kinds of glags should be subjected to an extensive
investigation. If the existing kinds of glass are
unsuitable for the application in view, an attempt
is madeto find a new and better kind of glass. In
the case of different types of valves the progress of
their development depended almost exclusively
on the manufacture of a suitable new kind of, 'glass.

 One example is the sodium lamp covered on the
inside with -borate glass 1); which is resistant 'to
sodium vapour; further the high-pressure and super
high-pressure mercury lamps, where it was' 'neces-
sary to find types of glass for the covering of the
metal leads through the quartz the develop-
ment of transmitting valves for very short waves

. , ...
use was also, successfully made of special new kinds
of glass, the electrolysis -free' glassed3). '

While in the examples Mentioned here" lie
easses are distinguished from the, older,. one's 'hy.
their chemical coinposition, in the case of "powder
glass" an attempt, has been made to create new
possibilities by a modification in the physical struc-
ture. The stimulus for this attempt lay in a difficulty.,
which occurs in the manufacture of articles in
which' many metal parts (for example leading -in
wires' ) Must be fused into glass close to each other.
,The glass must then be forced between the
metal partd, and the method fails when the spaces
between are so small that' a drip of molten glass,
even under high external pressure, cannot penetrate

1) Philips techn. Rey. 2, 87, 1937.
2) Philips techn. Rev. 3, 119; 1938.
3) Philips techn. Rev. 6, 255, 1941.
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sufficiently far into them, perhaps, because of the
fact that cooling takes place' too rapidly as a con-
sequence of the heat conduction through the metal
parts. This difficulty can be overcome if, before
the fusing in; the glass in fine powder form is
introduced directly into the space where it belongs,
the whole then being heated to a temperature,
at ,which the glass melts. The structure of the
soniewhat turbid sintered glass which is obtained
upim. fusing the powder is  not, homogeneous; it
contains nuMerous  very small gas Or air 'bubbles
which more or less modify the different properties
of the glass. In general these changes. are not of 1
prime importance. Nevertheless, they may some-
times make possible constructions which are impod- 
sible with normal glass. Examples, of such cases
where preference is given to powder glass will be
given later in this paper.

Sintered glass offers great advantages in the
manufacture'of valves and lamps for experimental
purpOses, due to the rapid and simple manner in
which almogt any desired lamp base can be made.'
Metal leads can be fused in at the same time that'
the base is made, while the process can be used for .

every kind of glass; including the kinds which are
"very difficult to soften.

The employment of sintered glass

The raw material, powdered glass, is' obtained
by grinding up pieces of glass. This powder is cast
in a mould in which the metal parts 'to be fused
in are already.present. Care must be taken that the',
glass powder fills up' the spaces well, between the',
metal parts. After -covering the -mould the whole is
heatedtoa temperature at which the glass is very-,
fluid, so ,that only slight pressure ig 'enough to fill
even the' smallest cavities.

The ciiefficient of expansion of the material
the ,Mould'mUit be adapted in a certain,Way ;to,:
that of the glass. The wall of the mould must not
clamp the solidified glass article; the coefficient
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of expansion of the material of the wall of the mould
must therefore be smaller than that of the glass.
The bottom of the mould (which is separate from
the wall) must, on the other hand, have by prefe-
rence the same coefficient of expansion as the glass,
since otherwise there is a danger that, upon cooling,
any leads and the like which are fastened into the
bottom will be bent. A mould which possesses the
properties mentioned is shown in fig. 1.

Besides lead -pins, differently shaped objects
can also be fused in, for instance metal strips,
tubes, nuts,. etc. ( fig. 2). The number of pins, the
distances between them and their grouping is
subject to practically no limitations when sintered

Fig. 1. Mould of metal with separate bottom and cover.

glass is employed. Fig. 3 illustrates the great
variety possible.

Furthermore it may be pointed out that simul-
taneously with the. fusing -in of leads in a lamp or
valve base the glass envelope can also be welded on.
This envelope is then placed in the mould before
the fusing of the powder glass base; the upper part
of the mould must then be removed. In this way
the separate welding process is eliminated. This
process is, of course, subject to the restriction that
it can only be applied in those cases where the
electrodes inside the envelope are resistant to the
heat radiation of the glowing mould. The tubes
and bases shown in the photographs fig. 4 are
made in this way. It is obvious that other glass parts,
such as an exhaust tube, can be welded in simul-
taneously with the fusing of the valve or lamp base

Fig. 2. Fused -in
bases for valves.

metal tubes and strips in powder -glass

( fig. 5). To prevent the exhaust tube from collap-
sing during the fusion, it is previously sealed at the
bottom and filled with fine sand, which is shaken
out after the fusion.

Fig. 3. The leads can be fused -in through sintered glass bases
in almost any number and arrangement.

A special manner of fusing in, which is impossible
with glass envelopes, can be applied to metal enve-
lopes by strongly heating the edge of the metal
envelope and then pressing it into the likewise
previously heated sintered glass base. The pro-
jecting edge can be removed later. In this way it is
possible, for example, to fasten lead -glass discs
into an iron can. Because of the fact that the coef-
ficient of expansion of the iron is larger than that
of the glass, the iron upon cooling is clamped around

Fig. 4. Envelope and
pinches, the powder -glass
bases of which are welded
to the envelopes at the
same time that the powdered
glass is fused.

the glass, giving a very reliable connection 4).
Nor is it of importance in this method whether the
cross section of the envelope is a true circle.

Properties of powder glass

1) Specific weight

The circumstance that there is a very large
number of small gas bubbles in sintered glass
affects different properties; it is clear that for
example the specific weight is smaller than that of

4) In principle this method of fusing -in is also possible with
discs of clear glass.
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the original glass. The decrease depends upon the
size and the number of bubbles and is usually of the
order of magnitude of 5 to 10 percent; with very
fine powder the decrease is greater. The diameter of
the bubbles usually lies between 10 and 50 R..

The number of bubbles per mm3 amounts to several
thousands.

2) Electrical properties

When a block of powder glass is situated in an
electric field the field strength in the glass will be

homogeneous glass (2, s and tan (5). Thus if

volume of all air bubbles
total volume

we find that:

2' 2-2p 3

A

1 - -2p . (1)2+p

E' 2 8 + 1-2p (e-1)
2c+1± p (e-1)'

Fig. 5. Exhaust tubes can he welded in simultaneously with the fusing of the lamp or valve base.

much smaller than in the gas or air bubbles, as a
result of the very different dielectric constants
(glass: approx. 7, air: 1). The field is thus concen-
trated in the bubbles.

If we consider a piece of clear glass with only a
few large air bubbles, the field concentration in
these bubbles may be so high that the enclosed gas
becomes ionized, which may lead to complete
breakdown. Glass for high -voltage apparatus (X-ray
tubes, for example) must thus satisfy the require-
ment of being free 'of bubbles to a high degree.

The situation becomes quite different when the
air in the glass is divided into 'very many small
bubbles. The potential difference between the
boundary surface is then uniformly distributed
over the numerous intermediate gas bubbles, so
that the potential difference per gas bubble is so
low that danger of ionization is out of the question.
With powder glass indeed values of the breakdown
voltage are found which are just as high as those
measured on glass which is free of bubbles.

The electrical field in a medium in which there are
globular gas bubbles can be calculated 5). Different
electrical constants of powder glass, such as the
electrical conductivity 2', the dielectric constant e'
and the angle of loss, determined by tan 6', can
be calculated from the corresponding values for the

6 ) K. W. Wagner, Archie fiir Elektrotechnilc, 2, 382, 1914.

which, e.g. when e = , 7, gives

E' 5-4p
s 5+2p

,A-, 1 - 5p ± ... . (2)

tan S' 2 (5-3p) 3
1. ---- - - p + . . . (3)

tan (5 10-3 p 10

The formulae are valid only when p <1. In
order to obtain an impression of the influence which
the air bubbles have on the constants mentioned
we substitute p = 0.1. Then 2'/1 = 0.85, sYs =
0.88 and tg S'/tg S = 0.98.

A further lowering of the values of e' and 2'
can thus be obtained by distributing much air
among many small bubbles. For this purpose it is
necessary to start with very fine powder and during
the fusion the temperature must be raised very
rapidly to prevent the escape or flowing together
of the air bubbles. By the addition of substances
which give off gas the percentage can be very much
increased, which, however, involves a lowering of
the strength of the glass.

3) Thermal properties

The heat conduction in sintered glass shows
almost the same variation with p as the electrical
conductivity (see formula 1). The heat conductivity
of powder glass is thus somewhat less than that of
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clear glass of the same composition. It is sometimes
necessary to take special precautions in fusing
because of this fact.

The coefficient of expansion of powder glass is
the same as that of normal glass; the coefficient
of expansion is not changed by the presence of air
bubbles, which is a result of the well-known fact
that a hollow body expands as if it were massive.

4) Tensions

Objects built up of more than one different
material with different coefficients of expansion
are not in general free of mechanical tensions at
every temperature. This holds also for the welding
together of two kinds of glass and for the intro-
duction of a metal lead through glass. The occur-
rence of tensions in a glass object often leads to
breakage and therefore methods have been de-
veloped for the checking of this. The tensions make
the glass optically anisotropic and give rise to
phenomena of double refraction, which can for
instance be made visible with a polarization
apparatus.

In this investigation of tensions it has now been
found to the advantage of sintered glass that in
objects manufactured with the help of this glass
fewer mechanical tensions occur than in ordinary
clear glass. This can be demonstrated by fusing
together in pairs discs of different kinds of glass.
When the discs fused together consist of powder
glass smaller tensions appear after cooling than
when the two discs are composed of the corres-
ponding kinds of clear glass.

The explanation of this phenomenon is probably
as follows. Since the solidification is accompanied
by a decrease in volume, tensions will appear in
the glass which are smaller the better the still
soft glass is able to accommodate itself.

Now.this is more easily possible in sintered glass
than in clear glass of the same composition. If
there is a large number of gas bubbles in the glass,
as long as the surrounding glass is still somewhat
soft they can compensate the volume decrease
of the solidifying glass by expanding. This con-
ception is thus based upon the fact that some parts
of the piece of work become solid before the rest. This
phenomenon often plays a part when metal compo-
nents are fused in.

Completely homogeneous objects can also be
made free of tension when normal glass is used by
taking care that they are cooled very slowly.
One of the advantages of sintered glass is that
there is no objection to the cooling taking place
more rapidly.

Applications

One of the chief applications of powder glass is in
lamps and tubes for experimental purposes. How-
ever, it also offers a number of advantages for
other applications which in many cases are impor-
tant. In the following we shall mention several
of them.

1) In tubes with complicated electrode systems

As already mentioned, the glass can be introduced
into the mould in the form of finely divided powder
so that it can easily fill all the small cavities. Com-
plicated pieces of work, such as lamp bases with
very many leading -in wires or with leads very
close to each other can be made of powder glass
without much trouble (see fig. 3). The freedom of
choice in distance between the leads makes it
possible to place them in such positions that the
simplest and most logical assembly of the electrode

Fig. 6. Electrodes of a transmitting valve for short waves
assembled directly on the powder -glass base.

system is achieved. Thus in fig. 6 may be seen the
grid -cathode part of a short-wave transmitting
valve, in which the two electrodes are welded
directly to the leads. These leads form two concen-
tric circles with diameters corresponding to those
of the cathode and grid. Such a construction excels
in simplicity and sturdiness, while the slightness
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of the self-induction of the lead eleMents makes
possible a satisfactory functioning on short waves.
In extreme cases, in order to keep the selfinduction
as low as possible, it is possible to lead the electrode
itself through the glass. Three examples are shown
in fig. 7 (see also fig. 2).

In the left-hand valve there are two electrodes
bent in a U -shape which pass through the glass
base while retaining their cross section. The self-
induction of the lead part is very small here. At the
same time good cooling is hereby obtained. In the
case of the middle valve a shielding plate separating
the two parts of the valve is led through the base.

the mould, and it can be heated to such a high
temperature that even a very hard glass still
becomes sufficiently fluid. It has hereby become
possible to make lamp bases of kinds of glass, such
as the so-called electrolysis -free glass, which could
not formerly be so used and this again has opened
the possibility of constructing new types of valves,
especially in the field of transmitter valves for
decimetre waves.

3) Connecting seals

It is possible to fill the mould with layers of
powdered glass having different properties, and

Fig. 7. Several transmitting valves for very short waves in which the electrodes themselves
are fused into the base.

The right hand valve of fig. 7 contains two leads in
the form of strips which together form a Lecher
system. Experience has shown that with clear
glass and the ordinary pressing technique such
constructions are only made reliable with difficulty.
It is difficult to obtain a satisfactory distribution
of the drops of glass. At the edges of the metal
also the tensions are often too high, so that the
valve cracks at that spot.

In the case of powder glass the first difficulty is
non-existent, while less hindrance is experienced
from the second.

2) Crowded constructions

Such constructions often result in high tempe-
ratures of the glass wall. It is then necessary to have
recourse to glass with a high softening point. Normal
boro-silicate glasses with a softening point of
500-600° C are often too soft or are too poor
insulators at the high operating temperatures,
so that harder glasses must be used. As a
rule these glasses cannot be pressed into narrow
interstices in the ordinary way. Before the
necessary pressure is reached the drop of glass
has cooled off too far. The pressing in of metal
parts directly is even more difficult. Due to
the fact that pressing is unnecessary in powder
technique, high requirements need not be made of

then to fuse the whole. By choosing powdered
glasses of gradually increasing coefficients of
expansion graded seals can be made, i.e. tubular
parts which at one end can be fused to a glass
with a high coefficient of expansion and at the
other to a glass with a low coefficient of expansion.

Another possibility offered is that the base of a
valve which is to contain the vapour of an alkali
metal can be protected by a thin layer of resistant
glass. It is well known that most kinds of glass are
very severely attacked by such vapours. In the
case of glasses containing lead for example such a
strong reduction takes place that the glass turns
black, due to the liberated lead. Now by first
scattering powdered lead glass in the mould and
over it a thin layer of borate glass, a protecting
layer is formed. Borate glass is not attacked; it
cannot, however, be used alone, since the tempe-
rature interval in which softening takes place is
particularly short. A variant on the foregoing
is the use of glasses of different colour, by which
means all kinds of indications can be introduced
on the object.

4) Rapid fusing -in and cooling

Notwithstanding the fact that the conduction
of heat in sintered glass is smaller than in the
corresponding clear glass, it appears in heating
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that with sintered glass without many' precautions
a more equal heating' through the whole object is
obtained. Probably the numerous gas bubbles'present,
in sintered glass ensure °that during the heating
`the radiation of heat is strongly dissipated. One
result of this is that the so-called pre -heating which
precedes the fusing of alamp base to the envelope

r

can take place quite rapidly without cracking'
the tube. It is clear that this is of great importance
in mass production. The annealing also can in most .

cases proceed quite rapidly due to the previously
mentioned great elasticity of the still not completely
solidified powder glass,, so that the occurrence of
large tensions is combated.'-

50 YEARS X-RAYS

- In No'vember 1895 Wilhelm Conr a.d R o n t g e n, professor at the
university of Wiirzburg, made his first observations on X-rays; his
publication is dated December 27th 1895 and entitled: "On a new Kind
of Rays", and it was a communication to the "Wiirzburger medizinisch-
physikalischen. Gesellschaft" '(1895t p. 137-141).

Now, 50 years afterwards, the whole world IS going to commemorate
this important contribution to our present day scientific insight.- and to
our medical and physical instruments.

To look backward on the road achieved during these 50 years is indeed
worth while. There the interaction is'reflected which took place between the'
various developing branches of science and technique, and it is possible
to find there how an amazing, quantity of work has given life to a series of
most important practical applications of X-rays. These are too well known
.to be summed up here, but they engendered, too, a great array of very
elaborate apparatus. The Philips' FactOrIes and Laboratories have also
had their part in this development. Here it may suffice to refer to the
38 publications which appeared in the first seven years of this periodical
on the subjeCt of X-rays and their applications: 9 of these articles dealt
with X-ray tubes and 'X-ray apparatus; 21 on applications and 8 on
the methods used in these applications. In this number, too, with which the

'Philips Technical Review re-enters the world, after the forced interruption
during the German occupation, the reader will find a description of an
X-ray apparatus which in many respects is representative of the' ideas
and methods which has4'e developed in the domain of X-rays.

In the /1946 volume of this journal we' hope to find from our X-ray
Department still more contributions on the development of special tubes,
apparatus and methodS. of ~ research. Thus the great discovery of

- W. C. R öntgen 50 years ago will be given worthy commemoration.
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'AN. X-RAY APPARATUS FOR CONTACT THERAPY

by H. A. G. HAZEU, J. M. LEDEBOER and J. H. V. d. TUUK. 261,386.1: 615,849

In the X-ray treatment of tumours on the surface of the skin it is desirable, in order to
spare the underlying healthy tissue, that the radiation intensity should decrease rapidly
With increasing depth below the skin. In order to realize this it is necessary -that the distance
between the source of X-rays and the skin should not be too large (often there exists
immediate contact between X-ray tube and the skin, hence the name contact
therapy) and the X-ray tube should possess only a slight "own 'filter'. In order to
satisfy these and other requirements connected with medical practice, the tube of the
Philips contact therapy apparatus is so constructed that the X-radiation leaves the tube
through an opening in the earthed cathOde. This construction is described in detail in the
following paper; it permits an irradiation from a distance of 18 mm of the focus with a
filter equivalent to only 0.2 mm of aluminium. The tube is fed with 50 kv DC voltage at a
current of 2 mA and possesses forced air cooling. The X-ray intensity on the skin is so high
that an irradiation time of a few minutes is usually sufficient. This type of therapy is
thereby made accessible to a much wider circle of patients than is possible with radium
treatment.

Depth therapy and surface therapy

The treatment of tumours with radium or X-rays
depends upon the fact that the affected tissue is
attacked by these rays and if a sufficient dose
is administered thin tissue will . die off. However,
the healthy tissue around the tumour is, also
more or less exposed to the X-rays and attacked
by them. If this impairment is too severe, the healing
of the diseased tissue can' be retarded or even pre-
vented. The aim of the doctor, therefore, must be to
make the ratio of the radiation dosage on the healthy
tissue to that on the diseased tissue as small as
possible. The' measures to be taken for this purpose
are quite different according as the diseased tissue
lies deep below the surface of the skin or is situated
only slightly below or on, the surface of the skin.

Let us first consider the first case of "depth
therapy". Since the intensity of the X-rays de-
creases with the square of the distance from their
source, and, moreover, since the rays suffer an
attenuation in the tissue, the intensity will be
smaller at some depth than on the skin. The dosage
has a certain depth gradient, see fig. Ia. In depth
therapy, therefore, the diseased tissue always re-
ceives a smaller dose than the healthy one at the
surface. The fact that a healing effect can never-
theless be obtained is due to the fact that the diseased
tissue is sometimes more severely attacked than

' the healthy tissue by the same dose. In fig. la
the relative positions are indicated of the dose
required for killing the diseased tissue and the dose
permissible with the object of sparing the
healthy tissue., It may be seen that with these
relative positions therapy is possible, but only
when the radiation does not .have too great a
depth gradient. In depth therapy, therefore, the

. smallest possible depth gradient of the radiation is
desirable.

The situation is quite different in the case of
tumours on the surface of the skin, i.e. in "surface
therapy". In this case the healthy tissue, which will
also be exposed upon irradiation, lies for the most
part under the diseased tissue, the positions being
thus reversed. This 'case is naturally more favour-.
able for radiation therapy, since here the diseased
tissue always receives a larger dose than the healthy
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Fig. la) In depth therapy the dose of X-rays administered on
the surface of .the skin where the tissue is healthy may not
exceed a value Ds, while at a depth do under the skin, where the
diseased tissue is situated, it must attain at least a value D;
The  sinallest possible depth gradient of X-ray intensity is
required. ,

b) In surface therapy a minimum value .13, is required on the
surface and a maximum value Da at the depth do. Here a
steep depth gradient is favourable, for instance one according
to curves 2 or 3, which are much steeper than the broken line
curve 1 representing the curve of fig. la. ,

d.

tissue. If we now indicate the required minimum
dose on the diseased and the maximum permissible
dose on the healthy tissue (fig. lb) it is clear that
in principle any depth gradient of the dose can
be used. In order, however, to spare the healthy
tissue' as much as possible, it is clear that a fairly
steep depth. gradient is preferable, while one'

a
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also has the' possibility  of administring . a larger -
dose on the diseased tissue.

. How is it now possible to realize the desired slight
or -steep depth gradient, as the case may be? The

. gradient is characterized by comparing the intensity
of radiation at the surface of the skin /h with the
intensity Id at a depth d under the skin. If a is the
distance front the source of X-rays (focus of the
tube) to the skin and the coefficient of attenua-
tion of the tissue for the rays, the 'square law gives

/d . a2 -0 . .

-rh (a+d)2
8 (1)

This "depth quotient", which is a measure of the
depth gradient, becomes large (i.e. approaches
the value unity) when a is large compared with d
and if i. is small. In depth therapy, therefore,
the X-ray 'tube will be set up at some distance from
the patient (30 to 100 cm) and hard radiation
(short wave length) will be used, as it is only slightly.
attenuated in the tissue. 'This means high tube
voltages 1) practically usually 200 kV, sometimes
up tn .1000 kV --- and the employment of a heavy
metal filter to suppress the soft parts of the mixture
of radiation emitted from the focus. In order to
obtain the desired dose in the tumour without too
long an exposure time in spite of the great distance
and the loss of radiation in the heavy filter, a high
tube power (1-4 kV) is needed.

In the case of surface therapy, where the object
is a low depth quotient roll; , exactly the opposite
measures mus the taken: the distance a between
focus and skin will be made as small as possible
and radiation, will be used which is subject to great,
attenuation in the tissue, thus s oft radiation (low
tube voltage, approximately 50 kV) without more
filtering than is inevitable due to the passage of the
radiation through the wall of the tube (so-called
own filter of the tube).

Apart from the fundamentally more favourable
situation in surface therapy compared with depth
therapy, there is also the extra advantage that,
thanks to the small distance from focus to object
and the -Weak filtering, only a low tube power is
necessary for the required dosage. The X-ray tube
may therefore be small and easily adjustable, the
whole apparatus may, also because of the ralative
low tube voltage, be light, even portable, while in

1) See: Philips techn. Rev. 4, 161, 1939. It should also be
noted that until now it has not been determined whether
the, healing effect for tumours is fundainentally different
for X-rays of different waveplengths corresponding to tube
voltages between 50 and 1000 kV. The choice of wave
length can therefore, apart from technidal considerations,
be determined 'primarily by the desired depth gradient.

addition very short exposure times are, sufficient.
These favourable aspects of surface therapy, or

"contact therapy" as it is 'often called, the X-ray
tube being in immediate contact with the, patient's 
skin,' have contributed much to the adoption of
the X-ray treatment of skin diseases and surface
tumours.

In the following description of the Philips CT
apparatus, which has been specially developed for
this therapy (CT), we shall enter into more detail
about some of the aspects of this therapy 4.).

Construction of the X-riy tube

From the above it follows that an X-ray tube
for contact therapy must fulfil the following
requirements:
1) The distance from the focus to the window

must be very short in order to make it possible
to plaice the focus close to the skin.

2) The filter of the tube must be small, which
means  that the window of the tube at the
spot where the rays pass through the tube wall
must be very thin and made of a light material
(low absorption).

In addition to these there are several practical
requirements which emerge from the desire to be
able to apply contact therapy to' tumours and

- -

diseases of the. mucous membrane in cavities
of the body, such as the mouth, , throat, etc.
For this purpose the focus' should be close to the
end of the tube and this end, should be small
enough to be introduced into such cavities. At the
same time it is usually desirable that the radiation
should be emitted in a forward direction (not
lateral,. as is customary)..

The requirement of a thin tube with the focus
at the end also holds in the employment of X-rays
for the testing of material, when tubular casts
and the like are examined. For this purpose X-ray
tubes have been constructed with a hollow, earthed
anode' projecting from the tube and shaped like a
funnel 2), see fig. 2. For our purpose, ho'wever,
this construction has the disadvantage that the

, second requirement mentioned,  small own filter,
cannot easily be satisfied.' The' rays, which are
emitted in the direction of the length of the tube,
must pass through the anode plate upon which the
focus (lozenge) is situated. For the sake of high
efficiency the lozenge must consist of a heavy metal,
usually tungsten; this metal, however, also has a high
absorption, especially for the soft rays. Moreover,

2) Cf: Philips techn. Rev.'5, 69, 1940 (fig. 6). For a contact
therapy tube of this kind see H. W. Ernst, K. Frik and -
P. Ott, Strahlentherapie 52, 369, 1935.
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the anode plate must not be very thin, since it
must be resistant to the strong heat transfer by the
current of electrons and must also be vacuum tight.
In this *ay a heavy own filter is obtained and in
consequence ,a much harder and less intense radia- .
tion than is desirable.

uG
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Fig. 2. Construction of an' X-ray tube with earthed anode
projection. The electrons emitted from the filament G move
through the earthed hollow anode A and impinge upon the
copper plate P. The upper layer of this plate, the lozenge,
upon which the focus F is formed, consists of tungsten. The
X-rays emitted by P must pass through the anode plate P to
reach the surface to be irradiated H.

Of course these two objections can be partially
compensated by making the distance between focui
and skin very small. When the distance is small
enough (several mm) it is possible to work with
both hard and soft radiations, as is indeed the case
with radium irradiation, since then, due to the
dominance of the factor a2/(a+d)2 in equation
(1), a very steep depth gradient is nevertheless
obtained. Working with such small distances .has
in turn, however, other objections. In the first
place very small variations in the distance then
have immediately a great influence on the intensity
on the skin, so that dosage is made difficult. EsiTe-
cially, however, at such small distances it is neces-
sary to use very large angles of divergence of the
beam of the X-rays. The peripheral rays of the
beam then pass through the anode plate obliquely,
as may be seen in fig. 2, and are thus more atten-
uated than the rays along the axis; and, moreover,
they must cover a greater distance to reach the
skin. The result is a very non -uniform distribution'
of the intensity on the field irradiated, a
phenomenon -which meets strong objections from
the doctor. The , doctor, on the contrary, for the
sake of easy and reliable dosage, requires the most
uniform distribution possible.

In this laboratory an entirely different construe--

tion has been worked out, in which the own filter
of the tube could be very much restricted 13). The
cathode is here' earthed and the X-rays emitted
by the anode pass through the opening in
ring -shaped anode.

In fig. 3, which shows a ,cliagram of the end of the
tube, this construction may be seen. The filament
G, led through with one pole connected and the
other insulated is fastened in the earthed metal
cathode can K. By means of the ring D the elec-
trons emitted from, the filament are focussed on the
massive tungsten anode, which has a positive
voltage of 50 kV with respect to the cathode: The
X-rays excited on the anode pass out of the tube
through a glass window behind the filament and
fused into the cathode can. It is of importance here
that practically cathode potential prevails over the
whole space occupied by the window. There is thus
no danger that secondary electrons freed on the

H anode will bombard the window, which therefore
may be large and thin.

Surrounding the tube is an earthed metal
jacket 0, which is closed at the spot where the rays
emerge by a thin cap of "Philite" in order to provide
mechanical protection of the thin window.. This
cap can be placed directly against the skin surface
to be treated, so that due to the very short distance
between focus and skin a very steep depth gradient
is obtained. The minimum distance between focus
and skin amounts to 18 mm, while the X-rays
need pass through no other filter than the glass
window and the "Philite" cap; the combined filter

0// /////// //// // /////////// ////////////Y//////
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Fig. 3. Construction of the X-ray tube of the Philips CT
apparatus for contact therapy. K earthed cathode can, G
filament, D focussing ring, A anode, F focus, V window,
I insulated connection between cathode can and anode holder,
0 jacket, P "Philite" cap.

effect of these is equivalent to 0.2 mm of alu-
minium. For the sake of comparison it may be
mentioned that the own filter of other tubes for the .

same voltage is at least 1 mm of aluminium,-

3) C f : J. H. van der Trunk and G. J. van der Pliiats,
.. Ned. T. Geneesk. 79, 4025,1935 and J. H. van der Tuuk,

Ned. T. Natuurk. 3, 129,1936.
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In fig. 4 the variation of the intensity.as a function
of the depth beneath the skin is shown as measured 4)
upon irradiation with the tube described. It may
be :seen that, using the smallest possible distance
(curve 1 for a distance of 2 cm), a very steep
depth gradient is obtained: at a depth of 1 cm
under the skin the intensity has already fallen to 22
Rercent of that on the surface.

It must be remarked that there is still some dif-
ference of opinion in medical circles as to what is
practically the most suitable value for the depth
gradient 6). It will- indeed depend more ors ess on
the individual case., In some cases, therefore, a less
steep gFadient will be preferred. This can be obtained
in a simple way by slightly increasing the distance
from focus to skin or_ by introducing an extra
filter for the rays. Curves 2 to 6 in 'fig. 4 show
the different forms of intensity giadient under
the skin which can be realized by these means.
In the case of curve 6 (4 cm distance and filter
of 2.7 mm of aluminium) the intensity at 1 cm
depth still amounts to 49 peicent of that on the
surfa.ce. 
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Fig. 4. Measured depth gradient of the tube of fig.- 3 with
50 kV voltage. Intensity I in percent as a function of the depth
d in cm.

The field distribution is very homogeneous with
this tube, as is shown in fig. 5, where so-called

4) Cf. for extensive results: G. J. van der Plaats, diss.
Utrecht 1938. Compare too L. F. Lamerton, Brit. J.
Rad. 13; 136, 1940.

5) ,Cf. for example: W. Schafer and E. Witte, Strahlen-
therapie 33, 578, 1929; W. Chaoul and A. Adam,
Strahlentherapie 48, 31;1933; G. .J. van

and,
Plaats,

Theses, Utrecht, 1938; cf. also footnote 6): D. den Hoed,
Acta Rad.. 19, 239,1938 J. M. Woodburn -Morison, Medical
World 12; 231, 1933, P. A. Flood and D. W. Smithers,
Brit. Jr Rad. 12, 462,,1939. Sven Hultberg, Acta Rad.
24, 328, 1943.

isodose curves are drawn. These are lines connecting
all points receiving the same dose. The ,field irra
diated is here limited by a metal cap to a circle of
.10 mm diameter. The dose over the whole skin
surface exposed is practically uniform. At . the
same time the rapid decrease in the dose with
depth and the sharp bounding at the sides may be
seen from the figure. This bounding, also an impor-
tant requirement 'of the 'doctor, is obtained by
using a small focus. With a laige focus only the -
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Fig. 5. Isodose curves obtained upon irradiation with the tube
of fig. 3; The field irradiated 'on the skin is limited to a dia-
meter of 10 mm by means of a metal cone with an opening.

 field on the surface of the .skin would be sharply
limited by the metal cap, but the edge of the cap
would cast a half -shadow, owing to which at some
depth the lateral limitation of the field, would no
longer be sharp.

The jacket of the tube . -

,In fig. 6 a sketch is, shown of a simplified cross
section through -the complete tube with jacket.
(As may clearly, be seen from the photographs of
figs. 7, 8 and 9 the tube is relatively still much
thinner). -The anode A on a long stem is supported
by an'anode holder H, which is insulated from the
cathode K by a glass joint I. Between the tube and
the earthed metal jacket 0, "which completely
protects doctor and patient from the high voltage,
a conical insulating tube of ebonite E is introduced.
This made it possible to limit the diameter -of the
whole to about 50 mm (in the middle)., The external
diameter 2 r2 of the ebonite, tube near the anode
holder is 48 mm, whilst theanode holder itself has a
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diameter 2r1 = 22 mm and is at a voltage Vof 50 kV.
The greatest field strength in the ebonite (namely
on the inner wall) is then °)

V
E --- 58 kV/cm, .... (2)

2.3 rl lg r2/r,

which is still far below the maximum permissible
field strength in ebonite (150 kV/cm). Without
the ebonite the diameter of the jacket would, as

heat capacity of 0.285 cal. per litre and per degree
centigrade and the air passing through when the
tube is in continuous use takes up 100 W sec = 24
cal, the temperature of the air rises 24/(2.4 x
0.285) = 35° above room temperature. The extremity
of the tube does not therefore, become uncomfortably
hot even after long use.

The method of cooling just described makes
an air gap necessary between the anode holder and

42J72

Fig. 6. Cross-section of the X-ray tube with jacket. From the photographs of figs. 7, 8
and 9 it may clearly be seen that the tube is actually very much thinner. K cathode can,
A anode, H adode holder, I glass joint, 0 jacket with "Philite" cap P, E insulating tube
Of ebonite, V high -voltage cable, S plug, G rubber tube, L air inlet, R ring with holes for
escape of air, M metal cone for accurate placing of tube on the skin.

can be calculated with formula (2), have to amount
to at least 2r2 = 112 mm, in order to limit the field
strength on the anode holder to the maximum
permissible value for air of 28 kV/cm.

During use a power of about 100 W is dissipated
on the heated anode (tube voltage = 50 kV DC
voltage, tube current = 2 mA). The anode gives
off the heat developed by radiation to the cathode
can. If this can had in turn to get rid of the heat by
radiation towards the outside, it, and with it the
whole extremity of the tube, would become much
too hot, so that it would not be possible to place
the tube directly against the surface of the skin
or in a cavity of the body. It was therefore neces-
sary to provide an intensive cooling. For the sake
of simplicity in construction and ease in mani-
pulation of the tube, air cooling was chosen. In
the cabinet for the high -voltage generator a fan is
mounted. A rubber tube surrounds the cable,
which supplies the high voltage to the tube, and the
fan blows air through the space between cable and
rubber tube. As may be seen in fig. 6, the air flows
between the tube and the ebonite insulation can,
along the cathode can and back along the outside
of the insulator can, to pass through holes in the
ring to the outside. In this way the patient
experiences no inconvenience from the current of
air. The amount of air blown through the tube
amounts to 2.4 liters per second. Since air has a

6) See for example: Philips techn. Rev. 6, 270, 1941.Weassume
that we are here concerned with the case of two concentric
cylinders with a homogeneous dielectric, and we shall
later deal with more complex dielectrics.

the ebonite insulator. Due to the fact that ebonite
has a dielectric constant of 3, the field strength in
this air gap is three times as high as in the adjacent
ebonite 7), thus a field strength which, according to
the above mentioned values, is certainly many
times greater than the breakdown strength in air.
It may therefore appear remarkable that in this
case no account is taken of the customary require-
ment that the breakdown field strength may not
be exceeded at any point. Thanks to the presence

Fig. 7. The tube in its jacket. The whole is 50 cm long and
weighs 2.5 kg; it can easily be held in one hand by the handle.

of the ebonite no complete breakdown can occur;
moreover, the ionized air is continually replaced
by the cooling air current.

Fig. 7 is a photograph of the tube in its jacket.
The tube can easily be held with one hand, so that
the treatment can also be by hand ( fig. 8).
This method has the advantage that during the

7) See for instance the article cited in 6).
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Fig. 8. The apparatus for contact therapy during treatment.

irradiation the tube follows the slight movements
of the patient. The placing and adjusting of the
tube is usually as follows; A metal cone (M in
fig. 6) with an opening which is determined by the
part to be irradiated is placed upon the spot to be
treated. When the opening is exactly over the desired
spot the doctor inserts the tube into the cone,
which is held in position by the pressure of the
tube, and the irradiation can be begun.

Instead of holding the tube in the hand it
can also be mounted in a universally moveable
arm fastened to the high -voltage generator,
see fig. 9.

The tube supply

The tube is fed with direct current voltage,
according to a scheme the principle of which is
shown in fig. 10. It is desirable to use DC voltage

-ffirth-u-1

of opposing the high -voltage in the negative phase is
now, as it were, passed on from the X-ray tube
to the rectifier valve. The construction of the jacket
with the glow discharges in the air gap might also
be dangerous with AC voltage 9).

For the avoidance of flashover a pulsating DC
voltage would, in principle, also be sufficient, such
as is obtained with the well known and often used
Villa rd connections, see fig. lla. As may be
seen upon comparison with fig. 11b, in the
V illa rd connections transformer, condenser and
valve are subjected to only half as high voltages
as in the case of a connection for slightly rippled
DC voltage with the same peak voltage. The latter,

Fig. 9. The cabinet, containing the high -voltage generator and,
above it, all the control and regulation elements, bears a
universally moveable arm into which the X-ray tube can
be fastened.

Th
4^ ;\^!`_ Ts,/

42376

Fig. 10. Diagram showing the principle of the feeding of the tube. The high -voltage
part is indicated by heavy lines. B X-ray tube, Th high -voltage transformer, V rectifier
valve, C tondenser, Ts and To filament current transformers, Tr. regulator transformer
for correction of mains voltage.

especially because of the danger of flashover as a
result of electron emission caused by the heating
of the hot anode when the voltage across the tube
is reversed 8). By the rectification the function

8) See: Philips techn. Rev. 6, 309, 1941.

however, offers the advantage that all the electrons
attain the maximum velocity. With equal power,
thus at a given capacity of the cooling, this is

9) Compare the analogous situation in the case of gas -filled
cavities in the dielectric of paper condensers: Philips
techn. Rev. 4, 254, 1939.
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manifested directly in a shortening of the necessary
times of irradiation. In addition there is also the
fact that, thanks to the low power required and the
relatively low voltage, the economy possible with
the Villard connections is not of much importance
here. The whole generator, which is housed in the
cabinet shown in. fig. 9, weighs only 20 kg.

b)

t
42177

Fig. 11a) Villard connections.
h) Connections for obtaining much less strongly pulsating
DC voltage, At the same peak value E of the voltage obtained,
all the elements of the connections a can be constructed for
a voltage only half as high as those of b.

Above the generator in the same cabinet are also
housed all the switching and regulatory elements.
Compared with various installations previously
described, these include only one interesting feature
which we, shall discuss in some detail, namely
an automatic regulation of the tube current. For
satisfactory dosing it is necessary that the previously
chosen tube' current should be accurately main-
tained from the beginning to the end of a treatment.
Now there are various circumstances which may
have an unfavourable effect on the constancy of the
tube current. In the first place there are always
certain fluctuations of the mains voltage and conse-
quently of the filament current of the tube. The
electron emission depends so closely on the filament
temperature that a mains voltage variation results
in a ten percent 'greater variation of the tube
current. This difficulty could be met, by employing
a stabilizer for the filament current, as is for example
done in certain X-ray apparatus for diagnosis, where
constant tube currents are likewise required"). In our
case this method does not lead to the degired result
because the relation between the filament current
and the electron' emission is not fixed to the same
degree as in the apparatus for diagnosis mentioned
above. This is due chiefly to the small distance
between anode and filament: after switching on, the

1°) Philips tpchn. Rev. 6, 12, 1941.

anode gradually heats up and heats the cathode by
radiation, so that the emission increases even when
the filament current is constant. The resulting ,

increase in the tube current during the first few
minutes after switching on is particularly unpleas-
ant, since during the treatment, which should
proceed smoothly and be finished within a few
minutes (sometimes even within 10 sec.), instead
of being able to devote his whole attention to the
patient, the doctor would be compelled continually
to regulate the tube current. -

Now in order to eliminate all the causes of tube
current variations simultaneously, a filament vol- .
tage regulator is employed which is governed by
the tube current itself. Fig. 12 shows the principle ,

of the regulator.. The filament current of the X-ray
tube .6 is supplied by the transformer T1, which in
turn is fed by the transformer T2 over the resis-
tance R1. In this resistance an extra voltage loss is
caused by the current in the relay tube L. An in-
crease in the average current through L will
therefore 'cause a decrease in the average filament
current. Now when we assume the potentiometer'"
P to be, in the position indicated by the dotted
line, the voltage over the resistance R3 acts on the
grid of L'. This voltage, which is smoothed by the
condenser,q, is proportional to the current through
the X-ray tube. When the tube current increases
the 'grid voltage of L becomes more positive,. the
moment of ignition of this tube in each period of

T2

02170

Fig. 12. Simplified scheme of the regulator for automatically
keeping the tube current constant. See the description in the
text of the article.

the AC voltage supplied by T2. is advanced, the
average current through the relay tube rises and
the result is a fall in the filament current of the
X-ray tube, so that the increase of the tube current
is . compensated. The regulatory mechanism thus
tends to maintain the nominal tube current.
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 The nominal tube current can  be determined
with the potentiometer P. With this potentiometer
a variable part of the fixed DC voltage over R2

(obtained by rectification of the AC voltage acting
on S by the rectifier valve G and smoothing by C2)
can be subtracted from the bias on R3C3. The grid
of the relay tube then becomes less positive With
the same tube current and the mechanism only
reaches on equilibrium at a higher tube current.

mA
6
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3

2

1

a

b

90 95 100 105 110% V
42,779

Fig. 13. Change of the tube current in mA. upon fluctuations
of the mains voltage expressed in percent. Curve a without
regulator, curve b with regulator.

The effect of the regulatory arrangement can be
seen in fig. 13, where the tube current is drawn
as a function of the mains voltage. Without regu-
lator the current set at 2 in,A varies between 0.55
and 5 mA with approximately 10 percent variation
of the mains voltage, i.e. between 28 percent and
250 percent of the nominal value; with the regulator
the current remains between 1.6 and 2.4 mA, i.e.
between pc, and 120 percent of the nominal value.
The decrease in the effect upon heating -up is not
made evident in this graph, but experiments have
shown that this effect is practically inappreciable
with the current regulator.

Practical application of the apparatus

We have already pointed out that due to the
small distance between focus and skin very high

radiation intensities can be obtained. With 50 kV
tube voltage and 2 mA tube current the intensity
at the 'surface of the "Philite" cap amounts to not
less than 7000-8000 röntgen per minute., For the
sake of comparison it may be mentioned that in
fluorscopy of the lungs of a patient receives a dose of
abour 2 r, that the dose necessary to cause an
erytheme amounts to about 600 r, while 0.2 r
is the tolerance dose, i.e. the dose which the operator
of X-ray installations may receive daily without
harm in'the long run. For the therapeutic treatment
of tilmours of the skin total doses of, for instance,
3000 to 20,000 r are, required. Thus a total time of -
irradiation of not- more than several minutes is
usually sufficient. This makes it possible, if desired,
to "burn out" the tumour in one treatment (so-

called X-ray caustic of van der Plaats). But
also when for certain reasons it is not desirable
to administer the total dose in a single treatment,
it is in any case possible to treat the patient without
hospitalization. This is in contrast ,to a radium
treatment where the normal radiation- intensity
is about a thousand times smaller, so that the
irradiation occupies several days. This great
advantage has already contributed to the appli-
cation of X-riy treatment to a much larger circle
of patients. It does not, however, mean that radium
treatment can be replaced, by contact therapy in
all" cases. The choice between the two methods of
treatment will often be decided by the doctor
according to the ease of application in a given case.

At the beginning we showed that surface therapy,
and especially contact therapy, is in a much more
favourable position than depth therapy. The per-
centage of cures with contact therapy is very
high, and in cases where there is a free choice
between the two methods, namely in the case of '

tumours in cavities of the body, preference will
usually be given to contact therapy. It is perhaps
possible that in .a. not too distant future methods
will be developed to make more deeply lying
tumours accessible for the method`of contact therapy --
with the help of operational technique.
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THE MEASUREMENT OF IMPEDANCES PARTICULARLY
ON DECIMETRE WAVES

by J. M. vane HOFWEEGEN.

Several, methods are discussed by which impedances can be measured at radio frequencies.
At wave lengths above 1 metre it is customary to connect the impedance to be
measured in parallel with an oscillation circuit and to calculate the required impedance
from the detuhing and damping influence experienced by the circuit. On"decimetre waves
a Lecher system is used as o'scillation circuit. This article describes the manner in
which this method has been worked out in the Philips Laboratory. As measuring
instrument for the high -frequency voltage a diode voltmeter needing only relative
calibration is used.

Intr?duction

With the increasing use of high frequencies
in radio technology and television, namely waves
of from several metres to a few decimetres, the
necessity is more and more felt of having at one's
disposal. methods of measuring the impedances
present at such frequencies. As one important field
Of application for such methods of measurement
we may, for example, mention the measurement
of th9 input and output impedances of amplifier
valves, which impedances are very important
for the use of those valves. A second important
application is the measurement of the impedance
of leakage  resistances; at  high frequencies the
impedance of such resistances may deviate con-
siderably from the D.C. resistance, due to skin
effect and parasitic capacities and self -inductions.
For use in a circuit a knowledge of the correct
resistance value at the frequencies used is very
important.

The characterization of impedance

The importance of a circuit or of an element in a
circuit may be characterized in different ways;
the simplest way is by the determination of the
absolute value of the ratio between terminal voltage
and terminal current and of the phase shift be-
tween these two quantities. Another manner,
which often offers advantages for obtaining a clear
insight, and which is therefore very commonly
used in high -frequency technique, is the indication
of an equivalent parallel or series connection of
two elements, one of which is a pure resistance
and the other a loss -free reactance. Thus for
example the input impedance of a radio valve is
often 'indicated by an equivalent connection in
parallel of a resistance and a capacity, the resis-
tance in particular depending closely upon the
frequency. In measuring an impedance in high-

1) See for ,instance Philips techn. Rev. 3, 357, 1940

621.317.33.029.63

frequency technique it generally suffices, in fact,
to determine the two elements of , this parallel
connection.

Befae discussing the measurement of impedances
on decimetre' waves, we shall first deal with the
methods of measurement which are customary in
the case of long waves. "

Measurements of impedance at wave lengths
greater thanabout 1 metre

The methods by which it is customary to measure
an impedance at low frequencies "(from current

4'"Q.

Fig. la) Diagram showing the principle of the method by
which impedances can be determined at wave lengths above
1 metre. E is a source of high -frequency voltage. The coil L
with resistance r and the calibrated variable condenser C
form an oscillation circuit. M is a measuring' instrument
for determining the high -frequency voltage on this circuit.
Rx and Cx characterize the impedance. Z. to be measured.

b) The high -frequency voltage em read off on M as a function
of the capacity/ C. A without Zx; B with Z..
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and voltage with a Wheatstorie bridge or more
complicated bridge :connections), cannot be used -
at radio frequencies without, very special pre-
cautions. The chief reason for this is that due, to the

_ inevitable parasitic capacities and self -inductions
in the connections it is never entirely certain
whether the same current flows in two compo-
nents connected in series, while also the presence of
the same 'voltage between the terminals of two
components connected in parallel is by any means not
always assured. It is therefore customary to mea-
sure an impedance at high frequencies from the
detuning and damping effect which that im-
pedance exerts on an oscillation circuit. The prin-
ciple of the connections used to do this is repre-
sented in fig. la. The/ oscillation circuit consists
,of a coil with the self-induction L and the resistance
r and in parallel to it a calibrated variable con-
denser C. The circuit is coupled with the source of
high -frequency voltage e, for example via a con-
denser Ck, while the voltage measuring instru-
ment M, to which we shall revert later, is connected
in parallel with the circuit. At the same time
the, impedarice Zx to be measured, which is for
instance characterized -by Rx and Cx, can be
connected in parallel with the circuit.

The measurement' is now performed as follows.
The circuit (without Zx) is first tuned to the fre-
quency of the source of high -frequency voltage.
The voltage read off on M, e1 (see fig. lb) is then
a maximum. The condenser C is then increased and
reduced, in both cases in such a way that the vol-
tage on the circuit becomes smaller by, a factor
1/2 with respect to If the difference in capacity
read off on C in both these cases is equal to zlC,
the following relation exists between AC and the
resonance resistance Rk of the circuit:

2
Ric,-

- co e
where w is the angular frequency of the high-

frequency voltage applied to the circuit.
The impedance to be measured is then *connected

in parallel with the circuit. The condenser C must
then be reduced in order to bring the circuit ,into
tuning again. The amount by which C must be
reduced is equal to, Cx 4). After the connection of

(1)

2) The capacity of the circuit is then formed by C C,.-
3) A different factor can also be chosen. The formula for Rh,

however, does not then assume the. simple form re-
presented by (1).-

4) When the impedance to be measured may be represented
by a connection in parallel of a resistance Rx and as.

self-induction Lx, C must be increased by an amount
1

(.02Lx*

Zx and the retuning of the circuit; the voltage on the
circuit e2 'is smaller than it was when the circuit
was tuned to the measuring frequency without'
Zx, since the resonance resistance now consists
of the connection in parallel of Rk and Rx. By
means of a simple calculation it can be shown that
e1 and e2 are in the same ratio as the resonance
resistances, thus:

ei:e2 = Rk
Rk + Rx'
Rk Rx

e2 Rx :

Rx can now Be calculated from (I) and (2).
The following is a variation of this method of

measurement. After the connection of Zx and the-,
retuning of the circuit, C is again increased and
reduced, this time by such an amount that the
voltage on the circuit with respect to e2 becomes

(2)

smaller by a factor ' If a total 'variation of
capacity ZIT is necessary for this (see fig: lb), the
connection in parallel of Rk'laiad. Rx is given by the
relation

Rk Rx co A' C'

It finally follows from (1) and (3) that

co (A'C-AC)'

The first method described here, the one in
which the resonance resistance after the. connec-
tion of Zx is found from the height of the peak of
the resonance curve, is especially suitable for
measuring impedances where the resistance conipO-
Tient Rx is larger than the 'Circuit resonance resis-
tance R1.,: Due to- the .connection of Zx and the
retuning of the circuit, the resonance' resistance -

of the whole then undergoes only ,a relatively
small change and e2 is not much smaller than e.
The high -frequency voltage 'supplied by the source
of voltage can now be chosen so high that this small'
variation' in voltage can be- read off with a, wide

'deviation of the voltmeter M. If the second method
is applied, where the resonance resistance after the
connection of Zx is determiiled by the detuning of
the circuit, then according to (4) the change must
be measured which is experienced by AC through
the connection of Zx. Since A C is quite small as a
rule, a small variation in its value can only be
determined with less accurac) .

If on the other hand Rx is so: small compared
with Rig' that e2 is considerably smaller than 'e1,

(3)

Rx -



18 PHILIPS- TECHNICAL REVIEW

the last-mentioned method is to be recommended.
Since by this method it is not necessary to compare
e2 with, el, by increasing the voltage supplied
by the source of voltage provision can be made for
reading off e2 also at a wide swing of the
measuring instrument M. Since in this case the
.difference between AC and LIT will be fairly
large, the objection to this method raised in the
preceding paragraph is met:

Since, as mentioned above, it is often necessary
to .be able to read off accurately very small values
of L1C or SC, while a rather large variation of C
is often necessary for the measurement of Cx,
in practice, instead of a single variable condenser,
a connection in parallel of tm o calibrated' variable
condensers is generally used, namely a small one
for the determination of d C and if necessary 'C,
and a large one for measuring C. It must further be
pointed out that the absolute value of the .circuit
capacity is of no importance for the measurement,
so that the capacity of wiring and the like plays
'no part. For this reason also it is not necessary
to make Ck especially small. Ck,may, be considered
as forming a part of the total circuit capacity.
A large value of Ck -will therefore not influence
the accuracy of the measurement in the first
instance. It must, however, be taken into account
that with a large value of Ck the circuit is often
strongly damped by the internal resistance of the
voltage source. The result of this is a -small value
of Rk, which makes the determination of a large Rx
inaccurate.

The method of measurement described is only
possible due to the fact that a good variable con-
denser is practically loss -free at the frequencies in
question, so that a variation of C does not affect
the losses of the circuit. The use of a variable
condenser which cannot  be considered' loss -free

,leads to incorrect results.

According to the principle described here impedances can
be measured where the resistance compontent RR is of the same
order of magnitude as the resonance resistance of the oscil-
lation circuit used (for instance from 20 Rk to 1/20 Rh).

Mei it is desired to measure a very small impedance,
such as for example the impedance of a short metal wire,
an oscillation circuit must thus be constructed with a very
small resonance resistance. This would necessitate the use

"of"a very large variable condenser (the resonance resistance
is given- by L/rC). Since in addition to the requirements of
accuracy and freedom from losses this condenser is also bound
to maximum dimensions (see later) especially at wave lengths
below 10 meters, a lower limit is thereby set to the value of
Rx which can be measured by this method. Very small impe-
dances can, however, be measured by a similar method. They
are then not connected in parallel with the oscillation circuit,
but in series with the circuit coil. The formulae to be applied

in this case are less simple than those given above. In order
to work theni out a knowledge is required .of the absolute
value of the capacity C (or oPthe self-induction L).

 In practice the method described can be applied
for wave lengths of up' to 1 metre, not already
at wave lengths of several meters ceitain precau-
tions are necessary in order to avoid systematic
errors in measurement. Special attention should
be paid to keeping the connections' between the
various components very short in order to prevent
the self-induction of the connecting wires from
causing incorrect results. Where for inechaniCal
reasons a connection cannot be made short enough,
it may be necessary to compensate the self-induction
of the connecting wire by connecting a capacity,
in series with the wire in question. Thus in fig. 2

Fig., 2. The self -inductions Li, of 'the connecting wires of the .

impedance to be measured can be compensated by capacities
Cv. See the text under fig. 1 forthe meaning of the other
symbols.

it is indicated how the self-induction Li, of the
connections between the impedance to be measured
and the circuit can be compensated by capacities

which, are in series resonance with 5), so
that the following holds: coLi, = 1.1(oCy.' .

'Another objection which often arises is, that the
calibration of the condenser C, which his usually
been carried out at a low frequency, no longer 
'correct at the high frequency at which the measure-
ment is made, owing to the self-induction of the
connecting wires. In these connections also, there-
fore, capacities should be included in this case:
Furthermore the diniensions of the condenser C
should be kept small, since otherwise the self-'
induction of the fixed and rotating plates may cause
the above -mentioned, difficulty. Since in this case
the self-induction depends -upon the size of C,
cannot be eliminated by a condenser in the con-
nections.

6) The adjustment of these capacities to the correct value
may take place in different ways. A common method is
to connect a.second voltage measuring instrument instead
of Zx and to adjust the condensers C in such a way that -
the voltage which is read off on the latter instrument is
equal to the voltage read off on M.
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Not only is it possible to determine the .resonance
resistance of an oscillation circuit from a variation
in capacity, but it is also possible by a variation
in the .frequency ,of the high -frequency voltage
source. A fixed tuning capacity can thus be used
in this case. The frequency is. now varied so much
that the circuit voltage is decreased by a factor
-I/2 on both sides of the resonance peak. When the
total frequency variation necessary for this is df
the resonance resistance is given by

1
.Rk =

27cC df (5)

Since at the very high frequencies as considered
here the accurate measurement of small frequency
variations is generally more difficult than the
accurate calibration of a variable condenser, the,
measurement of a fixed frequency and a variable
capacity is of more importance in practice.

Practically the only measuring instrument
which can be used for themeasurements in question
is a diode voltmeter. In order to keep the connec-
tions, which carry the high -frequency AC, short,
the diode is generally soldered directly to the cir-
cuit. In fig. 3 a diagram is given of the way in which
a diode voltmeter can be connected. Via a con-
denser Cd the diode D is joined with the top of the
oscillation circuit. The DC voltage obtained on the
diode causes a direct current in the leakage resis-
tance R1 which is measured with the micro -am-
meter M1. The battery Va and- the potentiometer.
Ra make it possible to give a small negative voltage
to the anode of the diode, so that the operating
point can be adjusted to a favourable position on
the diode characteristic. The battery Vf and the
variable resistance Rf serve for the provision and
regulation of the ,heating current for the diode.

Further it must be noted that the diode voltmeter
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needs only to be calibrated relatively for these
measurements. Since it is only desired to measure
voltage relations, the absolute value 'of the
high -frequency voltage is of no importance. It is
also unnecessary that the same high freqUency
voltage should act on the diode as on the- oscillation
circuit. The coupling between the two may there-
fore, if 'desired, be very loose, with a small value
of Cd. If necessary the diode can also- be coupled
with the oscillation circuit in some other way, for
example through an inductive coupling with
the coil L.

As 'a rule the calibration of the diode voltmeter
is carried out at a low frequency. Now there
are two reasons why a calibration performed at a
low frequency is no longer correct at very high
frequencies. The first lies in the self-induction of
the supply lines to the diode and the capacity
of the diode. This, . however, affects . only the
absolute calibration 4). The second reason results
from the fact that the, electrons need a certain
time to reach the anode from the cathode; although
this time is very short, often at very high frequencies
it may not be neglected, having regard to the
oscillation time of the anode AC voltage. Since, the
transit time of. the electrons depends upon the
anode voltage, the frequency at which the influence
of the transit time of the electrons on the cali-
bration of the diode Voltmeter begins to be felt,
will be in part determinedly the magnitude of the
AC voltage applied to the diode. The result is
that at very high frequencies there is also an
effect of the frequency on the relative calibration.

,In order to keep _the transit time of the electrons
very short and thereby to make' the calibration,
performed at a low frequency still valid -at the
highest possible frequency, for measuring purposes'
diodes are used which have been ,espeCially
developed for this,purp- ose 6), whereby among other
features, especial attention has been paid to
'procuring a small distance between  anode and
cathode.

. .

Impedance measurements an decimetre .waves

For wave lengths below 1 metre it is practically
impossible to make a normal oscillation circuit
with variable capacity, since the self-induction and
capacity necessary are too small. It is, however, -Rf 

Fig.. 3. Connections of the diode voltmeter for measuring the
high -frequency voltage on the oscillation circuit. D is the
diode, Ri- the leakage resistance, M1 is a microammeter,
Vf and Va are batteries for supplying the filament current
and a small negative anode voltage _which can be regulated,

possible to construct a cavity resonator for wave
lengths below 1 but there are various
objections to this for measurements by the method

- described above. The chief.- of these objections
respectively, with t e variable resistance Rf and the potentio- , ' '

meter Ra. The connections indicated by a, b and c do not '
carry H.F. current, and may therefore have any length. , 6) See Philips techn. Rev. 7, 124, 1942..

 Ot



20 'PHILIPS TECHNICAL REVIEW VOL. 8, No. 1

is that the connection of the impedance to be mea-
sured would have to be inside the cavity resonator
in order to' keep the connections short, and a very
impractical construction would result.

An obvious solution would of course be to use a
Lecher system and self-induction. In the follow-
ing we shall describe a method of measureinent
worked out in this laboratory in which use is made
of a .Lecher system.

'A -L e c her system which is short-circuited at one
end and the length of which is about equal to a quarter
wave length, shows much similarity to, an oscilation
circuit with concentrated capacity and self-

induction in which the  two are connected in
parallel (parallel circuit). Similarly to the latter, the
Lecher system exhibits a high resonance resis-
tance 7) with sufficient freedom from loss. De-
tUning of the system_ may take place by changing
the length, thus by shifting a movable short-
circuiting bridge. We can now deterniine the, re-
sonance resistance in a way which is entirely

Fig.' 4a) Diagram showing the principle of the method by
which impedances can be measured with the help of a tuned
L echer system. The system, of which the length is 1, is coupled
by means of the small capacities Ch with the source of high -
frequency voltage E. M is a measuring instrument for indicating
the high -frequency voltage on the input terminals of the
Lecher system. Rx and Cs characterize the impedance to
be measured Zx.*K is the movable short-circuiting bridge with
which the Lecher system is tuned. .

b) The high -frequency voltage a read off on M as a function
- of the length 1. A without 2x; B with Z,.

7) ' SeePhilips,techn. Rev. 6, 240, 1941.

analogous to the method followed in a parallel
circuit. For this purpose the Lecher system
is coupled with a high -frequency voltage source
e, for instance by means of ' small capacities
Gk (fig. 4a; the switches S are for the time being
assumed to be open). The high -frequency voltage
at the terminals of the Lecher system can cbe
read off on a measuring instrument M.

The resonance resistance is now measured as
follows: The Lecher system (without Z,) is first*
tuned to the frequency. of the source of high-,
frequency voltage e. The voltage el (see fig. 4b)
read off on M is then a maximum. The length is
then increased and decreased, in both cases in
such a way that the voltage with respect to the
maximum becomes smaller in the ratio 1 : If
the distance between ,these two positions of the
short-circuiting bridge is Al the following relation
holds between the -resonance resistance Rx and AI:

RS 2 :6.101°
(6)nil o,Al ?

where /- - represents the wave resistance 7) and ,Al
is expressed in cm. This formula only holds as long
as Al is small 'compared with a quarter wave length..
A normal system, however, always exhibits such a
high resonance resistance Rs that Al is small
enough to permit the application of forimila (6).

Formula' (6) shows much similarity with (1) and this;
similarity can be made plainer by a slightly different form
of the equation. If we call the self-induction and the capacity
of the Lecher system per unit of length -Li and Cr, res-
pectively; the wave resistances) is given by

pp
1/LI

while there is the following relation between LI and Cr:
I.'

=-. 1.22nto).'

where v represents the velocity of propagation of the electro-
magnetic -waves along the Lecher .system..
When we obtain for the resonance:

2
R,

' coCt
Since Ci represents the capacity per unit of length ail/

is the 'variation in capacity of the system and thus the
expression corresponds exactly to (1). -

. - -

In the foregoing it was assumed that the 
Lecher system is in resonance with, the voltage
of the measuring transmitter. at the length 1,

which is exactly equal to a quarter wave length
(see fig. 4b, curve A). In practice, however, this
cannot usually be realized. It is impossible to
avoid the occurrence of a certain capacity between
the connection terminals, i.e. the .capacity of the
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insulator by which the extremities of the two con-
ductors must be supported and the capacity of the
coupling condensers Ck. Due to thee capacities.
resonance *ill occur with the transmitter voltage
at a length 1 which is shorter than a quarter wave
length. When the capaciiy in question can be kept
so small that the length 1 at which resonance occurs
differs only slightly from a quarter wave length,
formula (6) can also be used for the calculation
of the resonance resistance. If, hoWever, the capacity
in question is not small enough for that, a
compensation of that capacity can 'be obtained
by means of an auxiliary Lecher system (see
later).

 For the measurement of 4,, this impedance is
now connected in parallel with the Lecher system
(fig. 4a, the switches S being closed). If the impe-
dance to be measured may be characterized by
the connection in parallel of a resistance and a
capacity, the length of the Lecher, system must
be decreased in order to bring the system into
tuning again with the high -frequency voltage
applied. If the length by which 1.must be decreased
is equal to (5/ (see fig. 4b), Cx is determined by,

1 61
a)Cx = - I an 27

If the impedance to be measured can be repre-
sented by a connection in parallel of a resistance
and a self-induction Lx, for retuning 1 must be
increased. The self-induction Lx can then be
calculated from the equation

61
wLx = cotan 27r -

. .

(7)

. (8)

For the determination of the resonance resistance
of the Lecher *system and of the reactive part
of the required iMpedance, therefore, the Lecher-

' sygtem is used in the same way as the parallel
circuit already discussed, although with the appli-
cation of somewhat different fo;mulae. In the de-
termination of Rx, however,  account must be
taken of the fact that in a Lecher system . the

 losses are dependent on the ' variable element,
namely the length, in contrast to the losses of the
parallel circuit, which do not depend upon the
variable, element (loss -free condenser). While in
the connections  according to fig. la the inclusion
of, a loss -free condenser Cx (thus without Rx)
and the corresponding decrease of C exert no
influence on the resonance resistance; in the con-
nection according to fig. 4a the resonance resistance
does experience an alteration due to the connection
of a loss -free condenser Ck and the corresponding

decrease of 1. It would, therefore, lead to incorrect
results if one reckoned that after the connection
of Zx and the retuning of the Lecher system
the resistance between the terminals would be
composed of the connection in parallel of Rx and
the value of Rs calcillated from (6). The determina-
tion of Rx from the ratio of, e2 to el or from
/1'1 and Al (see fig. 4b) is now also possible, but
this calculation' leads in general to unreliable
results, since the manner in which the' losses.
depend upon the length of the Lecher system
is usually not known, accurately. These losses are
due to various causes, namely:

a) the resistance of the conductors and of the
moveable short-circuiting bridge,

b) the resistance of the contacts between the,
conductors and the short-circuiting bridge,

- c) losses in' the insulators by which the conduc-
tors must be supported,

d) radiation of the conductors and of the short-
circuiting bridge.

It now depends upon the construction of the
system what relation these losses will have to each
other. In the case of a Lecher system used
without shielding the radiation of  the short-cir-
cuiting bridge is often dominant. By the introduc-
tion of suitable shielding the radiation losses of
conductors and short-circuiting bridge can be
eliminated for the greater part, but this can never
be complete in the case of the first -mentioned,
since the shielding must 'be open at the side where
the impedance Zx is to be connected, and the parts
'of the conductors lying in the vicinity of this
opening will thus radiate. .

Each of the losses mentioned exhibits a different
kind of dependence on the 'length 'of the Lecher
system. In practice this is found to be of no impor-
tance to the application of formula (6) :which
relates only to small variations in the length,"in
the neighbourhood of 1/4,wave length. The losses
of the Lecher 'system, even at large values of
61, have in the first approximation no influence on
formulae (7) and (8). The quantities e2 and 4'1
are, however, dependent on the way, in which the
losses are connected with the length of the system.
It is thus in general impossible to calculate' /ix
in a .simple way from the ratio between el and
e2 or from 'dl and Al. Only when the impedance
to be measured possesses practically' no reactive
component, thus when 6/ is small compared to
a quarter wave length, can Rx be determined by
one of these ,methods,
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In many cases the main cause of the losses occurring does
not lie in the Lecher system proper, but in the measu-.
ring instrument M. The losses are then entirely concentrated
at the connection terminals of the system. In that case the
determination of Rx may take place by one of the above
mentioned methods, even with a larger value of 6/. In the
determination from LIZ and cr/ the connection in parallel of
Rx and R, is given by the formula:

Rx R3 -
Rx R3

.

cos2 (22r -)

which equation in combination with (6) makes possible the
calculation of Rx.

Owing to the uncertainty mentioned about the way
in which the losses' depend upon the length of the
Lecher system, it' is desirable to construct the
measuring arrangement in such a way that the
measurement of Rx -may take place while the
length 1 is the same as that at which R, was meas-
ured. A practical method is to connect a second
Lecher system (fig. 5) with the initial terminals
of the above mentioned Lecher system. This sec-
ond system is likewise provided with a moveable
short-circuiting bridge 'so that its length 111 can
also be adjusted.

Fig. 5. In parallel with the
measuring Lecher system
I is a second Lecher sys-
tem II with the help of
which it is possible to carry
out the measurement of Cx
as well as of Rx, while the length Jr
from a quarter wave length.

4147z

deviates only slightly

Let us now first assume that /17 is equal to a
quarter wave length. The input impedance. then
has no reactive component from this. As.i result
the measurement of Cx may take place with the
aid of systeml,"entirely as described -above. Now
if the system II is exactly like system I, the meas-
urement of Rx- can be performed with'the help of
II. For practical reasons, however, in the instal-
lation constructed in this laboratory, system II
is' built differently from system* I *(see below).
In order to determine Rx one now sets' to work
as follows. -

After ,Cx has been deterinined with the' help, of
system, ./ 11 is again set at a quarter wave length.

The length In- is now changed so that Cx is com-
pensated by the reactive component of the input
impedance of system II, which is ascertained
from ,the fact that the deviation of the measuring
instrument Mis then at a maximum. The impedance
between the terminals of the two Lecher sys-
tems is no' cOmposed of the connection in parallel
of Rx, R, and the input resistance of system II
which,we, shall indicate by R's. The magnitude of
this parallel connection can now, be determined
with' system. I by measuring Al (61 now being
equal to zero), and we can calculate Rx from this
if we know the parallel connection of .Rs and R's.
Since R', depends upon the length /11 of ' the
auxiliary Lecher system, the latter paralld con-
nection must be measured at that length of 111
at which system II is in resonance with Cx. This
can be' done most simply by connecting with the
terminals, instead of Zx, a loss -free condenser the
size of which corresponds to Cx. Since at the wave
length considered here it will seldom be necessary
to .measure capacities of more than a few' pF,
this auxiliary capacity may take 'the form of two
small metal plates a short distance apart. The
adjustment of the capacity then takes place by
bending these plates.

The auxiliary' Lecher system has still anothei
function in the measurement. The diode voltmeter
is inductively coupled with the short-circuited end
of 'the system. Since here also a relative meas-
urement of the high frequence voltage is sufficient,
it is unnecessary to know the absolute value of
the voltage at the terminals of system I. It is thus
sufficient to measure the voltage between the, ter-
minals m and n of a loop which is inductively,
coupled with the. short-circuited end of Lecher -
system II (See fig. 6). At any length /11 this vol-
tage is proportional to the terminals voltage of
the two systems. By applying this possibility of
setting 'up the diode at some distance from the
terminals of the -Le cher system, various  struc-
tural objections are 'met which occur in the con-
nection of a 'diode directly to these terminals.
In particular it is generally very difficult to keep'
the connections to the impedance to be measured
short when a diode is introduced at this spot.
The inductive coupling of the voltmeter. with the
short-circuiting bridge of system II makes it.
impossible to consider this system as being actu-
ally shoit-circuited. For this reason it is desirable
that the measurement not only of Cx, but also of
Rx, should be carried out with the help of system I
as described above.
As has already 'been indicated, there is always
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a certain capacity between the connection
terminals, owing to which' it would not be
possible to use a length lj which is appro-
ximately a quarter wave length. In the variable
length liI of system II one has a means of com-
pensating these capacities, so that all the

Fig. 6. The diode voltmeter
is connected to the ends m
and n of a loop which is
Coupled inductively with
the short:circuited end of
system II. The coupling
with the measuring transmitter E is realized by the situation
of the ends of the two conductors p and q at a short distance
from the connection terminals of the Lecher system.

offeN

measurements can therefore' be carried out at a
length lI of Lecher - system I which differs only
little from a quarter wave length.

The coupling of the source of voltage (measuring
transmitter) E with the measuring arrangements
can be carried out by placing the ends of the two
conductors p and q at a short distance from the
connection terminals of the two Lecher systems
(see fig. 6). By a variation of this distance the coup--,
ling can be regulated according to need. In- order
to keep the connections short the impedance to
be measured is not, as is represented in fig. 4a
for the sake of simplicity, connected by means of
switches, but the object to be measured is soldered
directly to the terminals.

Fig. 7 is a sketch of a measuring set-up as described
in the foregoing. The arrangement shown here is
used for impedance measurements at wave lengths,:
of about 50 cm.

Just as in measurements with a parallel -circuit,
in those with a Lecher system there is a lower
limit to the resistance R;which can be measured8).
At a small value of Rx according to formula (6) a
large value of 41 is necessary, and for a value of

Fig. 7. Sketch of an arrangement for the measurement of impedances at wave lengths of
about 50 cm according to the principle indicated in fig. 6. In order to show the construction
clearly the shields f which surround the'L e cher systems are partially cut open. For the
meaning of the symbols I, II, p, q, m and, n we refer to figures 5 and 6. The two conductors
of each Lecher system are indicated by a; b are the short-cirCuiting bridges, which are
moved by means of the screw rods c and the knobs d. e is a plate of insulation material.
D is the measuring diode. '
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Al which may not be considered as small compared
with a*quarter wave length formula (6) can no longer
be applied. The decrease of the wave resistance C,
which according to (6) would also make possible
the measurement of a 'smaller value of Rx, is often
incapable of being realized, since for a small wave
resistance the two conductors of the Lecher sys-
tem must be very close together, which usually
leads to mechanical difficulties.

Resistances which are at least several times
smaller than the wave resistance can be measured
by connecting them with the measuring apparatus
'with the intermediate connection of a Lecher
system having the length of a quarter, wave length.
As was stated in the article cited in footnote `5),
such a Lecher system may. be considered as a
transformer which transforms an impedance Z
into an impedance C2/Z. A resistance which is
a given number of times smaller than the wave
resistance is thus transformed with such a trans-
former into a resistance which is the same number
of times larger than the -wave resistance: Actually
the, introduction of this transformation Lecher
system comes down to the use of a Lecher sys-
tem- closed at one end one half wave length long.

It is obvious that the precautions against the
occurrence of systematic measuring errors, which
were already mentioned in the,case of measurements
at -wave lengths above 1,m, are even more necessary

8) An upper limit is set by the accuracy with which A/ can
be determined.
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at decimetre wave lengths. Careful attention should
be paid to keeping the connections very short
Where for technical reasons a connection cannot
be made short enough, in interpreting the results

-41

Fig. 8. An impedance which is small compared with the
wave -resistance can be measured by the aid of  a Lecher
system.the linght of which amounts to about half a wave
length. The coupling of the measuring transmitters L, and
the connection of the auxiliary Lecher system II take place
in the middle of the Lecher system I.

of the measurement account must be taken of
the presence of this connection. With the very com-
pact assembly which is necessary for decimetre
waves it is often impossible to introduce a con-
denser to compensate the self-induction of a eon_-

_

nection.
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AN. APPARATUS  FOR STROBOSCOPIC OBSERVATION

by S. L. de BRUIN.

When a condenser is discharged thrCmgh a gas -discharge lamp, a light flash of short
duration and high intensity is obtained. In this manner it is possible to make a source
of light which is suitable for stroboscopic observations and for the photography of rapidly
moving objects.

A description is given in this article of a stroboscope developed by Philipi, consisting
of a tube filled with rare gas as gas -discharge lamp and an electrical apparatus for the
condenser discharges. The latter furnish periodically repeated current impulses of 2000 A
at time intervals which can be varied between 2 sec. and  1/250 sec. The light flashes
hereby excited have an intensity .of about 200 lumen seconds with a maximum light
flux of 2 x 108 Dlm (duration 10-5 sec.). The period of the light flashes can be synchronized
in many ways with the phenomenon to be investigated, so that numerous possibilities
of application exist, which are illustrated by means of a few examples.

If one compares the performance of a piece of
modern optical apparatus with that of the human
eye it will be found that nature still leads techno-
logy in sensitivity, but that the technical devices
offer the advantage of a much higher velocity and
greater precision. The eye is unable to follow pheno-
mena which take place in less than 1/30 second.
Rotational motions of more than 3 or 4 revolutions
per second can.no longer be clearly seen, while in the
case of translation at a speed of more than 5 m/sec,
seen from a distance of 1 m, the image already be-
comes so indefinite that there can, be no question
of exact observation.

Cameras with focal plane shutters can work
approximately 100 times as fast, and in this way
record phenomena which are invisible to direct
observations. The velocity of about 0.001 second.
thus obtained still fails, however, to meet the re-
quirements made in many technical investigations.
With high-speed machines, for example, 'speeds up .

to 100 revolutions per second and translatory
motion at speeds of up to 100 m/sec are not excep-
tional. If in the latter case it is desired to fix
accurately the momentary situation of a part of
a machine to within 1 mm, the _observation may
not last longer than 10' sec and the moment of the
observation must also be fixed accurately to
within 10's see.

A device commonly used to satisfy these require-
ments is the stroboscope. The action of the strobos-
cope is based uponthe fact that it makes the objects
to be investigated visible or photographable only
at those moments at which the observation is
desired; In the commonly occurring case in which
these moments are repeated periodically there are
simple devices. For example, a rotating disc with
holes distributed at regular intervals around the
circumference of a circle can .be placed in the

771.448.1:778.39

entrance pupil of a telescope. When this disc is
rotated at the correct speed the successive holes
will follow each other at such time intervals that
the part of the machine which 'rotates or runs -back
and forth has executed 'exactly one cycle in ;that
interval, and is back again in the old position. The
moving object is thus, a's, it were, fixed. Instead
of fixing it, it may also be allowed to be displaced
slowly, either forward or backward, by rotating
the disc somewhat .more slowly or more rapidly.

Another method of limiting the visibility of an
object to certain periodically repeated moments
consists in the use of a source of light which changeS
in intensity periodically. When a moving object is
irradiated with such a. light source the strongest
visual impression. is received at certain moments,
so that by the correct choice of frequency and phase
certain positions of the moving object can be
emphasized. This stroboscopic effect of a source
of light often occurs unintentionally when a
machine which is driven by a synchronous motor
is illuminated with a lamp which is fed from the
same main as the synchronous motor. This pheno-
menon is most pronounced with certain gas -dis-
charge lamps, which emit a very fluctuating radia-
tion when fed with A.C. In the case of the arc light
there is also a strong stroboscopic effect, while it is
practically absent in the case of filament lamps.

In the case of non -periodic phenomena also the
use of an intermittent light source offers improved
possibilities of observation. A familiar experiment
is the observation of an induction machine
(Wimshurst machine) by the light of the jumping
spark. The duration of the electrical flashover is
so short that the discs of the machine seem' to
stand still. It is striking that the inertia of the eye
here forms no hindrance; apparently the eye can

.receive a visual impression within any given short
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time interval provided the total amount of light
is sufficient and the eye has time enough after the

- flash to assimilate the impression.
The light of a spark is also very suitable for

photographing a moving object. In this way it is
'easily possible to reduce the exposure time to
10-5 or 10-6 sec. It is less :easy to fix also with
this precision the moment at which the exposure
takes place. It depends upon', the nature -of the
phenomenon to be observed what devices must be
used; mechanical, photoelectrical or acoustic devices
can be employed.

In the following an apparatus ,will be described
which is suitable for stroboscopic examination
in laboratories and factories. This apparatus, type
GM 5500, is so designed that a single flash as well
as periodically repeated flashes can be obtained.
The , time interval between the flashes can be
adjusted within wide limits, and , the, generator
which excites the flashes can be synchronized,with
'the part of the machine to be ,observed. The; light.
intensity of the flashes is so great that the appa-
ratus can be used at  the brightness normally
present in a room in the daytime without hindrance'
from the continuous light.

The flash lamp

As already stated above, the flash of an electric
discharge is used. Now for a permanent set-up it is
undesirable that the spark should occur in air;
because the, electrodes would be too strongly
attacked. The obvious solution is to use a rare gas
instead of air. The spark gap is thus constructed
as a discharge lamp filled with a rare gas.

The best results were obtained with argon at a
high pressure. The higher the pressure, the greater
the intensity of the light of the 'flashover. A limit
is set to the pressure by the, requirement that
the flashover voltage may not be too high and

' that a reasonable . lifetime must be ensured for
the lamp.

- The light of the high-pressure argon lamp is a
bluish white and has a continuous spectrum with
a high photographic actinity. It thus shows some
resemblance to -a water-cooled mercury lamp, which
could also be used as flash lamp. However, due to
the fact that there is no necessity for water-cooling,
the ,argon lamp is easier to handle and, moreover, -
possesses various advantages compared with the
mercury lamp : it is always ready for use, while in
order to obtain the necessary vapour pressure the
mercury lamp must first be warmed, and it has a
shorter flash time,' since the light ,emission of the
mercury lamp is not only an electrical phenomenon

,but in part also a thermal _phenomenon, so that
there is a certain phosphorescence due to the heat
inertia of the mercury vapour.

After a detailed investigation of the most
favourable combination of gas pressure, separation
of electrodes and tube dimenSions, a lamp with very
good technical characteristics was successfully
designed., The flash time amounts to about 10-5
sec; within this time an amount of light of 200
lumen seconds 'is emitted and an energy of 2 W
sec. consumed, so that the 'speCific light flux amounts
to 100 lm/W. This is"about 'the same efficiency as
can :be , obtained under, favourable conditions
with a water-cooled mercury, lamp of very high
pressure. , .

.

The light flux during the flash is about 2 X 10°
Dlm with a current' of 2000. A and a power of
200 kW. In' addition to these very high peak loads
the lamp also receives a small continuous load in
order to facilitate the breakdown. The total energy
consumption  of the lamp, is about 75 W at, for
example, 25 flashes per second. .

The tube of the -lamp consists of quartz. -and is
mounted in a nitrogen -filled bulb. The nitrogen',
filling is necessary, since with air filling the
exterior of the hot quartz tube would be attacked
by the atomic oxygen which is formed due to
the ionizing action of the ultraviolet radiation of
the lamp.

The rear of the bulb is covered on the inside with"
a, mirror and concentrates the light beam in a
relatively small solid angle, so that an amplifi-
cation of the illumination of about 75 times . is
obtained in the axis of the beam. At a distance of
2 m from the lamp the peak value of the illumination
intensity' at the axis is About 107 lux, which is
sufficient for photography even with a strongly
diaphragmed lens in the available time of 10-5 sec. ,

The photographs given further on in this article
were made with diaphragms F/16 -F/22, so that
it, was possible to place the camera close to the
object and still obtain great depth of focus.:

In fig. 1 the, stroboscope is shown. The lamp is
mounted in a rotating holder which is connected
by means ,of a high-tension cable. with a cabinet
on wheels: containing the electrical apparatus. The
light distribution of the stroboscope lamp is

reproduced in fig. 2:

'The electrical apparatus

From, the description of the flash lamp it has -
become apparent that the electrical apparatus
must furnish current impulses of 2000 A and with
a duration of 16-5 sec. Depending upon the appli-
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cation it may be desirable to obtain single or perio-
dically repeated discharges, while in every case it is
important to be able to synchronize the moment
of the breakdown with the phenomenon to be
observed.

For feeding the flash lamp we use connections
with a relay valve which is ignited by a voltage
impulse at the moments at which the discharges are
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Fig. 2. Distribution of the light intensity of the stroboscope
lamp, 1) with a clear, 2) with a frosted bulb. The rear wall
of the bulb is covered with a mirror in both cases. The scale
of curve 2 is 10 times as large as that of curve 1, so that the
maximum light intensity for the clear bulb is about 30 times
as great as for the frosted bulb.

required. The frequency
at which these impulses,
which are excited by a
separate generator, are
repeated can be regulated
between 0.5 c/sec (30
impulses/min) and 250
c/sec (15 000 impulses/
min). Moreover, it is pos-
sible to synchronize the
impulses with a voltage
led in from the outside.
Finally the apparatus
contains an electrical fre-
quency meter which is
coupled with the control
generator.
We shall now describe
successively the chief
components of the appa-
ratus.

The supply generator for
the flash lamp

Fig. 1. The Philips stroboscope GM 5500. The connections for the
supply generator for the

flash lamp are given in fig. 3. Via a charging resis-
tance R1 a condenser C1 is gradually charged to
600 V in order to be discharged again at certain
moments via the relay valve and the flash lamp A,
producing thereby the required current impulses.

As already discussed, the relay valve must be
able to deal with several thousand amperes, while
the average current amounts to less than 1 ampere.
Taking into account these very abnormal conditions
of use, a valve of special construction was designed
and is shown diagrammatically in fig. 4. In connect-
ion with the low average load the dimensions
of this valve were chosen relatively small, so
that at each breakdown the electrodes are heavily
overloaded. This overloading however, has no
harmful results since both electrodes consist of
mercury. Only an intense evaporation of the mercury
occurs during the current impulse. The vapour

°r
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Fig. 3. Connections for the supply of the flash lamp A by
means of a condenser and a relay valve.
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condenses in the glass domes over the electrodes
and the condensed mercury drips back to the
electrodes.

For the ignition of the relay valve an auxiliary
electrode h is introduced at the cathode side, which
upon application of a voltage impulse (about 8 kV),
causes the occurrence of a cathode spot and thus

4,940

Fig. 4. Construction of the relay valve for the supply of the
flash lamp. The electrodes are of mercury and can tolerate
short-lived current impulses of 2000 A. For the ignition of
the valve a voltage of a few thousand volts must be applied
to the auxiliary electrode h.

initiates the discharge. The condenser is then dis-
charged via the relay valve and the flash lamp,
whereupon the relay is extinguished. If due to the
current supplied via the charging resistance R1
the relay valve should continue to burn, it may be
extinguished by practically short-circuiting it during
a short time by means of the switch S1.

According to the employment of the stroboscope
there are different ways of synchronising the vol-
tage impulses which serve to ignite the relay valve,
namely:
a) with the AC voltage of the supply mains,
h) with an AC voltage or voltage impulse of about

50 V from the outside,
c) mechanically, by breaking a contact,
d) mechanically, by making a contact; this is also

used for electrical synchronization with a single
voltage impulse.

In order to obtain the synchronization voltages
in the case of non -periodic phenomena, use may be
made of a microphone or a photocell. Since these
apparatuses only give minimum voltages or
currents, it is of course necessary to employ a
suitable amplifier.

As an illustration of this method of procedure
a set-up for the photography of the collision between

Fig. 5. Arrangement for photographing the collision between tennis ball and racket with the
help of the stroboscope. The illumination is synchronized by means of a microphone.
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a tennis ball and a racket is reproduced in fig. 5.
The synchronization is here obtained by means
of a microphone which reacts to the ping of the
Collision. The greater the distance between racket
and microphone the greater the difference in time
between collision and moment of exposure. This
may be seen in fig. 6: exposure a) was made with a
distance of only a few decimetres, while in the case
of exposure b) the distance was more than a metre.
In the first case the moment of contact was re-
corded, while in the latter case at the moment of
exposure the ball had already rebounded several
centimetres.

The frequency metre

In order to be able to control accurately the
number of flashes per second furnished by the
stroboscope, the apparatus is provided with a
frequencymeter. This instrument measures the
frequency indirectly by indicating the average
charging current of a condenser which is discharged
at each flash through the gas triode, to be charged
again afterwards to a certain voltage. Fig. 7 shows
the principle of the connections.

The gas triode of the frequencymeter is con-
trolled by voltageimpulses which are taken from
the same impulsevoltage of 8 kV with which the
relay valve of the supply generator is controlled.
In addition to this impulsevoltage there is also
on the grid of the gas triode a negative bias of such
a magnitude that in the absence of an impulse no
breakdown can occur. Since at every breakdown
the condenser is almost completely discharged, the

a b

Fig. 6. Two photographs of the collision between tennis ball
and racket.
a) Distance of the microphone a few decimetres;
b) Distance of the microphone several metres.

average current through the gas triode is equal
to the charge of the condenser multiplied by the
frequency of the voltage impulses. This current is
indicated by a rotating coil instrument which is
calibrated directly in number of flashes per
minute.

419472

Fig. 7. Connections of the frequencymeter. The gas triode
is blocked by a high negative voltage and only breaks down
when a voltage impulse acts on the terminals which are
connected with the output of the control generator. The
meter M measures the number of discharges per second of
the condenser.

Applications

In visual observation the stroboscope is especially
suitable for rapid, often orientating observations.
With the help of the frequency meter the fre-
quencies of vibrations or other periodic move-
ments can be determined. Interesting phenomena
which occur in a certain phase of the motion being
investigated can be recorded photographically,
while photography is also capable of furnishing
information about events which occur only once.

It is often possible immediately to interpret
the photographs quantitatively. In the case of the
examples discussed in the following, however, we
shall omit this and only use the photographs for
the characterization of the object observed.

Cavitation of ships' screws

In shipbuilding it is important to adapt the
dimensions and shape of the screw to the entrance
velocity and the static pressure of the surrounding
water in order to avoid "cavitation". Cavitation
is the phenomenon which takes place on the sur-
face of the screw when locally and temporarily
such a low pressure occurs that vapour or gas
bubbles occur. These bubbles may implode on
the surface of the blade of the screw, which is then
exposed to the water hammer effect which may
result in serious erosion of the material of the
screw.

In order to study this phenomenon and to deter-
mine experimentally the best shape for the screw,
models of screws are studied in a flow channel in
which, by regulation of the velocity of the water,
the water pressure and the number of revolutions,
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the phenomenon of cavitation can be faithfully
reproduced and its influence on the driving pro-
perties of the screw can be measured. This "cavi-
tation tank" is provided with glass observation
windows through which it is possible to illuminate

by observing the machine in action with the help
of a stroboscope lamp. Fig. 9 is a reproduction of a
photograph which was made during such an in-
vestigation. This single photograph, which shom;s
only one of the teeth in action, is naturally insuf-

a
Fig. 8. Ship's screw in cavitation tank. a) Strong cavitation, b) no cavitation. The bright
line in b) indicates the top spiral of the screw. The photographs were taken in the Naval
Shipbuilding Testing Station in Wageningen.

the model srew stoboscopically and to observe and
photograph the phenomenon of cavitation. Fig. 8a
shows a ship's screw with strong cavitation, while
in fig. 8b a screw with no cavitation is shown.
The bright spiral line seen in the latter case is the
top spiral of the screw.

The cutting by the teeth of a planing machine

In testing a planing machine it is important to
know whether all the teeth take an equal share in
the cutting process. This can easily be ascertained

Fig. 9. Instantaneous photograph during the observation of
a planing machine with the help of the stroboscope.

ficient to permit the drawing of the desired con-
clusions.

Investigation of internal combustion motors

In the case of high speed machines the stroboscope
may be useful in checking certain parts. As an
example a photograph is given infig. 10 of the valve

Fig. 10. Photograph during the observation of the valve
springs of a Diesel motor with the help of the stroboscope.
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Fig. I la

Fig. 12

Fig. 11. Photographs of
water jets with light flashes
from the stroboscope lamp.
a) Jet from a faucet,
b) jet from a douche.

Fig. 12. This photograph
was made for the sake of
comparison with fig. I la
with the help of a photoflash
lamp. The flash time of the
photoflash lamp is found
to be many times too long
for a sharp photograph of
the foam.

Fig. 116

springs of a Diesel motor. The stroboscopie observation of the
valves springs is important, because, due to phenomena of inertia,
the phase of the opening and closing of the valves may deviate
at high speeds from the phase adjusted with the motor stationary.

Observation of liquids

In certain applications of the stroboscope no synchronization
of the light flash is necessary and particular advantage is drawn
from the short exposure time. An example of this is the inves-
tigation of water jets, illustrated in fig. lla and b by the com-
parison of the jets of a faucet and a douche. It can clearly be
seen that the foaming water from the faucet consists entirely
of bubbles, which cannot be distinguished in the photograph
reproduced in fig. 12 taken for the sake of comparision with a
photoflash lamp.

A practical application is found in the investigation of jets
of liquid in the lubrication of machines for metal working.
As an example in fig. 13 a photograph of the lubrication of a
centreless grinding machine is reproduced. It may be seen that
the lubrication liquid is blown aside by the wind from the
grindstone and thus does not flow over the grindstone as was
intended. This observation led to a change in construction.

Other applications

In addition to these examples there are, of course, numerous
other possible applications of the stroboscope. An extensive
field is formed for example by the high-speed machines of the
textile industry, such as spinning machines, looms, sewing
machines, etc. A less obvious possibility of application is in
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Fig. 13. Cooling of a centreless grinding machine. The lubricant
is blown aside by the wind from the rotating grindstone.

material testing, where advantage can be taken of
the possibility of photographing at exactly the right
moment, with the help of the stroboscope lamp, the
very rapid process of the breaking of a piece of work.

In order to illustrate this possibility we reproduce
as a final example in fig. 1.4 an electric light bulb
being broken with a hammer. The synchronization
in this case was mechanical, by means of a thread
which gives the synchronization impulse at the
moment that it is broken by the descending
hammer.

Fig. 14. Smashing an electric light bulb with a hammer.
The synchronization of the photo was by means of the breaking
of the thread which is fastened to the handle of the hammer.
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is -X= -6y tubes with. ii..-rOtating-ancidd ,permit a much.higher specifielciudirig
- than :tubes stationary, anode, a property which is: of great =importance for the r

rontgenography of mo-Vingprgans, such as the heart and lungs. While-, hoWeverifor,photot, ;

graphs of heart, and lungs only low tubes voltages (G76 kV) and syoftioadirig
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thelact.that the tube:which-is entirely of hard glass, is. immersed in oil, -its dimensions'

- and weight-coiild be reduced considerably compared Ivitfi: previous constructions. The
anode consists of a .disc,of solid tfingsten,-.while in the original Rot -iliac: tubes 'the anode
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tunity.a. dealing with a number otltypiont problems cnnsectell with the.fotagn' anode;.:
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When in 1929 there first appeared on the market
a practically useful X-ray tube with rotating
 anode - the "Rotalix" tube developed in the
Philips laboratory 1) - it meant a big step ahead
in the quality of the X-ray photographs which
could be made in the medical diagnosis of moving
organs such as the heart and lungs. In the case of
moving objects short exposure times are of course
desired. Thus for a given blackening of the film a
high X-ray intensity is required, and that requires
a high specific loading of the focus of the X-ray
tube, since that focus must be kept' small for the
sake of a small half shadow (geometrical lack of
sharpness) in the X-ray picture. The specific focus
loading is limited by. the temperature of the focus,
which rises during the time of loading and which
may not exceed a certain value because of the eva-
poration of the anode material. Because of the fact,
that, in the case of the rotating anode, each point
on the surface of the anode serves as focus only for
a small part of the total exposure time, the specific
loading of the focus can be made considerably
higher than in the case of a stationary anode. .With
exposure times of less than about 0,04 sec,. as was
discussed previously 2), the theoretically. attain-

1) A. Bouwers, Verh. deutsch. Rontgen-Ges.-20, 102, 1929.

able improvement in the specific loading amounts
to a factor.

. p = 1127trntlf (1)

r is here the radius of the path of the middle of
the focus, n the number of revolutions, t the time
of exposure and f the width of the focus. The
practically attainable improvement factor is some-
what smaller for various reasons, than follows from
the formula: with a "Rotalix" tube of the original
construction, with r = 2 cm, n = 2900 r.p.m. and
f = 2 mm, for an exposure time of 0.04 sec.,.
p = 8 to. 9.

The result Of this improvement in the specific
focus loading in the case of photography of moving
organs meant approximately a reduction by one
half of the lack of definition of the X-ray picture
(with the same contrast), since this lack of definition
is practically 3) proportional to itp, when one works
under the optimum exposure conditions. Diagnos-

2) See: J. H. van der Tuuk, The "Rotalix" Tube for
X-ray Diagnosis, Philips techn. Rev. 3, 272, 1938.
The arguments given here very briefly will be found in
more detail .in thgt article.

3) See for example the explanation of the optimum exposure
conditions in: A..Bouwers and G. C. E. Burger, X-ray

 Photography with the 'Camera, Philips techn. Rev. 5,
255,1940.
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tically this improvement in definition was so valu-
able that the photographs obtained with a tube
provided with a rotating anode. could be said to
be of a higher class.

It would appear from formula (1) that the factor
p can be made still larger, for instance by giving
the anode a larger diameter and making it rotate
more rapidly. However, the additional improve-
ment, which can practically be obtained in this
way is relatively small compared with that already
achieved, since p increases only proportionally
with . A large increase in the specific loadability
is not readily possible, while the necessity of a
slight increase cannot at present be considered to
be actual, since in order to guarantee optimum
exposure conditions the photographic industry would
have to increase considerably the sensitivity and
the fineness of grain, respectively of the combination
X-ray film plus intensifying screen 3). It is thus

tively low (45 to 70 kV) and the tube is always
loaded only for a short time. It soon became evident,
however, that the tube with rotating anode should
also be able to be used for. other diagnostical pur-
poses, especially for stomach exposures and for
fluorscopy, since doctors usually prefer to carry
out all those examinations with the same tube 5).
The tube therefore had to be made suitable also
for the high voltages (up to 100 kV for example
or even higher) necessary for stomach photography
and for relatively heavy continuous loading (100 W
and sometimes even 200 W), while in connection
with easy adjustability for the different kinds of
exposure, the dimensions and the weight of the tube
had to be limited as far as possible.

In this article we shall give a description of a new
Rotalix" tube developed in recent years. It will
be shown how and to what extent the above -
mentioned requirements are satisfied.

Fig. 1. Diagram of the cross section of the new Rotalix" tube. K filament, F focus on
the anode A which consists of a solid tungsten disc. The latter is fastened by means of a
molybdenum connecting piece V to the copper rotor R which turns in two ball bearings
L in the anode support H and is driven by the stator S. Fe is an iron ring for the purpose
of concentrating the lines of force in the rotor: Z blackened surfaces for better radiating
the developed heat. The anode support and the ball bearings remain practically cold,
which is essential for a good working of the bearings. Behind the cathode a barium getter
is applied.

understandable that the different types of tube
with rotating anode which have been developed
since the beginning 4) do not aim primarily at a further
increase in the specific loadability. of the focus.
The new constructions are characterised rather by a
tendency towards greater simplicity and security
of operation and towards an extension of the possi-
bilities of application. As concerns the latter,, it
may be noted that the Rotalix" tube was originally
intended for the photography of heart and lungs,
where it is mainly a question of a high specific
focus loading, while the tube voltages may be rela-

4) See for example A. Ungelenk, Fortschr. Rfintgenstr.
49, 162, 1934.

Main characteristics of the new Rotalix" tube

Fig. 1 shows a simplified cross section of the tube.
The anode in this case consists of a disc of s olid.
tungsten fastened by means of a short molyb-
denum connecting piece to a copper rotor. This part
of the tube is surrounded externally by a stator
fed with polyphase current which furnishes the
motive power. In fig. 1 may also be seen the fila-
ment excentrically opposite the outer edge of the
rotating anode disc. The (primary) electrons emit -

5) In stomach examinations it is essential that the tube
can also be used for fluorscopy. Fluorscopy and photo-
graphy here follow one another immediately, as will be
discussed later.
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ted by the filament are focussed on the anode. The
tube wall is made of a special kind of hard glass
-which is very resistant to the bombardment by the
secondary electrons which are emitted by the
anode 6). The whole tube is housed in an earthed
metal jacket which protects the operator from
contact with parts carrying high voltage and helps
to cut off the X-rays in undesired directions.
(see fig. 2 and 3). The jacket is filled with oil.

When we compare this construction with that

and the earthed housing. While the older tube with
housing was 83 cm long and had a maximum width
of 22 cm, in the tube according to fig. 2 these
dimensions could be reduced to 46 en 14 cm, res-
pectively. The new tubes are adopted in all respects
to voltages of up to 100 kV. It is also of importance
that the breakdown resistance is ensured inde-
pendent of atmospheric conditions. Tubes in ,air,
which are intended for use near sea level, cannot
in general be loaded with the highest voltages in

90° verschoven

Fig. 2. The B tube of fig. 1.mounted in the metal housing S is the stator. At IC, and K2 are
the connections for the high -voltage cables. U accordion shaped box for sealing off the
oil -filled space. Because of this shape the oil can expand when warm without appreciably
increasing the pressure. If the temperature of the oil rises above a certain value, the com-
pression of U closes a switch M which switches off the supply voltage of the X-ray tube. D is
a cup made of insulation material (shifted about 90° in pOsition in the drawing) which
keeps the oil away from the spot where the X-rays leave the tube. In this way the absorption
of the useful X-rays by the oil is kept as small as possible. By making the tube wall and
the thickness of D small, the filter of the tube with housing is kept small, namely
less than corresponds to a thickness of 1 nun of aluminium. The housing is made of iron
with a thin lead covering on the inside w prevent the passage of X-rays.

of the older "Rotalix" tubes, which have already
been described 2), there are two obvious differen-
ces. The older tubes- were surrounded by air in-
stead of by oil; and the anode had an entirely
different construction. It consisted of a heavy copper
block upon the front of which was fixed a thin
layer of tungsten (lozenge) and whose rear side was
provided with special cooling jackets.

The immersion in oil has certain important advan-
tages 6). Due to the high break down resistance of the
oil it. was possible to use relatively small insulation
distances between the poles and between the latter

6) Cf. also: J. H. van der Tuuk, Hard glass X-ray Tubes
. in Oil, Philips techn. Rev. 6, 309, 1941.

the mountains (sanatoria), since at the lower at-
mospheric pressure the breakdown resistance of
air is lower. In spite of the oil filling the total
weight (17.5 kg.) of the new tube with 'housing is
still appreciably lower than that of the tube with
air' insulation.

The insulation by means of oil also has advan-
tages in the driving of the rotating anode. In order
to use as little power as possible for that purpose,
the air slit" between the stator and the rotor at
high voltage should be as narrow as possible. A
possible solution4), and the one used in the case of air
insulation, is to have the stator with its windings
at the same high potential as the anode. A special
transformer is then necessary' for the feeding: one
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with a secondary winding which is insulated for
high voltage. Placing the tube in oil, however,
makes this complication entirely unnecessary,
since even with the stator earthed, the air slit can
be made very narrow with no danger of flashover
from the glass wall, so that only 500 W during 0,5 sec.
are necessary to start the rotor. In the case of the
previously described Rotalix" tube, thanks to the
practically earthed metal intermediate section, an
earthed" stator could also be employed, but in
that case about 1100 W during 0,8 sec. were neces-
sary just to reach the desired number of revolutions
(because of a greater moment of inertia of the rotor
and a wider air slit).

Finally the oil immersion facilitates the cooling
during continuous loading to no small degree.
Because of the good heat transfer by the oil, the
temperature of the tube wall and the insulation
material remains low enough, even though the
dimensions of the tube are small. Furthermore,
due to the natural flow in the oil, the heat is uni-
formly distributed over the whole housing so that
with the relatively small dimensions of the type
shown fig. 2 a power of 150 W, continuous, can be
dissipated. Even for the intensive diagnosis of the
stomach, this is practically always sufficient.

Let us now pass on to the second distinguishing
feature of the new type mentioned above, the
construction of the anode. The use of a tungsten
disc instead of the combination of copper, with
a thin lozenge of tungsten means a simplification
in various respects. However, a comparison be -

Fig. 3. The new Rotalix"-tube in its housing. the whole
having a length of 46 can. The housing is in a clamping -strip
turnable around its axis. The 1 eadglasstube, through which
the X-rays pass, is visible. The housing is of special finish with
built in cooling spiral, by which the power could be increased
to 600 W. Besides the contacts for the high tension cables
rubber tubes can be seen for the leading in and on t of the cooling
water. The normal construction, intended for 150 W, does not
possess a cooling spiral.

tween the two types of anode is not complete,
simply by mentioning this fact. The transition
to the construction now employed involved a give
and take, and it is quite comprehensible that the
older construction will continue to be preferable
for certain special diagnostical purposes. It seems
worth while to go somewhat more deeply into the
problems here concerned, especially because the
specific problems of the rotating anode are thereby
strikingly emphasised.

The tungsten -copper anode

The main reason, why the combination described
of tungsten and copper was chosen for the anode of
the original Rotalix" tubes, was the desire to
attain the highest possible specific loadability of
the focus. The accelerated electrons must in any
case impinge on tungsten, since that metal com-
bines a very high emission of X-rays with a very
high melting point. The highest focus temperature
permissible for a short time is about 2500 °C for
tungsten. When it is a question of the heaviest possi-
ble loading, it is not only that the focus must be
able to stand a high temperature, but the heat
developed on the focus must be conducted away, as
quickly as possible, to the inner, cold parts of the
anode mass. The anodematerial must therefore
be a good heat conductor. Tungsten itself is not a
bad conductor. Copper, however, is more than twice
as good a conductor, so that the loadability will be
increased when the anode material, as close as pos-
sible, behind the focus is not of tungsten but of copper.

Closer consideration shows that this reasoning
it still somewhat too simple. The tungsten layer
cannot be made arbitrarily thin, since the copper
directly behind it must not become hotter than
a maximum of 1000 °C (meltingpoint 1080 °C).
The minimum required thickness of tungsten can
be determined by considering the variation of
temperature in a longitudinal cross section of
the anode, when the extremety of the cross
section lying in the front surface of the anode
(x = 0) is exposed to the beam of electrons from the
moment t = 0 to t = t1. Here ti is the time, during
which the anode rotates one width of focus farther;
thus with the above mentioned values of r, rt and
f, t1 is 0.00033 sec. At each point the temperature
will first rise and then, after the loading has ceased,
it will fall again as the heat is conducted farther
away toward the inside of the anode. If we now
plot the maxim um increase in temperature T,
which is reached in every separate point, we obtain,
with a solid tungsten anode, a curve like that repro-
duced in fig 4a. The load is there assumed to be such,
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that the maximum temperature increase of the
focus itself (x = 0) which occurs at the moment
t = t1, possesses exactly the highest permissible.
value. It is now clear,, that the anode can only
consist of copper beginning at a certain depth
for which the maximum temperature ever occur-
ring is not more than 1000 °C. Since, as will appear
later, we must count on a basis temperature of for
example 450 °C for the copper, we can find x1, in
the figure as the point -where the curve a has fallen
to T = 550 °C. In that way we find that, according
to this curve, the tungsten layer must extend at
least to a depth of 0,2 mm. If we now draw the
temperature distribution in the longitudinal cross
section at the moment t, at which the loading is
interrupted and the focus reaches its highest
temperature, we obtain curve b of fig. 4. This
shows that, at that moment only, very little (5%)
of the' total heat applied penetrated deeper than
0.2 mm into the body of the anode. The maximum
temperature of the focus will therefore scarcely
be affected, when, the rest of the anode behind the
first 0.2 mm is made of copper instead of tungsten.

We thus reach the unexpected conclusion that
the employment of the copper wauM offer no

Electron-
Ray

t-,Focus
Anode

45450

Fig. 4. Temperature distribution over a longitudinal cross
section of the anode. The increase of temperature T above
the basis temperature (T0) of about 450° C is plotted as a
function of the depth x beneath the focus. a) Maximum
temperature ever occuring during or after the loading; anode
of solid tungsten, loading from t = 0 to t1, = 0.00033 sec.
(i.e. the time during which the focus is displaced by its own
width), such that the focus (x = 0) takes on the highest
permissible temperature, (T, = 2500° C). I)) Temperature
at the moment t at which the loading ceases. c) Temperature
at the moment t2 = 0.02 sec. i.e. after one complete revolution;
full -drawn line: anode of solid tungsten, broken line: anode
of copper from a depth of 0.5 mm. (Alll curves borTowed from
W. J. Oo s terk amp, Thesis, Delft 1939).

7) Those considerations aro borrowed from: W. J. 0 o st er-
k amp, thesis Delft, 1939.

advantage with respect to loadability. This is,

however, true only when the exposure time is
so short that the anode does not make more than
one complete revolution during the loading, thus
for exposures of less than t2 = 0.02 sec. If the loading
lasts longer each point on the surface of the anode
is struck not once, but repeatedly by the beam of
electrons. Since' in the time interval between the
first and the second loading the .temperature of
each point in the orbit of the focus does not de-
crease from the maximum T1 = 2500 °C to the
initial temperature T0 = 450 °C, but only to a
certain value T2 > To, the second loading must
be lower, the third still lower, etc. The advantage
of the copper now becomes evident. In the time t2;
which, with the above -mentioned value of r and f,
is about 60 times as long as tl, the greater part 'of
the heat (>80%) penetrates deeper than 0.2 mm
into the anode. The temperature increase T2-T0
remaining after the first revolution is thus practi-
cally entirely determined by the properties of the
more deeply lying material, and is therefore, when
coppei is chosen, only half as great as with a solid

tungsten anode, namely about' 60°. Curve's c

in fig. 4 give the temperature' distribution at the

moment t2: with solid tungsten (frillline curve)
and with copper from a depth of 0.5 mm (broken -

line curve).
With exposure times of the order of 0.05 to for

instance 3 sec., the copper in this way gives an
appreciable improvement in the permissible loading.
Much longer exposure times scarcely occur in the
use of tubes with rotating anodes in ordinary X-ray
diagnostics. It may, however, happen that a large
number of successive exposur6s of a -moving :object

must be taken at short intervals (rontgen-cineinato-
graPhy), which amolints tscital. loading times :of

foi example 20 sec. or more: With Such long times,

the heat developed on ffont surface of theahocle
penetrates not only -to the inside, but -eVen:to,the

real aide of the :anode, in other Words, the neee's-
sarily limited dimensions and 'the consequently
limited heat capacity of the 'anode now' begin -to
make themselves felt. The residual temperature of

the focus, which steadily increases with 'increasing

loading time, Will therefore increase even 'more
rapidly and the permissible loading will decrease

-even more rapidly. If, in order to'be able 'to use the
tube for cinematography, it is desired to make the
heat capacity of the anode fairly large, it is there-
fore fundamentally of advantage to use 'copper.
Copper is much cheaper than tungsten and,lor the
same heat capacity, only 3/4 of the volume and 1/3
of the weight of copper is needed.
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If we go a step farther with the loading time we very heavy
enter the region of fluorscopy, where we may
speak of continuous loading. The power wLich
can here be applied is no longer determined by the
focus temperature but by. the temperature taken
on by' the anode as a wholes). It is now found that,
when copper is used, there are definite limitations:
for a copper anode covered with tungsten the
permissible temperature lies much lower than for a
solid tungsten anode. While for the copper imme-
diately behind the lozenge it amounted to about
1000 °C for a very short exposure in the case of
continuous loading of the whole anode mass a

. temperature of not higher than about 450 °C (the
basis temperature assumed above) is permissible,
since at higher temperatures all kinds of, undesired
things take place: recrystallisation phenomena
occur in the copper, the mechanical strength de-
creases, and the requirements are fairly high in
that respect because of the rapid rotation, too
much vaporized copper enters the tube (the vapour
pressure of copper at 850 °C is already .10-8 mm;
the vapour pressure of the copper oxide' from
various sources is even noticeable at 500 °C) and
finally traces of residual gases may be freed from
the anode. The latter may be ascribed to the
fact that, during the evacuation and outgassing
of the tube, the temperature may not be raised
too much because of this very restriction in the
permissible temperature of the copper. Now
since the dissipation of heat by the anode, -which
rotates in a vacuum, can only take place by radia-
tion, and since the radiation increases with the
fourth or fifth power of the temperature, the
restriction of the basis temperature of the anode to
450 °C makes it difficult to reach an adequate power
for fluorscopy. Only by employing the fairly compli-- '

cated construction, which has been described in the
articles already cited 2), and which consists in
an artificial enlargement of the radiating surface
of the anode and an improvement of its emissivity,
was it possible to increase the heat dissipation and
thereby the fluorscopic power to reasonable value.

The combination of tungsten with copper was
accompanied by another complication. The brief,
very high specific loadings .result in corresponding,
high temperature gradients and mechanical ten-
sions in the rotating anode. These make necessary
a special solution of the problem of joining the
tungsten lozenge to the copper (as was also dis-
cussed in the article cited ) a solution which made

8) See the communication of G. C. E. Burger, Hand. Ned.
Nat. Gen. Congr. 1943, p. 286.

cation.
demands on construction and fabri-

The tungsten anode

The simplifications resulting from the use of
tungsten alone for the anode are .obvious. No pre-
cautions are necessary to keep the basis temperature
of the anode low with continuous loading. The
anode can be rigorously outgassed during fabri-
cation, which promotes particularly the safety
from high voltage of the X-ray tubes). The problem
of attaching the tungsten lozenge no longer exists.

From the foregoing it will have become clear that
certain sacrifices must be made for these simpli-
fications., We shall discuss these in somewhat more
detail.

With exposure times shorter than the period of
one revolution of the anode (< 0.02 sec.) the
loadability of a tungsten anode, as we have seen
above, will not be appreciably smaller than that
of a tungsten -copper anode of the same radius and
speed of revolution. With longer exposure times
where the permissible loading falls as a result of
the residual temperature upon repeated loading
of the focus, the tungsten anode cannot compare
with the tungsten copper anode. With.for instance
0.1 sec. the loadability would' amount to only
about 80% percent of that of the tungsten-copper
anode, as calculation will show. Since exposure
times of this order of magnitude are in practice the
most important, the tungsten anode has been given
a larger radius (r = 3.0 cm); the loadability, which
according to equation (1) increases proportionally
with jr (this is approximately valid also for times
of the order of 0.1 sec. although' strictly speaking
equation (1) is no longer valid here), is therefore
the same for the two types of tube for exposures of
from 0.1 sec. to about 2 or 3 sec. For shorter
exposure times the tungsten anode, because of its
larger radius, is now somewhat at an advantage,
as may be seen from fig. 5.

It must also be mentioned that the transverse
dimensions of the tube with housing, inspite of the
larger diameter of the anode in the new Rotalix"
tube, are not larger, but are even smaller than
those of the old tube, thanks to the employment of
oil insulation.

When we consider the further course of the curves
in fig. 5 we see that the tungsten anode, which is
now equal to the tungsten copper anode (of smaller
diameter) from about 0.1 sec. to about 3 sec. is

9) It may be mentioned that this has aided to make possible
the driving of the Rotalix"-tube on A.C. We hope to
return on this question at another opportunity,
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much inferior at still longer exposure times. This is
due to the much lower heat capacity of the tungsten
anode. The tungsten copper anode of the old "Ro-
talix" has a weight of more than 1 kg, for the same
heat capacity the tungsten anode would, as stated
above, need to be three times as heavy. Apart from
the fact that the employment of 3 kg. of tungsten
is unnecessary for our purpose and would accord
very ill with the aspiration toward limitation of
expense and weight, the present position of tech-
nology would make it practically impossible to
make a block of tungsten of that weight with the
desired good mechanical properties. The high
melting point which among other properties renders
tungsten so particulary suitable as material for
anti cathodes, however, also makes it impossible
to prepare massive tungsten objects by the ordinary
metallurgical processes, namely fusing and casting.
The methods of powder metallurgy must here be
applied 10). Pure tungsten in powder form, prepared
chemically, is pressed into a rod which is then
heated- to a high temperature for some time
(presintered and sintered). After this sintering,
which is accomplished by heating with an electric
current conducted by the rod, the ductility neces-
sary for further working and application is obtained
,by means of a mechanical treatment. Finally the
material can be rolled to a sheet from which the
anode disc can be cut. The mass of the disc thus
obtained is therefore determined by the amount
of tungsten powder . which is originally used for
pressing and sintering. The amount which can be
treated at one time is limited for various reasons,

kW
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Fig. 5. Loadability (in kW) as a function of the loading
time for a tungsten -copper anode (full -drawn line) and a
tungsten anode (broken line). Loaded' with pulsating direct
current obtained with four values. The diameter of the anode
at the middle of the focus is 4 cm with the tungsten -copper
anode and 7 cm with the tungsten anode. The basis tempera7
ture is 450° C in the first case and 800 °C in the second. The
spi:ed of revolution is 2900 r.p. m. in both cases, the width
of focus 2 mm.

10) See: J. D. Fast, The preparation of Metals in a
Compact Form by Pressing and Sintering, Philips techn.
Rev. 4, 309, 1939.

for example because of the fact that with increasing
mass the very brittle presintered rods become
increasingly difficult to handle and further the. fact
that the currents required . for sintering become
extremely large, etc. In the methods of fabrication
employed by us -the finished tungsten discs have a
weight, of, about 225 g. We shall return to this
subject later.

The heat capacity of the tungsten anode is. there-
fore only 1/12 of that of the copper anode. On the
other hand, however, the temperature of the tung-
sten disc may be much higher than that of the
copper, but -this advantage does not compensate for
the much smaller heat capacity. In this way there-
fore the loadability of the tungsten anode for very
long exposure times (rontgencinematography) is'
much lower than that of the tungsten -copper anode.

Although the small mass of the tungsten anode is
indubitably a disadvantage in this respect it ma
not be forgotten that in all kinds of other respects
it is an advantage, particularly in connection with
the bearings and driving of the anode. Since the
tungsten anode together with the copper rotor
only weighs about half as much as .the tungsten -
copper anode 'of the old tubes; it is easier to limit,
sufficiently the friction and wear on the ball
bearings on which the anode turns 11). Furthermore,
since the moment of inertia of the anode is only
about 1/3 of that of the, tungsten -copper anode
it reaches the required speed of revolution with the
same driving power much more quickly after being
started. This is important for stomach examinations
where the doctor uses fluorscopy and requires
immediately to fix the picture photographically at a
definite moment. Since fluorscopy takes place as a
rule with stationary anode or at least with the anode
not rotating at full speed, the necessary delay in
photographing is determined by the time necessary
for the anode to obtain full speed and for the heating
of the filament which operates at a lower tempe-
rature for fluorscopy (lower tube current of for
instance 2 tot 3 mA) 'than for photography.
Reaching full speed from a state of rest, which took
0.8 sec. for the tungsten -copper anode, easily, takes
place in less than 0.5 sec. with the tungsten anode,
thanks to the smaller moment of inertia. In order

to profit by this, of course, the time necessary for

51) The ball bearings are lubricated with a soft metal, in the
Philips tubes lead is used. The vapour pressure of lead
is extremely low so that the high vacuum in the tube
remains so complete that the extremely high requirements
of reproducibility demanded by modern diagnosis with
automatic tube -current regulation are satisfied (see
H. A. G. Hazen and J. M. Lederboer. A universal
Apparatus for X-ray Diagnosis, Philips techn. Rev. 6,

12, 1941.)
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heating the filament had to be reduced to 0.5 sec.
also, and this was achieved by making the filament
longer and thinner, since the times, necessary to
become hot, are proportional to the diameters of
the filaments, given the same power.

Let us finally consider the employment of the
tungsten anode for fluorscopy. We have already
pointed out, that it is no longer necessary to keep
the basis temperature of the anode low. During
fluorscopy,,there is no objection to the anode be-
coming red hot. The heat radiation of the anode then
becomes so great that, without any further artificial
means such as increasing the radiating surface, a
very considerable power can be dissipated. In the
case of the tube, shown in fig. 1, with a continuously
applied power of 200 W the tungsten anode takes
on a temperatiire of 800 °C, while tungsten can be
made still much hotter without objection, especially
since in the fabrication of the tube it was outgassed
at a considerably higher temperature. The fluorsc-
opic power is therefore actually not determined
by the anode temperature, but by the temperature
taken on by the metal housing of the tube, which
must finally give of the heat it receives to its sur-
roundings. If it is desired, that the housing shall,
not become hotter than for instance 60 to 70 °C,
so  that it can be touched without burning the
fingers, the fluorscopic power for the very small
housing according to fig. 2  is limited to about
150 W, as stated above.

We have already pointed out that, with a higher
basis temperature, the margin to the highest per-
missible focus temperature becomes smaller. There-
fore, if immediately after fluorscopy one passes over
to photography, as is the rule in stomach exami-
nations, mentioned above, and is generally assumed
as a basis for the determination of the loadability
of every X-ray tube, the hot tungsten anode is at a
disadvantage, compared with the cooler copper
anode. This fact has been taken into account in
making the tungsten -anode tube the equivalent
of the old Rotalix" tube by a corresponding
extra increase of the radius of the anode. The load -

ability plotted in fig. 5 holds for a tungsten copper
anode with the basis temperature 450 °C and a
tungsten anode with the basis temperature 800 °C12).

It is of course unavailable that, when the
tungsten disc is red hot, a certain flow of heat will
also take place along the axle bearing the disc toward
the rear and to the copper rotor (see fig. 1). Care
must thus be taken, that the rotor does not become

12) It is also possible, as is sometimes done, to lower the basis
. temperature somewhat by making the tungsten radiate

more easily, for instance by making it black.

too hot. To that end the heat transference by
radiation from the turning rotor to the stationary
anode support is increased by providing good
radiating surfaces (blackened). An attempt might
also be made to keep the flow of heat as small as
possible, by making the axle long and thin and
chosing as material a poor heat conductor. However,
one is not absolutely free in this respect, as on the
one. hand the axle must be sufficiently stiff, i.e.
sufficiently short and thick, to transmit the driving
couple and not to fall into transverse vibrations,
on the other hand also the axle (at least the front
end of it) must be able to be outgassed at a high
temperature. A not too high heat resistance of the
axle has the advantage, that the heat capacity of
the copper rotor can contribute to the improvement
of the loadability of the anode in exposures with
very long exposure times.

Prospects for further development

Summarising, we may say that the combination
tungsten -copper offers indisputable advantages
when it is desired to take full advantage of the gain
involved in the principle of the rotating anode; that,
however, the employment of tungsten alone makes

 it easier, as far as fabrication is concerned, to
satisfy the requirements of general use in normal
X-ray diagnosis. Only for those special purposes,
where exposure times longer than a few seconds are
necessary, namely for rontgencinematography, is
the tungsten -copper anode so plainly superior, that
it is clear, that in; this field it will certainly maintain
its usefulness, perhaps in an improved form. In
the meantime the development of the tungsten
anode is by no means at an end.

In spite of the fact that, as has already been
explained, there can be no question of its competing
with the tungsten -copper anode as far as heat
capacity is concerned, it is quite possible to achieve
a certain progress in that direction and thus to
improve considerably the loadability of the tube
for long exposure times. One path in that direction
is the working out of methods of sintering lar-
ger tungsten discs. Recently indeed' we have
succeeded in making tungsten discs of more than
350 g instead of the abovementioned weight of
225 g. The loadability for long exposure times
is increased by more than 50 percent in this way.
A tube with such an anode is now at least the equal
of tube provided with a tungsten - copper - anode
of 1 kg, up to about 8 sec.

Finally, we should like to consider the possibility
that a relatively slight increase of the specific
focus loading, at very short exposUre times, will
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become desirable. Although we stated 'tile intfo-
duction, that at present there is no great need of
'this, further development might rapidly alter this
fact. The possibilities of increasing the loadability
at very short times were briefly indicated' in the
introduction: increase of the diameter and of the
speed of revolution of the anode. As to the first,
that trump has already been pritically played in
passing over from the tungsten -copper to the

tungsten -ankle, since we gave the tungsten disc
a larger diameter to compensate for the poorer
heat conduction and the smaller margin be-
tween basis and focus' temperature. As to the
second, the very much lighter tungsten disc is 
again very much in the advantage, since it will
be much sooner possible; in that case, to increase
appreciably the already high speed of revolution
(about 2900 r.p.m.).
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FREQUENCY MODULATION

by Th. J. WEIJERS.

After a short discussion of the ways in which a carrier wave of high frequency can be
modulated, for instance.with an audible frequency:so that the latter is made suitable
for radio transmission, the method of frequency modulation is explained more fully.
The principles of the necessary transmitter and receiver are described. Finally special
attention is devoted to the so-called non -quasi stationary phenomena and their part
in frequency modulation. It must be kept well in mind, that for the frequency in the dif-
ferent expressions it is not permissible to use simply the momentary frequency..

An audible sound can never be transmitted by
means of radio by being converted directly into
.electromagnetic oscillations, because much higher
frequencies are required for radio transmission.
It is thus necessary to transmit' a high frequency
oscillation as carrier wave and to impress upon this 
wave, in some way or another, the low -frequency
rhythm of the sound to be transmitted. This is
generally done, by modulating the amplitude of
the high frequency oscillation according to the low -
frequency sound rythm, and one then speaks
of amplitude modulation. Even at the be-
ginning of the development of practical radio-:
transmission, however, it was a well known fact,
that, in principle, modulation could also be reali ed,
by keeping the amplitude of the high -frequency
carrier wave constant and varying the frequency
according to the low -frequency rhythm to be
transmitted. It was at first thought, that in such a
system of so-called frequency modulation, there
would be the advantage of being able to transmit
signals with a smaller band width in the high -
frequency region, so that more transmitters could be
included in the same frequency region of carrier
waves.

However, after Carson 1) had shown in 1922
that this was incorrect, no more serious attempts
were made in the following years to apply a system
of frequency modulation for radio broadcasting.

New life was lent to attempts in this direction in
1936, when Armstrong 2) showed, that frequency
modulation can offer the advantage, that the
influence of disturbances on the reception.
can be more strongly reduced, than, is the case with
the customary amplitude modulation. Since then
frequency modulation has indeed aroused a steadily
increasing interest and the characteristics and
practical possibilities of this system have been
thoroughly investigated. As we intend to deal often

1) J. R. Carson, Notes on the theory of modulation, Proc.
i. R. E. 10, 57. 1922.

2) E. H. Armstrong, A method of reducing disturbances
in radio signaling by a system of frequency modulation,

' Proc. I. R. E. 24, 689, 1936.

621.396.619

in the future with problems, which are connected
with frequency modulation, the principle of fre-
quency modulation will be further explained in
this article, and then the characteristics will be
discussed of the transmitters and receivers for such
a system. A separate section will be devoted to
the role of the non -quasi -stationary phenomena
in frequency modulation. In a later article the two
systems of amplitude and frequency modulation.
will be compared with respect to their degree of
suitability for different applications.

The modulation of oscillations

A simple harmonic oscillation, such as is
shown in fig. la, can be represented by:

V = A cos (coot ± 92), (1)

where A, coo and g) are independent of t. 'A is called
the amplitude and toot + the phase of the oscil-
lation. In order .to make possible radio transmission
of this oscillation, it is necessary, that the frequency
fo = coo/2n should be Much higher, than in the audi-
ble region. The transmission by radio of an oscil-

Fig. 1. a) Iinmodulated high -frequency oscillation.
b) Modulating low -frequency oscillation,
c) AMplitude-modulated oscillation.
d) Frequency -modulated oscillation.

40:2116"
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lation with an audible frequency can thus never
take place directly. A high -frequency' oscillation is
distorted in the rhythm of the low -frequency oscil-
lation to be transmitted; in such a way, that radio
transmission remains possible, i.e. that the resulting
oscillation may be considered. as the sum of several
sinusoidal components with sufficiently high fre-
quencies lying in a relatively sufficiently narrow
frequency region. In principle this can be done in
two different ways: the amplitude A can be dis-
torted and amplitude modulation is the result,
or the phase coot + go can be distorted and phase
modulation results 3). As will be seen later, fre-
quency modulation is a special case of this.

For the sake of simplicity, we* shall assume for
the time being, that it is desired to transmit a
single sinusoidallow-frequency vibration B cosqt, as
drawn in fig. lb; Thus the amplitude B and the
phase qt of this vibration must be transmitted.

When this is done by means of amplitude
modulation, the constant A in (1) is replaced
by A (1 + m cos qt), m being proportional to B.
In order to avoid distortion upon detection in the
receiver, care is taken that m remains smaller'
than 1.

The vibration to be transmitted is represented by

V = A (1 + m cos.qt) cos coot . . (2)

The phase constant 97 in (1) is of no importance
here, and is -therefoie omitted in (2) for the sake of
simplicity. This vibration is reproduced in fig. lc.
The varying amplitude of this curve is, in
amplitude as well as in phase, an image of the vibra-
tion to be transmitted B cos qt (curve b). It must
here be noted, that the zero points, i.e. the mo-
ments, when the vibration passes through zero, are
not affected by .the modulation.

Equation (2) can be resolved into three sinus-
oidal components :
A (1 + m cos

7n

qt) cos coot A cos coot +
m

+ A - cos (coo + q)t + A cos (coo-q)t..
2

A cos coot is called the carrier wave, the two
other terms the side -bands. The frequencies of
these three components may satisfy the above
conditions for radio transmission; the frequencies
coo-g, coo and coo + q are high enough and lie in a
frequency region which is relatively narrow enough
when coo is chosen sufficiently large. By r elative
width ofthe frequency region in this case is meant
the quotient 2q/coo.

3) In principle, both amplitude and phase can be deformed,
but little or no practical use is made of, this possibility
and we shall not discuss it here.

The three components in question can be repre-
sented in a vector diagram (fig. 2). The carrier

Fig. 2. Vector diagram of a sinusoidal amplitude -modulated
signal OD. OA is the high -frequency carrier wave with the
angular frequency coo. .4B and AC represent the side -band
oscillation with the angular frequencies coo - g and coo q.

wave A cos coot is represented by the stationary
vector OA, the momentary value of which is equal
to the projection of this vector on the line, which
rotates around 0 with an angular frequency of am
the two other components are represented by the
vectors AB and AC, which rotate about the point A
in opposite directions with an angular velocity of q.
The amplitude modulated oscillation (2) is represen-
ted by the sum of these three vectors, i.e. by the
stationary vector OD of varying length.
. Such an oscillation can be generated in a a n s -

m it t er, consisting of an oscillator with an amplifier.
The oscillator voltage A cos coot is applied to the grid
of the amplifier valve. The amplification of this
valve varies proportionally with the grid D C voltage
or with the anode D C voltage. If one of these vol-
tages is varied 'proportionally with 1 + m cos qt,
the transmitter produces the required vibration
proportional to A .(1 + m cos qt) cos coot..

One then speaks of grid or anode modulation,
respectively, according to the method by which
the amplitude -modulated signal is reproduced in
the transmitter.

In the receiver, this oscillation is applied to a
detector, for example a diode detector with leakage
resistance. When an Unmodulated. Oscillation, with a
sufficiently large amplitude, is applied to 'this
detector, a D C voltage occurs over the leakage
resistance, which is approximately equal to the
amplitude of the oscillation supplied. The frequency
of the applied oscillation has practically no effect
in this process of detection, provided it is sufficiently
high. If the amplitude of the oscillation changes
slowly, the voltage over the leakage resistance
changes correspondingly. If the amplitude of the
vibration is A (1 + in cos qt), the voltage given
by the detector is A (1 + m cos qt) and the desired
low -frequency oscillation A m cos qt is ^obtainedt
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The D C voltage Component A is of no interest, it is
kept away from the following amplifier valve by a
condenser.-

If it is desired, to transmit the low -frequency
oscillation B cos qt by means of phase modulation,
the pa_. -t 99 of the phase in (1) is replaced by m sin qt,
so that (1) becomes 4)

V = A cos (coot -1--.nz sin qt) . . . . (3)

Like the amplitude -modulated oscillation, this
oscillation also does not change sinusoidally with
the time, and thus has no definite frequency. It is,
however, possible to speak of a varying instant-
aneous frequency. To define this instantaneous
frequency, we consider a non -sinusoidal oscillation:

= A ccis f (t) (4)

where f(t) changes arbitrarily with the time,
and we look for a sinusoidal oscillation:

y2 = B cos (wt (5)

which corresponds, as nearly as possible for the value
of t considered, with the oscillation y, y2 is then
called the instantaneaus frequency of yr What is
to be understood by corresponds as nearly as
possible", is to a certain extent arbitrary. '

Of. the oscillation y2, one can choose the ampli-
tude B, the frequency w and the phase angle co
suitably; thus the oscillation can be made to satisfy
these conditions. The most suitable choice is obtai-ned,ay/ ywhen one lets A = B, =y2 and = d2

---
Zit at

-and then calculates B, co and 99. One then finds

dt
(6)

and this frequency is defined 5) as the instantaneaus
frequency con, of yl. When this definition is applied
to the phase -Modulated oscillation (3), one finds
for the instantaneaus frequency:

aim = coo + mq cos qt = coo + do) cos qt. (7)

This varies therefore between coo-LIco and coo d-dco.
Zia) = mq is called the frequency sweep and m =
ilai/q. the modulation index. Fig. ld represents
the phase -modulated oscillation (3). The ampli- 
tude does not change due to the modulation,
but the zero points are shifted: the latter
now lie sometimes closer together and sometimes
farther" apart than in the- unmodulated oscillation.

df(t)-

4) 'The, reason whir sinqt and. not cosqt is used in (3) will
appear later.

5) The same definition is used by HelmhOliz for' acoustic
 vibrations. ; : '

The oscillation (5) is drawn in the form of a
broken line curve in fig. 3 for the vicinity of one
point. It is a. sine curve (b) with the same amplitude

Fig. 3. Curve a represents a phase -modulated signal, while
b is the sinusadal oscillation whose frequency is equal to the
instantaneous frequency co,, of a at point P.

as the modulated oscillation (a), it passes through
the point P in question and possesses the same
tangent at this point.

Conversely, one may reason as follows. From (6)
follows: f(t) = fwdt. An oscillation with an instan-
taneous frequency co (t) has the form y = A cos fco
dt. If it is desired to tranmit a low frequency
oscillation B cos qt, this can be done by an
oscillation, whose instantaneous frequency is
coo t1co cos qt, Aco being proportional to B. This
oscillation is thusy = cos f(wo Zito cos qt) dt = cos
(coot Acolq sin qt).

This shows, why sinqt was taken in (3) and not
cosqt..

In the transmission of speeCh or music, it is not
'a single frequency, but a whole frequency region,
which must be transmitted. The modulation system'
(transmitter and receiver) can now be so arranged,
that -the index m is independent of /he frequency
q of the modulating oscillation. Then the frequency
sweep Aco = qm is proportional to this frequency.
Then one usually speaks of phase modulation in
the narrower sense. It can, however, also be
arranged so that not m, but the frequency sweep
Aco is proportional to the amplitude and indepen-
dent of the frequency q of the modulating oscillation.
The index m = LIca/q is then inversely proportional
to this frequency. One then speaks of frequency
modulation. It has been found, theoretically as
well as practically, that frequency modulation is
preferable to phase modulation in the narrower sense.
We shall therefore concern ourselves further only
with frequency modulation.

Frequency modulation

A sinusoidal frequency -modulated oscillation can
be resolved into sinusoidal components. In
contrast to amplitude modulation, where this
resolution gives one carrier wave and two side -band
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frequencies, in frequency modulation an infi-
nite series of oscillations is obtained, in which -the '
frequencies of the successive components differ by
an amount q and lie symmetrical with 'respect
to the frequency of the unmodulated oscillation,
which in this case also called the carrier wave.

Fig. 4 gives an idea of the amplitudes and fre-

m.0,25

region; and, moreover, that components occur,'whnse'
frequencies lie outside the region, which is covered
by the instantaneous frequency. With a constant
frequency sweep Aco the region covered by the
instantaneous frequency is more densely occupied by
components, the smaller q is, i.e. the larger the
modulation index m. This is not, however, surprising,
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Fig. 4. Frequency spectra of frequency -modulated signals with different modulation
indic'es m = 4w/2 and constant frequency sweep 4w.

quencies of the components for different values of
the modulation index m. It will be noted here,
that although the instantaneous frequency co passes
continuously through the whole frequency region
from'coo-dio to coo + Glco, only 'a finite number of
sinusoidal components occur in this frequency

6) Balth, yan der .P ol, Proc. J. R. S. 18,'1201, 1930.

. .

when it is kept in mind, that the concept of instant-
aneous frequency is defined somewhat arbitrarily.
Furthermore, it is clear from fig. 4 that, when m >
and thus LIco > q, the amplitudes of the components,
whose frequencies differ more than about Llo)

from the carrier frequency are very small and may,
be neglected practically. If m. < 1 and thus Jai < q,
the first, at most the first two components on either
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side of .coo are of importance. In this ,case, however,
no components at all, caused by the modulation,
lie in the region covered by the instantaneous fre-
quency. If m is small (for instance m < 0.25), the
signal is practically the same, as the carrier wave
with two side -band frequencies. These three compo-
nents are represented in fig. 5 by vectors in an ana-

Fig. 5. Approximate vector diagram for a sinusoidal frequency -
modulates signal whose modulation index in is a maximum
of 3/4. OA is the carrier wave with frequencies oh); AB and QC
side -bands with frequencies co0-q and wo q; OD modulated
signab

logous manner to that in fig. 2 for amplitude modu-
lation, but there is the difference, that the compo-
nents of the side -band frequencies are 'rotated
through an angle of 42 with'respect to the carrier
wave. The sum of these three vectors is a vector
OD, whose extremety moves along the straight line
PQ, which is perpendicular to the vector OA of
the carrier wave. The amplitude of the vector is
thus not entirely constant. This is due to the dis-
regarding of the other* side -band frequencies. If on
either side of the carrier wave an additional side -
band frequency is included in the calculations; which
can be represented by two smaller vectors, which
rotate at double the angular velocity of the first
two side -band frequencies, it may be seen from fig.

P

R

0

Fig. 6. The vector 0/1 represents the carrier wave. On the
straight line PQ _LOA lies the end point of the vector, which
represents the sum of the carrier wave and one set of side -
bands. On the curve RS lie the end points of the vectors,
whLehrepresent the sum' of the carrier wave and two sets
of side -bands. On the arc of the circle TU lie the ends of the
vectors, which represent the sum of the carrier wave and
all (an infinite number) of side -bands.

that the sum of, these five vectors gives a better
 approximation of the true vector, which, main-
taining a constant length, fluctuates between the
positions OT and OU, and which is obtained by
including all the side -band frequencies (an infinite
number) in the ,calculation.

In amplitude modulation a band width is ne-
cessary, which is equal to twice the highest 'audio
frequency to be transmitted; in frequency modu-
lation, for ideal transmission, strictly speaking one
needs the whole infinite frequency region, practi-
cally, however, a frequency region equal to about
three times the frequency sweep is necessary, if
Acv > q; and equal to 2q, if .610.) < q.

Thus by the employment of frequency modulation
no space in the frequency spectrum is saved, as was
previously thought, but on the contrary more
space is needed!

Transmitter for frequency modulation

A transmitter for frequency modulation can be
arranged in different ways. Arms tr on g set about
it as follows. An oscillator controlled by a crystal
furnishes the carrier wave. This carrier wave
is amplitude -modulated, by the low -frequency oscil-
lation to be transmitted, in a push-pull modulator,
so arranged, that it furnishes only the two side
bands without the carrier wave. The carrier wave
is then added again with a phase rotation of A/2
and a large amplitude, so that an oscillation like
that of fig. 5 is formed. Care is taken that the angle
POA < n/12, so that the amplitude variation remains
small enough to be disregarded. The argument of
cos (coot + m sin qt) represented by the varying
vector OD, changes between coot m and coot- m.
From this follows, that L POA = m. - The condi-
tion that L POA < n/12 therefore expresses, that
m = n/12 or An) < n/12 q: For a low modu-
lation frequency, for instance q = 27r  30 sec -1,
Act) < A/12 2n  30 50. For higher modulation
frequencies Acv is proportionally, but even for the
highest modulation frequencies, which occur in
praxis g g. q = 2 n  15 000, corresponding with
'the  highest audible frequency; the frequency
sweep is not greater than 2n  25 000 sec. -1

By the method just described, phase modulation
in the narrower sense would be obtained, because
the modulation index m was assumed to be constant.
In order, however, to obtain frequency* modu-
lation (i.e. the frequency sweep co independent
of the modulating frequency), before the amplitude
modulation, the low -frequency signal is passed
through a network,,in. which the amplitudes of the
different frequencies are amplified proportionally
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with the modulating frequencies. In order to obtain
a large frequency sweep, which is desirable as
will be discussed in a later article, the frequency of
the modulated signal is multiplied in several suc-
cessive stages, before it is transmitted: The carrier
frequency coo as well as the frequency sweep deo
are thereby multiplied. The advantage of this
method is, that a crystal -controlled oscillator is
used, so that the carrier frequency is very constant.

In another method of modulation much used in
transmitters, the capacity of the oscillation
circuit is varied. If a condensor microphone is
connected in parallel with the tuned circuit of an
oscillator, the capacity of the circuit varies upon
speaking into the microphone. The intantaneous
frequency of the oscillator thereby also varies.
If the variation of the capacity is small, compared
with the total capacity of the circuit, the variation
of the instantaneous frequency is approximately
proportional to the capacity variation. Practically,
however, there is an objection to including  the
microphone directly in the oscillator circuit. In
order to avoid this, a so-called reactance valve
is preferably connected in parallel with the oscillator
circuit, which valve serves as variable capacity or
variable self-induction7). The action of the reactance
valve is as follows. Between anode and cathode an
A C voltage is applied with the same frequency as,
but shifted in phase with respect to, the anode vol-
tage. The grid voltage can be derived in a simple
way from the anode voltage; for instance by, intro-
ducing a resistance R between anode and grid and a
capacity C between grid and cathode (fig. 7). Here

V.Mrd
-

Fig. 7. Connections for the reactance valve. With the help
Of the resistance R and the condensor C the grid voltage is
derived from the anode voltage Va.

Vg = Va I 1 ± jRCOC. The anode A.0 is approxi-
mately Ia = S Vg = Va.S/(1d-jRcoC), if S represents
the slope of the characteristic. The impedance
measured between anode and cathode is now Vo//a
.= 1/S + jRcoC/S, and therefore equivalent to a
connection in series of a resistance 1/S and a self-
induction RC/S. It is here assumed; that the impe-
dance of the series connection of R and C is so high,
that the current through this impedance may be

7) .Compare also: Philips techn. Rev.' 4, 85, 1939.

neglected compared with the anode A C By
varying the negative grid voltage of the valve the
slope S is varied and thereby also the effective
self-induction RC/S and thus the frequency of the
oscillator in parallel with whose circuit the reactance
valve is connected (fig. 8). The positions of R and C

ti

a
(,)r

T.
rk/

V$20,

Fig. 8. Oscillator circuit with ,oscillator valve I and reactance
valve 2/R and C are introduced according to fig. 7. The modu-
lating signal is fed to the grid over the large resistance R2.

can also be interchanged, where upon the -reactance
valves becomes equivalent to 'a resistance and a
capacity in series. It is also possible to use a self-
induction L, instead of the condenser C.

. When the modulating low -frequency voltage from
the microphone is now applied to the grid over the
resistance R2, the desired frequency -modulated sig-
nal is obtained in the oscillator circuit. The frequency
of the frequency variation of this is equal to the
frequency of the modulating signal: With suitable
characteristics.of the valve employed and suitable
dimensions of the other elements of the connections,
the frequency sweep is sufficiently nearly, propor-
tional to the amplitude of the modulating signal,
provided it 'does not become too large.

Receiver for frequency modulation

In the receiver the frequency modulated signal
must again be converted into a low -frequent oscil-
lation, which is a faithfull copy of the voltage at
the microphone. The detector (diode), employed
in the amplitude -modulation receiver, reacts only
to the amplitude and not to the frequency Of the
high -frequency signal applied and cannot therefore
be used directly in frequency modulation, where .

the, amplitude is constant. Therefore in the fre-
quency modulation receiver the frequency -modu-
lated signal is first converted into an amplitude -
modulated signal and then . applied to a diode ,
detector. This conversion of a frequency -modulated

. into an amplitude modulated signal is accomplished
by means of a frequency detector i.e. a net-
work, which furnishes a high -frequency volt4e,
whose amplitude is sufficiently nearly a linear
function of the frequency of the applied voltage,
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if the amplitude of this applied voltage is eons -Cant.
For this purpose may be used, for example, con-
nections which consist of a resistance, a self-induc-
tion and a capacity in series. The resonance curve,
which fepresents the voltage E over these con-
nections as a function of the frequency, with con-
stant current through the circuit, possesses a section,
which is approximately straight (AB in fig. 9). If -
the frequency of the current varies over the region
corresponding to this almost straight part, the varia-
tion of the voltage E over the circuit is proportional
to this frequency variation. The sine curve d repre-
sents the instantaneous frequency co.. of the modu-
lated signal as a function of the time t; the sine
curve b represents the instantaneous amplitude E of
the high -frequency voltage over the circuit as a
function of the time t. Except for a constant, this
amplitude is proportional to the instantaneous fre-

 quency of the modulated signal minus the carrier
frequency.. This voltage, which thus contains both
frequency modulation and amplitude modulation,
is applied to a diode detector,.which does not react
to the frequency modulation, but to the amplitude
Modulation of this voltage. In this way, from a .

frequency ' modulated signal cos # f(t) with a
carrier frequency coo; one obtains a low -frequency
-signal, which is proportional to the instantaneous
frequency minus the carrier frequency i.e. to
)df(t)Idt-coo.

` If we prolongue the nearly straight portion AB
of the characteristic in fig. 9 until the frequency
axis, this axis is cut in a point, lying at a distance
q1, of the central frequency coo. Moreover, we see
in fig. 9, that the voltage E possesses an ampli-
tude modulation with a modulation depth Ace/q1.
The ideal would be, that the characteristic fol-

.

Fig: 9. High -frequency amplitude of the voltage E over a.
connection in series of a resistance, self-induction and capa-
city, as a function of the frequency to. If we aSsnine, that
the instantaneous frequency varies sinusoldally according to
a with the time t, we obtain the relatiOn given by b between
the instantaneous amplitudeE of the modulated high -frequency
Signal and- the time r. - - ;

lOWed indeed the :whole of the straight dotted
line; in this case 'the signal, arising after frequency,
detection, would have obtained an amplitude modu-
lation of 100% as a consequence of the frequency -

sweep q1, of the original frequency -modulation.
Another often used circuit for frequency -modu-

lated signals is shown in.fig. 10. In the anode circuit

Fig. 10. Detector circuit for frequency -modulated signals.
I last intermediate -frequency valve; II duodiode, 1 and 2
are the primary and secondary circuits of the frequency
detector. Between the points P and Q we obtain the detected
low -frequency signal.

of the last intermediate frequency, valve 1 of the
receiver a network is included, which consists of
two inductively coupled circuits, each tuned to the
frequency of the carrier_ wave of the frequency -

modulated signal to be received. For this frequency,
the voltages over the primary`circuit1 and the secon-
dary circuit 2 differ in phase by n/2; for higher
freqUencies this phase shift changes in one direction,
for lower frequencies in the other. The middle of
the secondary circuit 2 is connected with a point
of the primary circuit I. To each of the two diodes,
of which valve II consists, a voltage is applied con-
sisting of the sum of a part of the voltage of the
primary circuit 1 and half of the voltage of the
secondary circuit 2. These voltages, are represented
infig. 11 in a vector diagram. If the signal is unmodu-
lated, 0.21 'is the primary voltage, AB and AC are
the two halves of the secondary voltage.
' The voltagee on the two diodes are thus OB
and OC. The D C voltages over the resistances R1,
andR2 of fig. 10 are equal, since the vectors OB and
OC are equal in length. Between the points P and Q
of fig. 10 one obtains the difference between these
two voltages, which is zero in this case. If, however,
the frequency, of the signal applied, changes, the
vectors AB and AC rotate, for instance to AB1 "
and AC1. The voltages over R1 and R2 are no longer
equal, but OB' > OC'. The voltage between points
P and Q is now equal to the difference between the
lengths of the vectors OB' and OC'. If the frequency.
of the signal. applied varies in the opposite direction 
the sign of the voltage between P and Q changes:
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 If the applied signal is frequency -modulated,
there therefore occurs between .P and. Q a low -

Fig. 11. Vector diagram for the frequency detector according
to fig. 10. OA is the voltage, on the primary circuit I. OB
and OC are the voltages, which the carrier wave furnishes
to the two diodes, of which valve II consists, OB' and OC' are
furnished at a frequency, which deviates slightly from the
carrier frequency W.

frequency A.C. voltage, which is an image of the
modulation. By suitable choice of the coupling
between the two circuits, of the ratio of the primary
to the secondary voltage and of the damping of
the circuits, the voltage between'P and Q can; in a
sufficiently wide frequency region, be made very
nearly proportional to the frequency deviation
from the carrier frequency. The desired low -fre-
quency signal is therefore obtained free of distor--
tion. Fig. 12 gives for such a frequency detector
the voltage between P and Q as a function of the
angular frequency Co of the signal applied. This curve
approximates to a straight line, closely enough
between the frequencies aq and w2, so that - the

Fig. 12. The detected voltage between the points P and. Q
of fig. 10 as a function of the frequency a). In the region
aroimd the carrier frequency co, the curve is practically a
straight line between co, and tut.

detector can -be used satisfactorily for a. carrier
frequency coo and a frequency sweep do) which must
be slightly smaller than coo-co1 = co2-coo, as will
be discussed in the following section.

Non -quasi -stationary phenomena
- -

In the foregoing, it has always been tacitly assu-
med, that the voltages and Currents in networks
behave, under the influence of signals with varying

frequency, in the  same way 'as at constant fre-
quency, thus that the instan.taneous frequency
may simply be substituted for the frequency in
the expression for the impedance: The fact, that
this is at- least doubtful; follows immediately from.
the somewhat arbitrary definition of instantaneous
frequency. Carson and Fry8) have shown, how
it is possible, to calculate the behaviour of arbitrary
networks under the influence of a voltage with
variable frequency. This exact calculation is quite
complicated, but simple practical conclusions can
be "drawnfrom it.

When an A.C. voltage V= Vmax cos cot is 'con-
nected at the moment t = 0 with a resistance r and
a self-induction L in series, a current

---8i = imax cos (wt-T)-ima, cos q  e

flows. This current can be divided into two parts: a
"quasi -stationary" part imax cos (cot --92), which
continues to exist as -long as the external voltage
acts, and a transient current

' -imax  eE cos q),

which practically disappears after a certain, usually
very short time. In the case of a more complicated
network also the current always consists of a sta-
tionary part and a transient current, which
creases to zero. Also when the amplitude or the fre-
quency of the voltage applied changes, a temporary
component of the current appears. With arbitrarily
changing voltages therefore, one is' concerned with
such temporary components.' If the 'change in:
frequency takes place so slowly, that the temp9rary
component has already become very small before
any appreciable frequency change has again taken
place, i.e. in such a way; that the network has time
to adjust itself to the new situation, these exponen-
tially decreasing components are scarcely notice-
able, and the currents and voltages in the network
can be measured practically with sufficient accuracy,
as if one were dealing with a constant frequency,'
namely as ifthe frequency at every moment'
were equal to the instantaneous frequen-
cy. In this case the network behaves as if quasi -
stationary. In any case this method, of considering
it quasi -stationary, gives a first approximation of the
phenomena occuring. The extent, to which this
approximation produces sufficiently accurate results
in a practical case, depends upon the modulating
frequency q, the frequency sweep dco; and thus also -
on the modulation index m, as well as on the dam-

:

8) J. R. Carson and T. C. Fry, Variable frequency
electric current theory, B. S. T. J. 6, 513, 1937.
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ping of the network. When in this connection the
spectra of fig. 4 are again considered, it is seen that
although the instantaneous frequency covers a region
2.61co continuously, the oscillation is composed of
components with discrete frequencies. With a large
values of m, i.e. with a slow variation of the fre-
quency, the region of the instant neous frequency
is indeed more densely occupied, than at small
values of m, and thus more closely approaches a
continuous spectrum, as would be expected accor-
ding to quasi -stationary considerations. Moreover,
With large values of m a relatively smaller region lies
outside the region of the instantaneous frequencies
than with smaller values of m. If m < 1, except
for the carrier wave, not even a single component
lies in the region covered by the instantaneous fre-
quency. From this it may be seen again, that the
quasi -stationary method of consideration leads
to more accurate results the larger m is, and thus
with a given value of dco, the smaller q is.

In the amplifier stages of transmitter and receiver.
tuned circuits are employed, as a rule band filters,
consisting of two coupled circuits. From the quasi -
stationary method of consideration, it would follow,
that the band width of these filters is sufficient,
when a frequency region 24w is uniformly amplified.
From the spectra of fig. 4, however, it follow's that
this band width is unsufficient. If m < 1 a band
width of a least 2q is necessary, otherwise the whole

modulation might even :disappear. If m > 1 a
band width of about 34w is necessary; otherwise
too many side -band frequencies are cut off, which
would cause distorsion in the modulation and there-
fore also in the low frequency signal detected.

From this it is evident, that the quasi -stationary
method of consideration, which led to the concept
of instantaneous frequency, can easily lead to in-
correct conclusions in the case of frequency modu-
lation. The incorrect concept; mentioned in the intro-
duction, that a frequency -modulated signal with
a small frequency sweep would require only the
region in the frequency spectrum, which is covered
by the instantaneous frequency, was a result of the
quasi -stationary method of consideration, , which
does indeed give a useable approximation, when the
modulation index m is large, but which leads to
absurd results when in is small.

After the above discussion of the way, in which
frequency modulation can be realized for the
transmission of low -frequency Signals on a high -
frequency carrier wave, there remains the problem,
as to the cases in which such a system can be succes-
fully used for radio transmission. To what degree
frequency modufation offers advantages over the
usual b"roadcasting systeni of amplitude modulation
will, however; be discussed in a later article. 
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. THE FORMATION OF STEREOPHONIC IMAGES

by K. de BOER.

It is possible to construct an installation for sound amplification or reproduction, such as
is used for orchestra music, sound film or stage plays, in such a way that the acoustic
image" heard by the audience always coincides with the visual image, which is seen.
In particular the conditions are here discussed under which the sound must be recorded
in order to attain the desired result. Several more particulars are also given about the
technique of reproduction which has been dealt with previously, while it is also pointed
out. that stereophonic reproduction, without the source of the sound being visible, already
constitutes a considerable improvement.

Equipment for sound amplification is installed
in a hall in which a small orchestra performs. In
the usual way a microphone is hung somewhere in
front of 'the orchestra and the sound received by
the microphone is amplified- and reproduced by a
loudspeaker. When the attention of a member of
the audience is especially attracted first by the
violon at the left and then by the piano more to the
right, he will often feel troubled, that the music
which he hears, does not come from the direction
in which he sees the violin or piano, but always
from the same direction, that of the loudspeaker.
Sound reproduction at the cinema is usually sub-
ject to this objection. Here also, the sound always
comes from a single direction, even though the
source of sound (the speaker) moves about on the
screen. This often  produces an unnatural effect.

/
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It is also a remarkable fact that in those cases
where' sound reproduction is employed, without
the audience being able to see the original sources
of the sound (or pictures of them), a considerable
improvement of quality can be attained by
applying stereophonic reproduction. Even the
reproduction by means of two ordinary" loud-
speakers connected in series, placed at  some' dis-
tance from each .other, already provides an impro-
vement, which is sometimes made use of in the case
of the radio. For the present, we shall confine
ourselves to mentioning this fact, and in the follo-
wing devote our special attention to those cases,
where the audience can see the source of sound or a
picture of it and where it will be expected, that the
sound reproduced will come from the direction,
,in which the source of that sound is seen. -

Es,,,

Fig. 1. 'a) Arrangement for "stereophonic reproduction in a cinema. Two loudspeakers
. .

are placed'one on either side of the projection screen and are observed within an angle
2 a by the listener. .

b) Arrangement of the artificial head in the studio. The perpendicular bisectoring
plane's of camera and artificial head are coincident. The speaker stands for instance in
the direction 17).

With the stereophonic method of sound repro- 
duction these objections can be removed and the
sound reproduced is always heard from the same
direction, as that in which its source is seen. It is
important, that even on those persons, who are
scarcely aware of the objections mentioned, stereo-
phonic reproduction, nevertheless, often produces a
more pleasing impression than ordinary repro-
duction.

Principle of the arrangement' for stereophonic
image forming

The principle by which the coincidence of sound
image and visual image can be attained has already
been sketched in a previous article 1) for the case

-of the cinema, particular attention being devoted

1) See the article: Stereophonic sound reproduction, Philips
techn. Rev. 5, 107, 1940.
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to the technique of reproduction. We shall review
it briefly here, see fig. 1. For sound recording an
"artificial head" (a sphere) is set up in the studio,
which has two microphones at the position of the
ears. The sound recorded on the film for each of
the two microphones separately is -reproduced in
the well-known manner via separate channels, in
which an amplifier is included, by a loudspeaker.
The two loudspeakers are placed at either side of
the screen in the projection room. It must be poin-
ted out particularly, that this method of reproduc-
tion is simpler and pleasanter than that in which
each member of the audience must wear headphones,
while by calcuiation and experimentally it was found,
that the accuracy of the sound image need not suffer
appreciably. In this article therefore, we shall not
devote 'our attention so much to reproduction, but
to the requirements made of the method of sound
recording. The question thus is, how must the
sound be recorded in the case of the orchestra and
in analogous cases (stage, film), in order to obtain an
acoustic image, which is true to nature when the
above -Mentioned method of reproduction is
employed. It is found; that for this purposeboth the
size and the poaticin of the artificial head must be
chOsen according to a definite rule. Before we state
this rule and dismiss its application, we shall outline
the experiment from' which it resUlts

In -a recording room, see fig. 2; 'an artificial head
has been placed. The- Microphones are' connected
with two loudspeakers in the projection room by
two separate channels, each obtaining an amplifier.

x

W

Fig. 2. In the recording room 0 an artificial head and a,
movenble source of sound G, are set up. In the recording
room .R, the observer W observes the sound image of G
between the two loudspeakers Ll and L2 at a distance u
from the middle.

The distance '2a between the loudspeakers, the base,
can be chosen differently, for instance normal stage
width of 4.5 m, width of the projection screen, etc.

45° ----
Fig. 3. Upon recording the sound from a source G (fig. 2)
placed at an angle q,.with the plane of symmetry of the ar-
tificial head u represents the deviation from the middle of
the sound image as observed by W in the projection room.
The various curves are for the different sizes of artificial
head as indicated in the figure. k stands for a perfectly
shaped head.

90°
41.1/)

About in the middle of the hall, in our case at a
distance of 9 m, the observer W is seated. In the
recording room a source of sound is placed and its
position fixed by the distance 'r and the angle (p. 
In the projection room W then hears the sound
image between the loudspeakers at a distance u
from the middle. We now determine this deviation
u at different values of cp and r.

. It is found, that the deviation u of the sound
image depends only little upon r, so that we ob-
tain in fact only a relation between co and u, thus
between the angle, measured from the plane of
symmetry, at which the artificial head hears"
the source of sound and the deviation of the sound
image from the middle.

This relation, which differs for different- sizes
of artificial head, is given infig. 3 for three different
cases:
1: For an artificial :head (sphere) 22 cm in dia-

meter; which is slightly larger than a normal
head;

2. For 'a well modelled head,, and for a sphere of
. 17 cm diameter, which is about the same size

As the head;
3. For a sphere 11 cm in diameter.
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The graph shows that, for the 22 cm sphere, the
relation between (29 and u is linear as long as g)
is not greater than 45°. This linear relation, in
which equal angular rotations q) correspond to
equal displacements u, gives a sound image, whose
accuracy and naturalness are more than sufficient
for practical purposes. As soon, however, as the
source of sound has a greater angular deviation
than 45° from the centre, in the case of the 22 cm
sphere, the sound image always lies close to' one of
the loudspeakers, so that we obtain a much too
compressed and distorted sound image which does
not give a pleasing impression. (For example all
the musicians of a large orchestra who are observed
by this artificial head in directions deviating by
more than 45° from the centre would in the acoustic
image appear to be sitting in a lump, while the
others would be at normal distances apart).

It is found further that, with the small sphere, we
can reproduce a larger range of angles, namely to
approximately 90° from the centre, undistorted
on the base. This can easily be understood, because
with a given angle p, the ratios of intensities and
differences in time are smaller with the small
sphere than with the large,' as that the correspon-
ding deviations u are smaller and a wider range of
angles can ' be accomodated on the given base 2).

For the relation between the size of the artificial
head and the width of the, range of angles, which
can be reproduced undistorted on the base, we can
further deduce from fig. 3, the following rule of
thumb: (diaMeter of artificial head in cm) x (angle
to be projected in degrees) = 2000.

This rule of thumb is very useful in solving pro-
blems like the following. Sterephonic sound ampli-
fying apparatus is installed in a hall in which an

1;1(2

X
11/4 M3

Xs X
1000

149

must be chosen for the artificial head and .where
should it be placed?

The correct position* is simply found. Is is the
same as the positiOn of the single microphone in
ordinary sound amplification, and certain rules for
this are, known from practice. When the artificial
head, which 'is placed according to these rules
,,sees" the orchestra within an angle of 100°, for
correct image forming we must, according to the
rule of thumb, chose a diameter of 20 cm, see fig. 4a.
We then obtain an image like that shown in fig.
Our problem in thus solved sufficiently accurately
for practical purposes; the objection described at
the beginning of this article, has been met. Ana-
logous considerations hold for the formation of the
acoustic image of a large orchestra, an open-air
play and such cases. In the meantime stereophonic
reproduction has been employed in practice, only
for the cinema on a large scale. while for the other
cases it is still very much in its initial stages.

In connection with these figures we shall discuSs
several particulars in more detail.

Since fig. 3 is  valid for the observer W, it might
be thought that, by an observer at any other point
in the hall, the sound image, would also be observed
at another point u. It would lead us too far afield
to deal with this question in detail and we shall
confine ourselves to a single aspect. When W.
moves. along the line of symmetry the sound, mage
scarcely moves. The displacement may, however,
become somewhat greater, when TV moves to one
side to a point Wi(see fig.2). At this point the influence
of L1, is dominant and the image shifts somewhat to
the left. This could, however, be avoided by giving
Ll and L2, a certain directional effect, i.e. by pro-
viding that the same sound energy is not radiated

M, M5
X X'

Fig. 4. a) The artificial head sees" the five musicians of an orchestre within an angle
of 100°. Upon correct choice of the diameter of the artificial head an acoustic image is
formed as sketched in fig. 4 b) whose accuracy is sufficient in practice.
The loudspeakers'i, and L2 are actually placed on either side of the orchestra.

xxM4 x A
L2 b

orchestra consisting of five musicians is performing.
A loudspeaker for the sound reproduction is moun-
ted- on either side of the orchestra. How must
the sound now be, recorded, i.e. which diameter

2) See the article: Stereophonic sound reprOduction, Philips
techn. Rev. 5, 107, 1940.

in the directions a, fl, y (fig. 2), but that, as the
length of the arrows indicates, there is a decrease
in the intensity radiated in the order given. In
this way the dominating influence of Li. (and the
diminished influence of L2), can be compensated,
and an undistorted image can be obtained through-
out piactically the whole hall:
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Width regulator

It is also evident, from the experiment described
above, that if the base L1 L2 had been chosen longer
than the width of the orchestra in question, we would
still have obtained an undistorted, but at the same
time an enlarged acoustic image.

6)c
I

2

Fig. 5. Diagram of an arrangement for stereophonic repro-
duction with adjustable width of sound image. The sounds
received by two. microphones on either side of an artificial
head in the recording room are reproduced by the loudspeakers.
L1, and L2. The observer W then observes an "acoustic image"
of the recording room between L1 and L,. By means of the
coupling element K, indicated by heavy lines, the width
of this image can, if necessary, be changed. In this way it is
always possible to attain satisfactory correspondence with
a visual image also observed by W.

Thus, when it is desired to project" images of
objects of different sizes (large orchestras, stage
plays or films, small orchestras) in the same hall, the
loudspeakers should in each case be placed at a
different distance apart. This difficulty can now be
entirely eliminated by a slight modification in the
electric'al connections, which are indicated by heavy
lines in fig. 5. We shall show that, even though the
loudspeakers are located permanently at the
greatest distance apart which will ever be neces-
sary, with the connections of fig. 5 the apparent
distance between the loudspeakers can be decreased
in a simple way, so that the sound image can always
be adjusted to the natural size.

The, coupling element K indicated by heavy
lines consists of three variable resistances, namely R1
and R2, which are  always taken equal, and R3.

(At the same time it is also indicated in fig. 5
that for practical reasons, which we shall not go
into, the amplifier in each channel is constructed
in two parts, a preamplifier and an end amplifier.)
Due to the presence, of K part of the current
from preamplifier 1 enters the wrong" channel
(namely 2), while at the same time the same
fraction of the current from preamplifier 2 also
enters the wrong channel (namely 1). Suppose now
that the sound radiated by a source G is received by
the left-hand microphone at the moment. t1, and a
moment later at t2 by the right-hand microphone.
Part of the sound energy taken up at moment t1,
by the left hand channel, after amplification to a
certain amount /1 is radiated by the left hand
loudspeaker also at the moment t1. (The transit
time of the sound converted into electrical vibra-
tions can be neglected). Another part, however,
is fed, via the coupling element, to the second end
amplifier, whereupon the right hand loudspeaker
radiates an energyp T1, also at the moment t1, the
fraction p being regulated by the varying of R1
(= R2) and R3.

In fig. 6 this situation is sketched. A time axis
is indicated in the vertical direction. The arrows
pointing to the left are proportional in length to the
energies radiated by the left hand loudspeaker,
those pointing to the right to the energies radiated
by the right hand loudspeaker. At the moment t
therefore we have /3., on the left and p/1, on the right.
For the sound, which is received by the right hand

channel at t2, the case is analogous. We then find
that at t2 /2 is radiated by the right hand loud-
speaker and p'2 by the left hand one, p being the
same fraction as before, because of the complete
symmetry of the connections. This is also indicated
in fig. 6; at t2 we have thus /2 to the right and pl.2
to the left. We now determine' the position of the
sound image observed by W. The ratio /11/2 is the

t2

ti

I2

P11

ULM.

Fig. 6. The arrows toward the left indicate the intensity of
the sound emitted by the left-hand loudspeaker at the
moments t, and t2. The arrows toward the right are for the
right-hand loudspeaker. The arrows drawn with a thin line
represent the effect of the coupling K of fig. 5.
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same - as would be radiated by L1 and L2 in the
absence of the coupling K, since Il and /2 have both
lost the same fraction. The time  difference t1-,t2
is also unchanged by K. The combination (11/12,
ti t2)alone, would therefore be observed by W as
if it 'came from a sound image which shows a devia-
tion u to the left, corresponding to the angle (7)

according to fig. 3. However, W also observei the
intensities pIi and pI2 which are in the same ratio

and have the same time difference t1t2, but,
in contrast to the above, the highest intensity (pT),
comes from the right hand loudspeaker. The com-
bination (prIlp 12, tl-t2) is thus observed by W as
an image, also with a deviation u, but now to the
right, and weaker in intensity by a factor p. W
thus finally observes the sound image which would
occur if two loudspeakers at a distance u to the
left and right of the middle radiated intensities
with the ration p, of which the left-hand one is the.
-stronger. According to the measurements already
published 3) the sound image deviates from the
Middle toward the left by a fraction of u deter-
mined only by p. Wet hus reach the conclusion, that 
due to the cross talk" caused by K the deviation
from the middle of every sound image is decreased
in the same ratio (determined by p), so that we
observe a reduced but undistorted image.

Fig. -7 gives some examples, how the image of
an artificial head can be affected by a width regu-
lator. The deviation of the sound image from the
centre has been recorded as a function of the
change of 99, with regard to the pl ne of symmetry
'of the artificial head. The dotted line I is the
image, measured without a width regulator, for an
artificial head and was drawn as smooth as possible
through a great number of observations.

From the experimental curve I we have, for two
distinct positions of the width regulator, calculated
the drawn curves II and III according to the here
explained theory. The measurements for these
cases coincide satisfactorily with the drawn curves.

The regulation of this reduction is carried out in
practice with a single knob which in a number of
positions switches in suitable values of R1 (=. R2)
and R3, while these values are, moreover, so chosen
that the total intensity of the sound does not change
upon regulation (width regulator).

Left -right regulator

It is clear that the two reproduction channels
1 and 2 of fig. 5 must not cause any alteration in the

3) See the article: Stereophonic sound reproduction, Philips
techn. Rev. 5, 107, 1940.

intensity relations and the time differences of the
sounds received. As for the time differences, there
is no danger of this happening with the connections
employed; special measures must, however, be
taken against a .change in the correct ' intensity
ratios. The two fixed amplifiers and the two loud-
speakers can be made mutually identical once for
all. A difference in the sensitivity of the recording
microphones due to which a displacement of the
whole sound image toward the left or right would
occur upon reproduction, is usually combatted
in a different way. Since different microphones
are often used with different recordings, because for
example of the different sizes of the artificial head,
it is in practice simplest.to include a potentiometer
in each channel, and to increase the energy taken
up in one channel somewhat, if necessary, and
at the same time to decrease that in the other
channel. This has the same effect as a corresponding
alteration of the sensitivity of the microphones.
The sound image can then be put back in the right
position without, a change in the total energy
(left -right regulator).

450 SO°

Fig. 7. Upon recording the sound from a source G (fig. 2),
which is placed at an angle g9 to the plane of symmetry of
two separately mounted microphones, u gives the deviations
of the sound image from the middle, as it is observed by lt"
in the projection room. The various curves are for the different
distances between the microphones indicated in the figure.

Recording of the sound with two separate
microphones

Let us now return for a moment to the experi-
 mental setup of fig. 2. Instead of recording the sound

in this case with two microphones mounted on an
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artificial head, it is also pCssible to use two separate
microphones. Practically the same stereophonic
effects are obtained, provided the separate micro-

.  phones. are placed about three times as .far apart
as is the case with the microphones on the artificial
head. In a manner analogous to the one used above,
the following rule of thumb is founds (distance be-
tween separate microphones) x (angle to be
projected in degrees) = 6000, i.e. with a constant
three times as large as in the former case. See fig. 8.

The fact, that the constant must be larger, is
easily understood, when it is kept in mind, that two
separate microphones at the same distance apart
as the microphones of an artificial head would
register a considerably smaller ratio of intensities
and would thus give considerably less stereophoniC
effect. In the case of the artificial head the ratio
of the intensities at the position of the microphones
is considerably increased by reflection and dif-
fraction.

Although the separate microphones have the
advantage, that their mutual distance can be chan-
ged quickly upon passing from one ,object" to be
projected to another, while otherwise a different
artificial head must be chosen each time, the arti-
ficial head is, nevertheless, preferable, because it is
found to give sharper sound images. This is in
agreement with the experimentally found result,
that a sound image is sharper, the more it is deter-
mined by the intensity ratio rather than the time
difference. With the separate microphones which
must stand farther apart, time differences play a
relatively large part and the result is somewhat
less sharp images.

The characteristics here mentioned have been
investigated with microphones whose sensitivity
did not depend upon the direction from which the
sound comes. The peculiarities, which occur' when.

..

the niicrophones'posSeas a certain diiectional effect,
Will not be considered, nor will the generally slight
effect of the dimensions of the microphones.

120cm

I/2e

20cm

45 90°

,Fig. 8. In recording the sound of a source G (fig. 2), which
is placed at .an angle 99, with regard to the 'plane of sym-
metry, u represents the direction of the sound image from
,the centre observed bij W in the reproduction room. The
different curves belong to the distances recorded in the
figure between the} two microphones.

In conclusion, we should like to point out, that in
several very special cases the reproduction of the
sound may be obtained, not by means of two
loudspeakers, but by means of two headphones,
one for the right and one for the left ear. For this
case, which until now, has only been applied in
the case of persons with poor hearing, analogous
rules for the projection can be set up. We shall
not go into it here, since this method of reproduc-
tion has., a much less general application.
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SEVERAL AFTER-EFFECT PHENOMENA AND RELATED
LOSSES IN ALTERNATING FIELDS

by J. L. SNOEK and F. K., du PRE.

The combatting of the dielectric and magnetic after-effect is often an important problem,
especially in the development of new materials for electrotechnology. After-effect pheno-
mena are the cause of the losses" in dielectrics, while at least part of the losses in ferro-
magnetic substances must also be ascribed to that cause. In this paper the phenomena
are described, which occur in the after-effect and their causes are discussed, while at the
same time the close analogy and the connection are pointed out between electrical and
magnetic after-effect and the phenomena of elastic after-effect.

The search for materials, which possess new pro-
perties or new combinations of already known
properties, which often make possible entirely new
constructions, is becoming more and more impor-
tant. In electrotechnology this search is manifested
for example in the extensive investigation in the
field of dielectrics and ferromagnetic -substances.
However, no matter what new properties it may
be desirable for these electrotechnical materials
to possess, one fondamental requirement will
always be made, namely, that they must show very
small losses".

This requirement is understandable, when it is
kept in mind, that in a dielectric or ferromagnetic
substance, which is not free of losses, a certain
heat developinent will occur, when it is placed in
an alternating electric or magnetic field. This
heat deVelopment may, in the case of strong
alternating fields, such as may for example occur
in transmitters, mean a considerable loss of energy,
while at the same time the material may be da-
maged by the too rapid rise in temperature. Also
in those cases, where the energy loss itself is no
objection, the heat development, often has a
harmful effect, it is for example known, that the
very important selectivity of oscillation circuits
or filters is diminished by the use, of. materials,
which are not free of losses. It is for this reason,
that the combatting of losses or the preparation
of new substances with few losses is such an
important technical problem.

The nature of the losses in dielectrics and ferro-
magnetic substances may be varied. In a dielectric,
when the direct -current conductivity of the sub-
stance may be neglected, the losses must practically
always be ascribed to after-effect phenomena.

In a ferromagnetic substance, on the other hand,
the losses are caused partly by the conductivity of the
substance (eddy -current losses), while hysteresis
may be mentioned as a second important cause.
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Finally in these substances also a part of the losses
must be aseribed to after-effect, although this part is
often relatively small. In the development of new
magnetic materials, however,' it has repeatedly
been found, that a substance with otherwise favour-
able properties could not be employed, because the
strong after-effect phenomena occuring in it could
not combatted effectively. To mention a single
example, the transformer iron, prepared electroly-
tically, is still very, little used in heavy -current
technology, only because of the disturbing after-
effect, which is difficult to combat.

The investigation of the after-effect phenomena
is therefore important not only in the case "of dielec-
trics, but also in that of magnetic. substances.

It is now our intention to show, that matter may
exhibit phenomena of after-effect, not only under
the' influence of electrical or magnetic forces, but
also under the influence of mechanical forces,
demonstrating at the same time, that the after-effets
are caused in many cases by a diffusion
phenomenon.

Elastic after-effect

. As an example, we have chosen a case of elastic
after-effect, because the phenomena here are easy
to explain and at the same time show a close analogy
with other after-effect phenomena.

The following experiment is performed : A rod
clamped at one end is suddenly bent by a force
acting 'at the other end. It would be expected,
that when the bending force is kept constant, the
bending would also remain constant. This is not,
however, the case; the bending graduallyincreases
somewhat, to reach a new true equilibrium value:
elastic after-effect occurs 1) (fig. 1).

This elastic after-effect is very general and in
different materials, it is often due to the same
cause, namely, heat conduction. If we assume, that
the material has a positive coefficient of expansion,
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 the side, which is suddenly compressed will, as we
learn from thermodynamics, become slightly war-
mer, and the other side slightly colder. The com-
pressed, warm side will then exhibit extra resistance

fY

/2

,YI

Y2

t 0440

Fig. 1. At the end of the above sketched rod a constant force
a is suddenly applied, and after the elapse of a long time
suddenly removed again. The course of the bending y as a
function of the time is indicated in the lower half of the figure.
The after-effect is very much exagerated, ordinarily y, amounts
to less than 1% of y1.

to further compression, because it has a tendency
to expand due to the rise in temperature. Similar
reasoning is valid for the side that is stretched,
which has a tendency to shrink. As soon as
the difference in temperature is equalized by
the conduction of heat, the elastic force de-
creases slightly and the rod bends farther. The
phenomenon is known as the thermo-elastic effect.

In the exceptional case of a negative coefficient
of expansion the warm side is the stretched side,
but otherwise the reasoning is the same. . .

Closer analysis shows, that the equalization of
temperature takes place in such a way, that the
change in temperature .4T at every point in the
rod decreases as ilTe-sir . In this connection the
bending y due to a constant force a can be repre-
sented by:

Y = + Y2 (1e -"v) (1)

This equation expresses the fact, that at t = 0
a bending y, occurs, while after some time the
bending has increased to 31 + y2. The extra bending
y2 occurs gradually, corresponding with the change
in temperature. The quotient y2/y1 which is usu-

1 ) In this experiment in order to prevent the rod from
vibrating about its equilibrium position, thus to avoid
effects of inertia, several precautions must be taken.
The characteristic time of oscillation of the rod must be
very short compared with the time during which a notice-
able after-effect occurs. In that case the sudden" force
can  be applied in a time which is very short compared
with the after-effect time, but at the same time very long
compared with the .characteristic oscillation time of.the
rod, so that the after-effect is not disturbed by the occu-
rence of characteristic vibrations.

ally very small (for instance .1%), may be called
the strength of the effect. shequantity r is called
the relaxation tim

Upon the sudde a removal of the external force,
the deviation first suddenly decrease.s by an
amiktmt , hile the additional y2 gradually dis-
appears according to y 2e -sir . From this, we conclude,
that the substance suffers no permanent alteration
due to the after-effect. On the contrary, the original
condition is completely restored.

When the force a acting on the end of the rod
is no longer constant, but periodical:

x = a cos cot, (2)

the deviation can be represented by:

y = b cos (cot -6), (3)

as long as w <the characteristic frequency of the rod.
In the case of a periodical force, therefore, the
result of the after-effect is, that a phase difference
occurs between force and deviation. This important
property can be derived in a simple way from the
above facts, as will be shown below.

The following holds for the phase shift:

tan a = Y2

1 + T20)2

while the amplitude b lies between 71 and yi +.72,
as follows from:

ra)

.Y2b = +y,- 1 T2co2

(4)

(5)

The quantities and y2 are the same as those
appearing in formula (1) for the case of a constant
force a.

The value of 6 reaches a maximum for that
frequency for which sw = 1, see fig. 2. Expression
(4) is valid only for small values. of y2/yi, which
is almost always the case in practice.

tgcl

0.)

------
45441

Fig. 2. With periodic loading of the rod shown in fig. 1 the
likewise periodic deviation exhibits a phase shift 6 (retar-
dation), with respect to the force. The quantity tan 6 is here
plotted as a function of the angular frequency w. The full -line
curve holds for the simplest case of after-effect, the broken
line curve for a more complicated case. r is the relaxation
time.
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It must be noted that, due to the after-effect,
in this periodical movement heat is developed in
the rod: The work performed by the force x per
period, 56- x dy,, is, due to the phase shift, not
equal to zero. The after-effect causes a loss of
energy. Furthermore it may be seen from fig. 2,
how the influence of the after-effect can be combat-
ted, not only by removing the cause, but also by
employing very high or very low frequencies.

If the after-effect does not have the simple
form indicated by (1) and fig. 1, the after-effect
curve can, nevertheless, always be analyzed and
expressed in the form:

Eyn (1- -"rn) (6)

We then again find for the deviation under the
influence of a periodical force:

y = b cos (cot -6), (7a)

where now, however,

tg 6 = EI'd IV° . (7b)
n Y1

1 + .1.20)2.

- and

b = y ± E yn (7c).1 ± Tzneoz

The variation of tan S with th frequency may
be much flatter than in the case of a single rela-
xation time; see for instance the broken line in
fig. 2.

We shall now briefly derive the above results. For the sake
of simplicity we assume, that the after-effect curve can be
described by a single power of e:

Y = y1 + Y2 (1-e-'ft).
Since y, as well as y2 will be proportiond to the constant
force a, we may also write:

y = a I el + e2 (1-e-g/v) j,

or more briefly:

y= a [ + esf (t) 1.

in order to derive from this the fact, that in the case of
periodical loading the above -mentioned phase shift occurs,
we must still call attention to an experimental peculiarity,
namely the superposition effect, which is found not only
here, but in all other after effect phenomena in solids.

Let us assume, that a suddenly applied loading is altered
after a certain time to by a different suddenly applied loading
(for example in the opposite direction). For the deviation
now occuring we fird, as sketched in fig. 3, a form, which
is given by the superposition of the deviations, which each
of the processes by itself would have caused. If the first
deviation would have been represented at a given moment
t by 61a + e2f(t)  a, and the second by itself would have been

e10 e2f(t-to)b, then the final result can be found by adding
these expressions.

If the loading is given not by impulses", but by a conti-
nuous function x(t), then an increase in loading dx, occuring

1+2

Fig. 3.
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at the moment t, will be manifested at a later moment h by
a contribution to the deviation of the amount:

dx eaf(ti t) dx.

In order to deal with the above -described case, we now
assume that from the moment, t = zero" the following 'sill,
bold: x = a cos wt. As fig. 4 shows, at t = zero" we must
begin by introducing a jump of magnitude a in the loading.
According  to the superposition principle the deviation at
any given moment t1 is then given by:
1) The contribution of the jump, thus eta e2f(t1)a;
2) The contribution of the continuously varying loading:

t, g,

fdx e2 f f(t,--t) dx, with x = a cos cot.
0 0

These contributions can be calculated in a simple way. We find:

y = a (61 -FTTe2,2D) cos (oh ± a to
zco

ae 2

1 + r2a7-2

The last term may always be neglected in practice, while
the other two can easily be reduced to the form already
discussed, where the arbitrary moment t1 is again called t.
In the case of more complicated after-effect according to (6)
the derivation is analogous.

In connection with a case of magnetic after-effect
to be discussed later, we should like to consider
very briefly one of the many other' phenomena of
elastic after-effect, for which purpose the following
experiment is performed.

An iron wire is suddenly given a torque by
means of a constant couple.- The angle of torsion
shows a variation like that represented in (1),
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thus first a sudden increase and then a gradual
further increase 9.

Although the phenomenon proceeds in a manner
entirely analogous to 'the' previous one, the cause
must certainly not be sought in the thermo-elastic
effect, because no change in volume and thus no
temperature differences occur upon torsion. The
cause only became clear, when it was found, that
the phenomenon was only observed in the case
of iron, which contains small quantities (0,01%)
of carbon or nitrogen in solid solution. The "dis-
solved" particles are situated at intermediate
lattice spots. The way, in which these dissolved
particles can cause the after-effect, can be explained
as follows.

Upon torsion each volume element of the
iron experiences a gliding, which amounts to a
 compression of the lattice in one direction and
an expansion in the perpendicular direction. The
carbon or nitrogen particles, situated between the
iron, atoms, therefore diffuse from the compresied
spots, where little space is left, to the stretched
spots. Due to this, however, a decrease in the
elastic tensions occurs at the same time, so that a

 constant couple is able to give the wire gradually
a further torque, corresponding to the progress
of the diffusion.

In the two examples, mentioned here, the cause
of the after-effect was a diffusion phenomenon,
in the first a diffusion of heat, which restored a
disturbance of the uniform temperature, in the
second a diffusion of material particles, which
compensated for a disturbance of the concentration.
This property is not confined to the examples
given. On the contrary, in almost all cases of after-
effect in ponds investigated until now, it has been
found that the after-effect is based on a diffusion

, process, which restores a disturbed . thermo-
dynamic equilibrium.

The phenomena are always quite analogous to
the ones described above, as will appear later in
the case of the electrical and magnetic after-

- effect, to which we shall now devote our attention.
Incidently, it may be noted, that the establish-

ment of a thermodynamic equilibrium will always
take a certain time. After-effect will only be
observed experimentally, when the equilibrium is
established wholly or in part at a sufficiently
slow rate (e.g. in a time comparable with the
characteristic time of the considered experiment).

2) This phenomenon was first observed by Becker, and
Kornetsky in carbonyl iron; every other kind ofiron,
however, shows the same. behaviour.

Dielectric after-effect

The experiments, in which the dielectric after-
effect was originally first observed many years
ago, are entirely analogous to those used to demon-
strate the elastic after-effect. We consider a dielec-
tric, which is suddenly placed in an electric field.
The dielectric displacement D which thereupon
occurs, exhibits in almost all cases a variation
analogous to that of (1), i.e. first a sudden and
then a gradual increase. This, often very rapid,
phenomenon is shown diagrammatically in fig. 5,
as well as the (less simple) variation of the some,
what more graphic quantity I = 1/4n dD/dt,

0
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Fig. 5. Variation of the dielectric displacement D and of the
displacement current I = 1/4  dD/dt in an insulator, which
at the moment t = to is suddenly placed in an electric field.

the displacement current in the dielectric. The
behaviour of D. upon the sudden disappearance of
the field will be immediately clear. Although the
variation of the after-effect is often not according
to a single power of e, but one which must be
described by (6), we shall first confine ourselves
to the simple case.

From the observed after-effect we conclude, as
above, that in a dielectric placed in a periodical
field:

E = Eo cos cot (8)

a dielectric displacement takes place according to:

D = Do cos (cot -6) (9)

with :

Do = Eo [81 +
1 +62T2c021.an.d tan

62-
8/ 1 r2co2 ,

where 81 and 82 are constants.

rOJ
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The fact, that the dielectric displacement D can
be expressed, in the manner here given, is the most
important practical result of its interpretation by
means of after-effect.

The following is valid for the current density:

1 dD Do

4n dtI -=.=-0) sin (cot - 6) =
4n

-- Do
= -co cos -I-- (90° -4

4n

Since the current is not exactly 90° in phase
ahead of the voltage, but only 90°-a, heat develop-
ment occurs in the substance, the amount being
determined by the magnitude of S. When we
express graphically the relation between D and E
according to (8) and (9) we obtain a slender ellipse
as drawn in. fig. 6. Its width is determined by 6,
while its area indicates the energy development
per period.

Fig. 6. Relation between the dielectric displacement D and
the field strength E for a dielectric, which is placed in a periodic
electric field and which is not free of losses.

When we are not interested in the energy develop-
ment . alone, it is often clearer to describe the
influence of the angle of loss in a different way.

It must be noted, that the same phase difference
90°-(3 would have occured between current and
voltage, if a condensor with a loss -free dielectric
were connected in series or in parallel with a certain
resistance. This apparent series or parallel resis-
tance, which presents difficulties in various elec-
trical connections, is a graphic measure of the
harmful effect of the losses.

Attempts have been made, for more than fifty
years, to make the phase shift 6 as small as possible.
The requirements, which must be made, are often
very severe. Thus a value of tan 6 of 0.01 must
already be considered large, althoughthis corresponds
to a phase angle of less than one degree. In the best
solid dielectrics, now known, a value of 6 of about
0.5 minute has been attained (tano.---:10-4).

It must, however, be noted that just in these tech-
nically much used substances the after-effect

must often be described by expressions analogous
to (7), thus by:

D = Do cos (cot -6),
with:

D = Eok E 8n I and

tan a= Een rno)

n El 1 ± Tin C°2

The variation of tans with the frequency is
then often, such as that indicated by the broken
line in figure 2, in other words, tans depends
little on the frequency.

Cause of the dielectric after-effect

It is assumed, that the after-effect losses are
generally caused by imperfections", namely either
by regions in the substance which posses a certain
(slight) electrical conduCtivity, or by dipoles,
present. in low concentration, in the substance,
which can be oriented by an electric field with a
certain time lag.

It is not difficult to understand, that a substance
with these properties would exhibit just the
phenomena observed. A suddenly applied electric .
field first causes spontaneously the ordinary"
dielectric displacement E, while afterwards the
quantity D (=E+4 r P) gradually increases farther,
either due to the orientation of the dipoles, which
increases the polarisation P, or due to the fact, that
in the above -mentioned regions the positive charge
accumulates on one side and the negative on the
other, likewise resulting in an increase of P.

A medium, in which all the dipoles or all the
regions possess equal properties, will then exhibit
a simple after-effect curve according to (1), while
the complicated case occurs, when the dipoles are
mutually different as regards their time of ad-

justment, or the regions in their conductivity.
In both case, the after-effect is based upon pro-

cesses, which are closely.related to diffusion. Because
when a dipole, consisting as it does of a positive
and a negative part, changes its orientation, at
least one of the two parts must change its place
in the lattice, which displacement takes place only
gradually under the influence of the electric field
and thermal agitation, as is characteristic of diffu-
sion. In the other case we are concerned with a
diffusion of ions or diffusion" of electrons.

Ferromagnetic after-effect

While the existence of the dielectric after-effect
is quite generally known, the same can certainly
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not be said of the magnetic after-effect, which is,
nevertheless, also of great importance in alternating
current technology. In magnetic materials, aside
from the eddy currents, the more obvious pheno-
menon of hysteresis has drawn the main attention.

In connection with the development of new
materials, however, it is important to pay especial
attention to the after-effect.

Because of the fact that, in a- ferromagnetic
substance all three of the effects mentioned usually
occur at the same time, the first important task is
to be able to separate these effects from each other.
.Fortunately in this respect, with a suitable form
of the ferromagnetic substance, the influence of the
eddy currents on the phenomena in an alternating
current, circuit can be determined theoretically.
This influence can thus be separated from the
other two effects. Moreover, because this influence
can always be kept small by employing the sub-
stance in lamellar form, we shall in the future
disregard the eddy currents.

We shall now compare the two other effects,
hysteresis and after:effect with each other,
which comparison will furnish us with a means of
determining the influence of the two phenomena
separately. We assume, that the substance is placed
in an alternating magnetic field. The hysteresis
characterized by the fact is that the phase of the
magnetic induction B is behind that of the field H,
The relation between B and H being given by the
hysteresis loop (fig. 7a).

In hysteresis, as well as in the after-effect, energy is
.developed in the substance, and this is given by
;the area of the hysteresis loop or of the ellipse,
respectively. There are thus various points of cor-
respondei.ce.

b

.454.6

Fig. 7. a) Hysteresis curves of a ferromagnetic material.
The variation B is drawn, when the field is varied from +H
to -H and back again. The different curves are for different
amplitudei of the variations of the magnetic field b) Relation
between the magnetic induction B and the field strength H
for a ferromagnetic substance placed in an alternating magnetic
field and Natich exhibits after-effect only. Usually hysteresis
and after-effect occur together, which makes the phenomena
less clear.

An important difference between the two effects
occurs, however, when we make the amplitude of

the field smaller. The ellipse, as well as the loop,
then naturally become smaller. The ellipse, how-
ever, retains its original proportions. The
hysteresis loop, on 'the other hand, is deformed
and approaches a straight line; its area thus de-
creases much more rapidly than of the ellipse.
With very small amplitudes of the field, we thus
retain only the influence of the after-effect, which
consists in a phase shift and consequent heat de-
velopment. With the help of this property we can
separate the two effects.

Another phenomenon may also occur when the
frequency of the field, instead of its amplitude, is
changed. The after-effect ellipse may then become
broader or narrower, as in the dielectric case,
because, at least in certain frequency regions, the
size of the phase angle depends upon the frequency.
The hysteresis loop in this case remains, unchanged.

Summarizing, we may therefoie say, that the
relation between B and H in the case of hys-
teresis and after-effect exhibits a difference,
firstly in the shape of the loop and then also in the
way in which the loops Ater upon change in
amplitude or frequency of the alternating field.

In order to be able now to investigate the pheno-
mena of magnetic after-effect separately, we shall
always work with extremely low field strengths,
where hysteresis is a minimum, while a correction
will be introduced for the influence of eddy currents.

Suppose now, that . we perform the following
experiment. The substance is suddenly placed in a
weak magnetic field. It is then found, that the
induction B shows a variations with time like that,
which we have already encountered several times,
and which can be represented by a curve like that
of fig. 5, i.e. a sudden increase followed by a gradual
increase. (The variation of dB/dt, which deter-
mines the induction voltage in neighbouring
conductors, is entirely analogous to that of dD/dt,
which is also drawn in  the figure).

From this we again conclude in the familiar way
that with a periodical variation of the field:

H = Ho cos cot, (10)

the following is valid for the induction:

B0 cos (cot -6) . . . . (11)

The validity ofthis expression, for B, is the most
important practical result of the after-effect. The
relation between B. and H, as may be seen from
(10) and (11) is given by the ellipse of fig. 7b, as
already mentioned. The. occurrence of the phase
shift c5 results in the fact, that in a coil in which the
substance in question is employed the alternating
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current will no longer be 90° in phase behind the
voltage, but slightly less. Just as in' the dielectric
case, it may be said here also that the same phase
difference would occur if the ferromagnetic sub-
stance were free of losses and the coil connected
with a certain resistance in series or with a certain
resistance in parallel. This apparent series or parallel
resistance, which in practise is often objectionable,
is a measure of the harmful effects of the losses.

Cause of the ferromagnetic after-effect

Before we discuss the cause of the after-effect
for a single thoroughly investigated case, we shall
first briefly recall the. remarkable nature of the
structure of a ferromagnetic substance with not
too large a coercive force.

Such a substance is built up of little regions
each of which is completely magnetized, but whose
directions of magnetization are very different.
Ia a single crystallite these dir ctions are at angles
of 90° and 180° with each other, since the magne-
tization occurs according to the cube directions
in the crystal. Where two such regions, whose
dimensions are. about 10-4 cm, border on each
other, a gradual transition occurs from the magne-
tization direction of the one to that of the other
region. If the substance is now placed in a weak
magnetic field, this transition region, the wall",
is slightly displaced in such a way, that the region
whose direction of magnetization corresponds more
closely to the field becomes slightly larger and the
other slightly smaller, whereby the substance
becomes magnetized. The direction of magnetization
is thus altered at certain spots and this causes a
unilateral deformation of the crystal as has been
demonstrated by experiments on magnetostriction.
The elastic forces tend to prevent this deformation;
which stretches the lattice in one direction and
compresses it in the perpendicular direction. It is
therefore, remarkably enough, the elastic for ces
which limit the extent of the magnetization brought
about; the way in which this is done is, however,
not known with certainty.

When the field is increased to such a value, that
the wall would be displaced over a certain critical
distance, the wall suddenly shoots forward and the
magnetization in the remainder of the defective"
region as a whole changes over to the direction
of the better" region. This effect lies at the bottom
of hysteresis. In connection with the following
it must be noted, that a change of 90° or 180° in
magnetization causes no change in the mechanical
tensions in a given crystallite. The changes in
tension upon magnetization thus do not appear

in the regions, but only in the transitional layers,
so that only hysteresis accompagnies the change-
over" in direction.

After this outline of the structure of ferromagnetic
substances, we return to the causes of the
magnetic after-effect. The most thoroughly in-
vestigated case is that of the above -mentioned
iron wire, where the following conception has been
arrived at.

When this substance is suddenly placed in a
weak field, or more generally, when the field
Ho in which the substance is situated is suddenly
increased by h, the walls" are suddenly shifted,
and therefore local deformations  in the lattice
suddenly occur: a stretch in one direction, a com-
pression in the other. The carbon and nitrogen
particles situated between the 'iron atoms therefore
diffuse from the compressed spots, where there is
little room left, to the stretched spots. This, however,
causes at the same time a decrease in the
elastic tensions and the field can then gradu-
ally displace the wall somewhat farther, increasing
the magnetization thereby, which is exactly what
is observed in the after-effect. The remarkable
feature of the description here given of the
magnetic after-effect 3) is that the actual cause
lies in the elastic after-effect of the material.

It must be noted that here also it is not always
the simple relation (4) which is observed for tan 6,
but often an expression like (7) occurs, with a
much flatter shape as a function of the frequency.
In this case also, perhaps the cause must be sought
in analogous diffusion phenomena.

Thus as we have just seen, it is not necessary
that the after-effect in magnetic materials should
be based on purely magnetic" effects; usually
indeed this is not the case. If there is any coupling
between the effect being investigated and another
which exhibits after-effect, after-effect phenomena
will also appear in the first effect. This situation
is often encountered in the magnetic case.

Another example is the following. When a so-
called powder core, i.e. an aggregate of magnetic
particles separated from each other by a thin
insulating layer, is magnetized, elastic forces will
in general appear as a result in the insulating
layer. Now, if the insulating layer exhibits elastic'
after-effect, this will again be manifested in the
occurence of a phase difference in the magnetic
phenomenon.

There exists, however, still another magnetic after-effect,
that of Jordan, for which this does nut hold. We
merely mention this fact, without going into any details.
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It is understandable that the detection of the
causes of losses in often made  very difficult
by such couplings. In the meantime the examples
mentioned may suffice and we shall not discuss
any other examples.

Our final conclusion is, that the material may
exhibit after-effect under the influence of mechanical
as well as of electrical or magnetic forces, while
the cause must often be sought in a diffusion

process. In the case of periodical electrical or
magnetic fields the most typical manifestation of
after-effect is the phase difference exhibited by
the dielectric displacement D or the magnetic
induction B with respect to the field, and the losses
connected with this phase difference. The diminution
of this phase difference is therefore of great impor-
tance in electrotechnology, and this has already
been succesfully accomplished in various cases.
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BLOCKING -LAYER PHOTOCELLS
by W. CH. VAN GEEL.

Certain semi -conductors, such as copper oxide and selenium, in combination with a metal
and separated from it by a very thin layer of insulating substance (blocking layer),
exhibit upon illumination the so-called blocking -layer photoeffect. Upon illumination
a photocurrent occurs without an auxiliary voltage being applied. In this article the
action of such blocking -layer photocells and the mechanism of the phenoinena occurring
therein are discussed. In particular the selenium photocell is described in detail.

When light is allowed to fall on the alkali metal
electrode of an evacuated tube or one filled with
a rare gas, electrons are liberated. These electrons
move in the surrounding gas or vacuum of such
an alkali -metal photocell. By applying a suitable
auxiliary voltage with respect to a metal anode,
these electrons liberated by the so-called external,
photoelectric effect 1) can be made to move
toward the anode of the cell acid thus give rise to a
photoelectric current. In this way, however,
only little electrical energy is obtained from the
incident light, and it will usually be necessary to
amplify the photocurrent generated before it is
used.

In the case of the blocking -layer photocells to
be discussed in this paper, however, the incident
light is converted into electrical energy without
it being necessary to apply an auxiliary voltage.
The so-called blocking -layer photoeffect con-
sists in the fact that the light causes electrons
to move from a semi -conductor through the
blocking -layer to the contiguoUs metal, from
which they may then return to the semi -conductor
through an external resistance (for example an
ammeter). In this case, without further assistance
a photocurrent of measurable size is immediately
obtained, a fact which has of course very much
promoted the employment of such blocking -layer
photocells.

Although the blocking -layer photoeffect was
discovered by Adam and Day in 1876, while
it was again found by Fritts in 1884, blocking -
layer photocells have actually only been devel-
oped within the last ten years to the state of tech -

621.383.5

nically useful instruments. Since then they have
found extensive use in the measurement of inten-
sities of illuminations as applied in photographic
exposure meters, luxmeters, photometers, colori-
meters and the like.

Structure of the blocking -layer photocell

The construction of a blocking -layer photocell
is in principle similar to that of a blocking -layer
rectifier 2). In both cases we are concerned with a
metal layer and a semi -conductor which are separa-
ted by a thin insulating layer, the so-called blocking
layer. In order to obtain a blocking -layer
photocell, it is now necessary to make the counter
electrode or the metal layer which makes contact
with the semi -conductor so thin that it is trans-
parent. The light can then penetrate into the semi-
conductor and there free electrons.

Two kinds of blocking -layer cells can be distin-
guished according as the blocking -layer lies in
frOnt of or behind the semi -conducting layer and
the electrons leave the side of the semi -conductor
upon which the light is incident (front -wall cell)
or the other side of the semi -conductor (back -
wall cell). In fig. / the principles of these two
possibilities are shown diagrammatically. In this
figure 1 is the semi -conductor and 2 the blocking -
layer, while 3 is the metal counter electrode toward
which the photoelectrons from the semi -conductor
move through the blocking -layer. The layer of
metal in contact with the semi -conductor, which
serves the purpose of causing the return of the
electrons to the semi -conductor after traversing
the circuit, is indicated by 4. The light is incident

1) Philips techn. Rev. 2, 13, 1937. 2) Philips techn. Rev. 4, 100, 1939.
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in the direction of the arrows, so that in the case
of the front and back -wall cells, respectively, the
metal counter electrode 3 and the blocking -layer 2,

' L
$

4

2
3

451e10

a)

Fig. 1., Diagrammatic representation of the structure of a
frontwall cell (a) and 'a backwall cell (b). L incident light,
1 semi -conductor, 2 blocking layer. The metal layer 3, serving
as a counter electrode is in a very thin and transparent, while
in b it functions as base plate. In case a, however, the metal
layer 4 making contact with the semi -conductor is the base
plate and in case b, on the contrary, it is transparent.

or the contact metal layer 4 should be transparent
enough to ensure a satisfactory functioning of the
cells. As may be seen in fig. 1, the electrons move
in the same direction as, and in the opposite
direction to, that of the incident light in the front
and back -wall cells, respectively.

At present two different main types of blocking-,
layer cells are being made; namely .cup re us oxide
and selenium cells; the latter are also made by
Philips. The cuprous oxide cells are constructed
either as front -wall cell or as back-w.ell cell, selenium
cells, on the other hand, only as front -wall cell.
In order to make a front -wall cell of cuprous
oxide (Cu20) one begins with a plate of cuprous
oxide containing an excess of oxygen which lends it
conductivity. This plate is then both 1 and 4 of
fig. la. By reduction or ion bombardment the surface
of this plate is treated in such a way that a blocking -
layer 2 is formed on it of pure Cu20, which is an
insulator. This latter is transparent and must
finally be covered with a transparent metal layer 3,
towards which the electrons freed from the semi-
conductor by the light will pass. The metal layer
then becomes electrically negative and functions
as counter electrode.

If on the other hand one wishes to make a b a c k-
w all cuprous oxide cell, one begins with a copper
base plate whose upper surface is covered with a
layer of cuprous oxide (Cu20) containing an excess
of oxygen by being heated to a high temperature
(1040 °C). This combination is then (ace. to fig. lb)
the counter electrode 3 and the 'semi -conductor I
which are separated by a layer of pure CIO
which functions as blocking -layer 2. Upon this is
finally deposited a transparent layer of metal 4
which provides for the electrical contact with the
semi -conductor I. The electrons freed by the light
in the semi -conductor I now pass through the

blocking -layer 2 to the metal base plate 3 and then
return via the external circuit to the transparent
metal layer 4, which is in contact with the semi-
conductor I.

As already mentioned, the selenium cell which
is manufactured by Philips is a front -wall cell
and the order of the layers is therefore as indicated
in fig: la. Upon a base plate 4 of aluminium provided
with a prepared surface a semi -conducting layer 1
of selenium is deposited. For this purpose the
selenium has been prepared in the so-called grey
modification' by means of ,a' heat treatment. The
upper surface of this selenium is then provided
with a blocking -layer 2 upon which a very thin
transparent layer of metal 3 is finally deposited
by cathode sputtering. This last layer functions
as counter electrode. In most selenium cells the
blocking -layer 2 is obtained from the semi -conductor
1 itself by causing a chemical reaction on its
surface, .which produces a non -conducting 'surface
layer. Since, however, this blocking -layer does not
completely cover the selenium, in the Philips
selenium cell an additional separate blocking-

layer is ,deposited, -which layer has no chemical
relation with the semi -conductor. As a result not
only is a better blocking -layer obtained, but at
the same time there is the advantage that the metal
of the thin layer 3 which is deposited by evapo-
ration on the blocking -layer 2 cannot react with
the selenium, since the two layers are now entirely
different chemically. The selenium cells with a
separate blocking -layer can therefore be used much
longer than those which dd not have such a layer 3).

Moreover, it is also an advantage of the separate
blocking -layer that with it it is much easier to
alter the characteristics of the blocking -layer
according to necessity. If, for example, it is made
thicker, the photocell can be given a smaller
capacity and at the same time the internal resistance
can be increased, which may be desirable for certain
applications.

Voltage and current of the blocking -layer photocell

When light passes through the transparent metal
layer 3 and the blocking -layer 2 to the semi -conductor
1, two different phenomena take place. Not only do
electrons move from the semi -conductor through
the blocking -layer to the metal counter electrode
(blocking -layer photo -effect, as has already been
explained), but at the same time the electrons
freed in the selenium by the light produce a higher

3) In the case of the blocking -layer rectifiers which are
manufactured by Philips, both of these blocking -layers
are therefore also present.
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conductivity 4) of this semi -conductor, which is
called the internal photoeffect. Everyone sus-
pects that there is a relation between these two
effects, but it is still certainly a question whether
or not the electrons which in the blocking -layer
effect pass from the selenium to the blocking -layer
are first freed in the selenium by the internal
photoeffect. While the blocking -layer photoeffect
occurs immediately upon illumination, the internal
photoeffect shows inertia.

When the two electrodes (3 and 4). are connected
externally, for instance by an ammeter, upon
illumination the electrons pass from the counter
electrode 3 through the measuring instrument,
which usually possesses only a low resistance to
the metal layer 4 which makes contact -with the
semi -conductor 1. The direction of the electric
current is there just the opposite, as is indeed
indicated by arrows in fig. 1. In all types of
blocking -layer cells, therefore, upon illumination
the counter electrode 3 becomes negative with
respect to the semi -conductor 1. Due to this
difference of potential over the blocking -layer 2,
the electrons will now have the tendency to return
from the metal counter electrode to the semi-
conductor. This is indeed the direction of good
transmission for a rectifier. If there were no question
at all of a returning current, one would be concerned
only with a pure photo current, which would
be directly proportional to the intensity of illu-
mination on the photocell, as is represented by the
straight line a in fig. 2. In addition to this, however;
there is the oppositely directed conduction
current,' which may for example be represented
by curve b in fig. 2 and which is found to vary
approximately as the square of the voltage between
the electrodes 3 and 4. The total current through
the external circuit thus finally takes on the shape
represented by curve c in fig. 2.

Upon closer consideration, however, the concept
just given is found to be still too much simplified.
The conduction current b which flows in the opposite
direction and is due to the voltage over the bloc-
king -layer is not determined exclusively by this
voltage, but is found to depend also upon the
degree of illumination to which the photocell is
exposed. The work necessary to take one electron

4) Use is also made of this in technology. Thus for example
a selenium cell, which in principle consists of a piece 'of
selenium with two electrodes, can be put under voltage
in a closed circuit. 'When this cell is illuminated the internal,
resistance decreases and the current consequently in-
creases.' (Cf. for instance Philips techn. Rev. 2, 13, 1937).
By means of this change in current a relay may be closed.
This type of selenium cell is often called, a resistance
photocell.

from the metal counter ele2trode' into the blocking -
layer (the so-called work function) is somewhat
smaller .due to the illumination, so that for a given
voltage the opposing conduction current b will
be somewhat higher for the illuminated 'cell thin
for the non -illuminated cell.

In the foregoing we have continually spoken of a
current which the photocell can send through
an external circuit, but it may be of importance
to know also what voltage it can deliver under

vuell
Fig. 2. The current generated i as a function of the illumination L
of the photocell: a is the photocurrent which flows with no ex-
ternal resistance, b is the oppositely directed conduction current
which is a result of the voltage over the blocking layer and c
is the total current which flows through the external resistance.

different circumstances. If the voltage is measured
with a voltmeter which consumes no current, or,
more simply, if the voltage is calculated from the
current and a sufficiently high external resistance,'
one obtains a voltage, when the illumination is
not too intense, which is practically pioportional
to' the intensity of illumination, because both the
photocurrent and the counter voltage, excited
are then practically linear with that intensity. With
more intense illumination, however, the counter
voltage increases about quadratically with' the
illumination, so that the total voltage then
increases less rapidly than proportional ' to the
intensity of illumination.

Mechanism of the electron movement in blocking-.
layer photocells

We shall now attempt to explain somewhat
more clearly the mechanism of the conduction
by electrons in blocking -layer cells.

When free electrons are introduced from outside.
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into a, substance which is itself an insulator, the
electrons can move in that substance, so that
conduction is then possible in such an insulator.
According to modern conceptions about the, elec-
trical -structure of solid matter, however, it is not
pOssible to introduce electrons with any arbitrary
amount of energy from the outside. In a solid
substance 'there are alternating regions of energy
values (so-called energy bands) which are per-
mitted or not permitted for the electrons which
attempt to enter the substance. In fig. 3 it is
indicated. diagrammatically that electrons of the
energy bands A and B may occur in the solid, but

Fig. 3. Diagram of the electron states in an insulator.
The energy bands A and B of the electron levels are permitted
while between- them lies a region which is forbidden for the
electron energy. The cross -hatched -band A is completely
occupied and the single hatched band B is unoccupied.

_ .

energy levels lying between them form a for-
bidden,region.

In one definite energy state 5), according to
modern quantum theoretical conceptions, there
may exist only: one electron in every elementary
cell a the crystal. -An energy state may therefore
be "occupied" or "unoccupied". If for example
in the energy.band A all the states are occupied,
which -has been indicated in fig. 3 by cross hatching,
while the singly hatched band B is entirely unoc-
cupied, it .is not possible with the help of an
electric field to give a small increase of energy
to an ,electron, since all other states with energy
values differing only slightly frOm the original
value are already occupied and in order to attain
an unoccupied energy state in band B a much too
high amount of energy would be necessary! This
is thus the case of an insulator in which no
conduction of electricity can take place. However,
by irradiation with light of a sufficiently high
frequency v an energy quantum hv can, according

5) Such a state is characterized not only. by the value of the
energy but also in general by various other quantities,
such for example as the characteristic impulse moment
of the electrons, the so-called "electron spin".

to Einstein, be given to an electron existing in
an energy state belonging to the fully occupied
band A, by which that electron is brought into a
higher state lying in the originally unoccupied
energy band B. For electrons existing in energy
states of the only partially occupied band B it is
now possible, as a result of an external electric
field, to pass over to other energy states which
lie only slightly higher in the same band B. In
this way the insulator has been made conductive
by illumination, a phenomenon which was discussed
in the foregoing as internal photoeffect.

With the help of the concept of energy bands

Is

gsav
Fig. 4. The cross -hatched energy band A is .occupied and the
singly hatched band B is unoccupied. The likewise occupied
energy band C is produced for instance by an impurity which
makes the non -conducting substance a sem i-c onducto r.

here introduced we can now classify solid substances
as to their electrical conductivity. If we are con-
cerned with a full and, an empty band,, whose
difference in energy values is large with respect to
the average energy kT of thermal agitation, then
the latter is not capable of causing the electrons

. .

to pass from the full to the empty band where
they might be able to contribute to the conductivity.
This is thus the picture, which we must imagine,.
of a perfect insulator. Now by adding a foreign
substance to such an insulator it is possible alsOto
create electron states whose energy values lie in
the region C between A and B, as indicated in
fig. 4. If the energy band C caused by the contam-

nowlies close below the unoccupied band B
it is possible, that the aver age thermal agitation
of the electrons will be capable of taking electrons
from band C to 'states =in band B, but this cannot
take place on a large scale since there are only
few energy states in band C available, due to the
fact that the "contaminations" usually occur as
a small percentage of the substance. In. this case
we are dealing with a semi -conductor.

When, however, the occupied and the unoccupied bands
pass from one to the other without interruption we are con-
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cerned actually with a partially occupied band B. In
this case a continuous change in the electronic energy is
possible and thus also electrical conduction. We have in this
way arrived at a concept of a conducting metal. At the
same time it is clear from this representation of the state of
affairs that upon increase of temperature '(larger kT) the
average thermal agitation of. the electrons will be better
able to bring an electron from a lower occupied state into a
higher unoccupied one, so that as a result of the partial
occupation of the higher energy band B thus produced the
electronic conductivity of insulators and semi -conductors
will increase at higher temperatures, although it may in general
be disregarded compared with the conductivity of metals.

For the combination of a semi -conductor and a
metal which are separated from each other by
thin blocking -layer of an insulating material; we
arrive, for the state of equilibrium, at approxi-
mately the circumstances shown diagrammatically

,/5462

Fig. 5. Diagram of the position of the energy levels in the
combination of a semi -conductor 1 with a metal 3 separated
by a blocking layer 2. A' and, B' occupied and unoccupied
energy bands, respectively, in the blocking layer. In the
metal we are concerned with a continuum of permitted
energy levels, which are completely occupied (cross -hatched)
up to a certain limiting energy and above that only very
sparingly occupied (single hatched).

in fig. 5 for the position of the energy levels. In
the case of a selenium cell, which is a front -wall
cell as shown in fig. la, the light (incident from the
right in fig. 5) penetrates through the thin layer
of metal and blocking -layer into the semi -conductor
and will there be able to take the electrons out
of the occupied band A to the empty band B,
so that those electrons will now increase the con-
ductivity of the selenium (internal p hot o effe ct).
The electrons from the full band A of the semi-
conducting selenium may, however, also be brought
by the light into the still higher unoccupied band
B' of the blocking -layer and in that way make
that insulator slightly conducting. They then move
through the blocking -layer to the transparent metal

counter electrode and in that way produce the
blocking -layer photoeffect. The amount of
energy B'-A which an electron must receive from
the incident light for this purpose is called the
work function for the electron in the case of the
blocking -layer cells and it is quite analogous to
the work function of the electrons in the case of
alkali -metal photocells, which in that case is neces-
sary to take the electrons out of the alkali metal
into the vacuum.. The insulator in the blocking -
layer photocell thus plays exactly the same part
as the vacuum in the case of the alkali -metal
photocell. When the photoelectrons once move in
the blocking -layer into an energy state of the
unoccupied band B', they will pass from there
into the continuum of slightly occupied (singly
hatched) energy states of the metal, so that the
circuit can be closed if we connect the metal by a
conductor with the selenium 6).

For the emission of electrons by the light-sen-
sitiire semi -conductor to the blocking -layer the same
equation of Einstein is valid as for the emission
of electrons in alkali -metal photocells:

hv - hvo 112 m v2 e Vm . . . (1)

In this equation v represents the frequency of the
light which, is incident on the blocking -layer cell
and vc, the minimum frequency necessary to bring
the electrons out of the occupied hand A of the
semi -conductor into the unoccupied band B' of the
blocking -layer. The remaining energy is thus
possessed by the conduction electrons in the
blocking -layer as kinetic energy: 1/2 mv2. Finally Vm
represents the minimum counter voltage which
must be applied in order to prevent the electrons
leaving the semi -conductor and passing to the
blocking -layer; this is thus the so-called blo eking
voltage.

Since selenium absorbs visible light very strongly
the latter -can penetrate to only a small depth into
selenium, so that the electrons are freed in the
semi -conductor in a region which lies close to the
blocking -layer. There is thus reason to suppose
that the electrons which produce the blocking -layer
photoeffect are freed from the semi -conductor by a

6) If in this connection the question should be asked why
electrons are taken by the light only out of the semi-
conductor and not out of the metal into the un-
occupied band B' of the blocking -layer, the answer is
that in the metal itself such a large number of
unoccupied states are present for the electrons which
might take on such an energy from the light, that they
will have practically no chance of just entering that band
B of the blocking -layer, while on the other hand for an
electron with that energy no, permissible energy state
is available in the semi -con du ct or, so that that
electron must indeed be taken up in the unoccupied
band B' of the blocking -layer.
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photoeffect in the way just described, and that the
mechanism described, at least in the main, satis-
factorily accounts for the phenomena of conduction
by electrons in blocking -layer photocells. It is,
however, difficult to give a satisfactory explanation
of the way in which these phenomena depend
upon the temperature, and we shall not go into
it here. We only call attention to the fact that, upon
the application from the outside of a negative
voltage on the selenium, a very strong photoeffect
occurs in which phenomena of inertia appear,
so that in this case there is obviously a close
relation with the internal photoeffect which also
shows a time lag.

Data of the selenium cell

In fig. 6, current characteristics are given of the
selenium cells of 2 by 4 cm manufactured by Philips.
It may be seen that, at least upon illumination with
white light, with an external resistance of 10 ohms,
there is a linear relation between the electric current
and the intensity of illumination, which even at
2500 lux still shows no tendency toward saturation.
With 100 ohms a slight saturation appears from
2000 lux onwards, due to the already discussed
conduction 'current in the opposite direction.
With still higher external resistance this saturation
effect makes itself more and more clearly felt upon
stronger illumination, so that with an external
resistance of at least 1000 ohms one can indeed
scarcely speak any longer of a linear initial section
of the current characteristic. With an external
resistance of for instance 11 000 ohms, even with
an illumination of 2500 lux, the current becomes
no higher than 15 which fact can no longer
clearly be shown in fig. 6..
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Fig. 6. Current i in pA as a function of the intensity of illu-
mination L with white light at different values of the external
resistance.

The behaviour of the voltage over external
resistances of 50'0, 1000, 2000 and 11 000 ohms is
shown separately in fig: 7.

In fig. 8 the spectral sensitivity of the selenium
cell is shown; i.e. the relation between the current
which is produced upon illumination with a given
energy of an arbitrary wave length and the current
which is obtained with the same energy of illu-
mination with a wave length of about 5500 A.
The latter is the wave length for which the selenium
cell is most sensitive; this happens to coincide
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Fig. 7. The voltage in volti V generated over external resis-
tances as a function of the intensity of illumination L in lux.

practically with the wave length for which the
human eye is most sensitive. For the sake of
comparison the eye -sensitivity curve is drawn as
a dotted line in fig. 8. The shape of these two
curves is the same on the long -wave side. On the
short-wave side, however, the sensitivity of the
photocell does not,' decrease nearly so rapidly as
the sensitivity of the eye. This too great sensi-
tivity of the cell for the shorter waves can easily
be compensated by using suitable filters. In this way
it is possible to imitate very well with the blocking
layer photocell the spectral variation of the sen-
sitivity of the eye. The selenium cell with filters

/00 A
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Fig. 8. The continuous curve represents the spectral sensi-
tivity of the selenium cell in comparison with the curve of
eye sensitivity shown as a dotted curve.
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is therefore very suitable for use in the measure-
ment of illumination intensities. 7

With a very low external resistance the current
is found to be independent of the temperature,
but at higher external resistances such.a dependence
does occur, since the resistance for the counter
current depends upon the temperature. The size
of the temperature coefficient of the .current
depends very closely upon the way in which the
cell is constructed, but also upon the intensity of
illumination. The current may vary by 1 to 10 per
thousand per degree of change in temperature.
The temperature coefficient is found to increase
with the illumination intensity and with the exter-
nal resistance.

In conclusion we shall briefly examine how great
the power is which a blocking -layer. photocell
can deliver under different conditions. In fig. 9
the power delivered at different illumination inten-
sities is represented in (J.W as a function of the
resistance in ohms. For every illumination inten-
sity there is an external resistance for which the
power delivered 'is a maximum. This value of the
.external resistance at which the maximum power
is delivered is found to be smaller, the higher the
illumination intensity is chosen.

In order to generate a higher power a number
of photocells can be connected in p ara 11 el, so that
with a given voltage one obtains the sum of the
sepirate currents. As already stated, the photo-
cells furnish in the first instance a photo cur r en t,
while the photo voltage is a phenomenon which
occurs over the external resistance through which
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Fig. 9. The power in p,W delivered by a Philips selenium
cell as a function of the external resistance in ohms at different
light intensities in lux.

the current flows. The cells must not therefore be
connected in series, because in that case one only
obtains a photo current equal to that of the least
sensitive cell.

If one converts radiant energy of the sun into
electrical energy by means of a blocking -layer cell,
the efficiency proves to amount to only about 2
percent. The power of a large cell with a surface of
about .150 cm2 in the full sunlight is found to be
only just enough to make a small incandescent
lamp burn or to drive a small motor; for the gene-
ration of higher electrical powers the blocking -
layer photocell is not 'suitable.

Applications of the selenium cell

One of the most familiar applications of the
blocking -layer cell is its use as .photographic
exposure meter. With a given photographic
material the blackening attained by that material
upon exposure during a certain time is propor-
tional to the logarithm of the incident intensity.
Now in the case of the blocking -layer cell, when
an external resistance of about 500 ohms is used,
the current generated is also practically. 'propor-
tional to the logarithm of the intensity of the
incident illumination. We have already observed
this in the character of the curves of fig. 6, while
in fig. 10 the curve for 500 ohms is plotted with
a logarithmic scale of the illumination intensity
and proves to be almost straight. We may therefore
say that the electric current generated for a given
illumination intensity is a suitable measure of the
blackening of the photographic material, and that
a good photographic exposure meter may be based
upon this principle.

300

.T

200

100

. 0
100

----). kg L
1 1 1 1

500. 1000 2000 Lux
460/5

Fig. 10. The current with an external, resistance of 500 ohms
proves to be approximately a linear function of the logarithm
of the illumination intensity in lux. -
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INCANDESCENT LAMPS FOR FILM PROJECTION

by Th. J. J. A. MANDERS.

Because of the characteristics of the optical system in which film projection lamps are
used, the following requirements must be made of such lamps: The filament must have
great brightness and must fill a given small area as completely as possible, the diameter
of the bulb must be small and the lamp must be able to be adjusted automatically. On
the basis of examples from among the numerous types of cinema and 8 and 16 mm film
lamps manufactured by Philips, it is explained how these and other requirements are
satisfied. Particularly the construction of the filament and the part played by the gas
filling of the lamp are discussed from different points of view.

Cinema lamps and 16 mm film lamps

When in addition to the normal film 35 mm wide,
used in cinemas, the narrower film (originally 91/2
mm, later 8 and 16 mm also) began to be used, it
seemed at first as if not only the field of appli-
cation but also the projection apparatus for the
two types would differ in principle. The main
problem in projection technique is that of passing
the largelight flux', which must be thrown on the
screen, through the small film window, whose area
in the case of 16 mm film is about one fifth, and in
that of 8 mm film about one twentieth of that for
normal film. Narrow film was therefore predestined
for use in the home or in small auditoria with a
small projection screen, where less light was needed.
And while normal film was projected with the help
of arc lamps and, mirror condenser, the narrow film
projector for the small audience worked exclusively
with incandescent lamps and lens condensers. Only
in that way could they be made sufficiently 'small
and cheap, safe in use, easily transportable and
fairly foolproof.

At the present time, however, the former sharp
boundary between normal and narrow film pro-
jection is becoming vaguer. This is due mainly to
the fact, that the advantages of the narrow film
(cheaper installation, lower film costs, possibility
of the use of non -inflammable film material) have
gained more territory for it which belonged originally
onlyto normal film: the halls and auditoria in which
8 and 16 mm film is shown are growing larger and
larger and approaching the size of ordinary cinema
theaters, and non -portable apparatus is now being
made for that size film. Another reason for this
development was that the noiseless and quietly
burning incandescent lamp, which was being manu-
factured for the growing 8 and 16 mm film pro-
jectors in types of steadily increasing power, was
succeeding in displacing the unsteady sputtering
carbon arc, even in normal film projectors. This was
possible to a certain extent in smaller cinema, but
not in large theaters, where, because of its 'greater
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brightness, the arc lamp continued in use. During
the last few1years before the war the super high-
pressure mercury lamp appeared as a new serious
rival of the arc lamp 1), and the intrusive narrow
film has in the meantime also taken possession of
this aid in order to win new territory. The field of
projection in auditoria, which are not too large,
remains in the undisputed possession of the incan-
descent lamp, either with normal or with 8 or 16 mm
film.

In discussing incandescent lamps for film pro-
jection, we shall not, according to the above, be
able to draw any sharp boundary between lamps
for normal film - called cinema lamps - and lamps
for narrower film. There is indeed a difference in
lifetime: according to universally accepted standards
the lifetime of cinema lamps must be 100 hours,
while in the case of narrow film lamps 50, 25 or
even only 10 hours is considered sufficient. This
difference is, however, based more on tradition than
upon logical grounds. In principle the requirements
for cinema and for narrow film lamps are the same,
and the fact, that in practice each type of projec-
tion lamp is stated to belong to one or the other
category is mainly due to the fact that in general
each type of projection lamp can only be used in a
certain type of projector, and that projector will
naturally be intended either for normal film or for
narrower film.

The optical system

In the prOces's of projection the film picture occu-
pying the film window is thrown on the screen as
an enlarged image by the objective; see the right-
hand part of fig. 1.

In the case of normal film the area of the film
window is 3.17 cm2, the area of the projection
screen in a medium large cinema may be for in-
stance 20 m2. Thus even if all, the light which falls
on the film reaches the screen, the intensity of
illumination of the screen will be more than 60 000

1) See Philips techn. Rev. 4, 2, 1939.
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times as small as that on the film window. If foi
example it is desired' to have 50 lux on the screen
(75 or 100 lux is usually demanded), the intensity
of illumination on the film, taking into account the
losses by reflection and absorption in the objective
(about 50 percent), must amount to about 6 mil-
lion lux.

C

0

0 5 //

46165

Fig. 1. The optical system used for film projection. The light
from the filament of the lamp L is collected over a wide
angle by the condenserlens C and focussed on or near the film
window F. The film picture passing F is projected by the
objective 0 on the screen S.

This enormously intense illumination is obtained
by projecting the image of a very bright light source,
in our case the filament' of the projection lamp, on
or near the film window by means of a- condenser
system; see the left-hand part of fig. 1. As may be
.seen in the figure the condenser has the'function
of collecting the light emitted by the source over a
very wide angle, q) and concentrating it on the film,
within a smaller angle p. The angle 'p should be
equal to the angle a within which the objective
can take up light from the film window. If ip <
the objective is not  entirely' filled and if v > a,
unused light passes the objective.

Ordinari.y the performance of a projector is charac
terized by the total light flux 0 which the objective
throws upon the screen. The following formula can
be derived.2) in a simple way:

kFB)r sin2a.
F is the area of the film window, B the (average)
brightness of the light source and k a factor which
takes all the losses into account, the chief of which
are the losses in the condenser and the objective,
the losses at the film window and the losses by the
rotating sector which interrupts the light in the
periods when the film is moved.

Requirements made of the light source

Formula (1) shows that in order to obtain a
maximum light flux on the screen it is desirable
to raise the brightness of the light source as high

2) See the article referred to in footnote 1).

as possible. In addition the loss factor k must be
kept as small as possible. In our case the losses at
the film window constitute a large part of these
l_sies. Due -Co the fact that the filament of an
incandescent lamp is not a uniformly luminous
plane, it may not be focussed exactly on the film
window. If it were, the structure of that filament
image would also be projected by the objective
on the screen. The filament is therefore focussed
farther away, in the objective or at a spot between
objective and film window. In other words, the film
window is not situated at the narrowest part of the
beam of light produced by the condenser, and a
larger or smaller part (70 percent for ' example)
of this beam is cut off by the edges of the film
window. The more uniform the brightness of the
filament; the closer its image may be focussed to
the film windoW and the snialler the lOss at that
point. The greatest possible uniformity of bright-
ness of the filament is thus a second requirement.,

Further requirements follow from: 'a consider-
ation of the condenser part, of the projector. The
light from the projection lamp is. obviously used
more economically the larger the angle q, compared
to a: If it is desired to limit the distance be:
tween source of light and film window to a certain
length, in order to prevent the 'whole' prOjector
from becoming too large; 'a large angle q) means
that the filament of the lamp mustbe .able to be
placed very close to the condenser, thus -that the
diameter of the envelope of the lamp must be made
as small as possible. Furthermore with given values
of 9) and v a certain enlargement of the filanient is
obtained. Since the size of the image of the filament
is fixed by the size of the objective to be filled, the
minimum size of the filament is thus also prescribed.
In general it is found that the filainent must
occupy a rectangle of between 5 and 10 mm width.
The filament may be made larger, but there is in
the first approxiMation no profit in that.

With the dimensions the position of the filament
is also exactly prescribed. It is therefore desirable
in constructing the lamp to take care that in inser-
ting the lamp in the projector the filament automat-
ically occupies the correct position in the optical
system.

Finally the requirement about lifetime. The
various accepted times were giVen above. Since the
lifetime is ordinarily determined by the velocity of
evaporation of the filament, the prescription. of.the
lifetime means for the manufacturer in the first
instance that he must choose a suitable working
temperature. The brightness is also mainly given
thereby. We shall see how the manufacturer, with
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the limited number of available degrees of freedom
(nature and configuration of the incandescent body,
gas filling), tries to increase the brightness as much
as possible. In addition he must take care that the
lamp' also lives out its natural lifetime and does not
succumb too soon to the mechanical vibrations to
which it is exposed in the projector due to the
jerking motion of the film transport. He must also
take care that the light yield of the lamp does not
decrease due to blackening of the envelope or defor-
mations in the small, very rigidly fixed filament.

Construction of the filament

The use of spiralized wire

For the construction of the filament, according
to the above, there are three primary requirements:
it must cover a certain rectangle of from 5 to 10 mm
width, its brightness must be as uniform as possible
and the average brightness as high as possible.

In connection with the first and second require-
ments it might be thought that a tungsten ribbon
would be the ideal solution, such as is used in the
ribbon lamps developed for photometry. A very
uniform luminous surface could then be obtained
in a simple way. This would, however, be at the
expense of the third requirement: compared with
the spiralized wire used in electric lamps for the
same lifetime the working temperature and conse-
quently the brightness of the ribbon must be chosen
considerably lower. This is because of the fact that
the ribbon has a comparatively laiger surface for
evaporation, while, moreover, the tolerances in
thickness in the rolling of ribbon are larger than in
the drawing of wire. The permissible temperature
which must be calculated, so that the thinnest
spots will not succumb before the desired lifetime
is reached, is thus further depressed in the case of
the ribbon.

Also in brightness obtained at a given tempera-
ture of incandescence the ribbon is inferior to the
spiralized wire, due to the fact that with the latter
a certain "black body effect" occurs 3).

Thus for the sake of the third requirement, great
brightness, a spiralized wire is used, and with it
the prescribed area is filled as well as possible.
For this purpose the spiral is usually divided into
a number of sections which are assembled parallel
to each other in a vertical plane, for instance as

3) Clean bare tungsten has an emission coefficient of about
0,5. Due to the fact that, in the case of the spiral, part of the
radiation is reflected one or more times back and forth
between the windings before it reaches the outside, the
radiation takes on more the character of that from a
black body, and the emission coefficient correspondingly
approaches more closely the value of unity.

shown in fig. 2. The sections of the spiral will pre-
ferably be placed as close together as possible. In
the first place the uniformity of brightness of the
image of the filament is thereby improved or, speak-
ing more accurately, its structure becomes finer,

Fig. 2. Filament of a spiralized wire composed of four parallel
sections of spiral.

so that a slight lack of definition in the image is
sufficient to render the structure invisible. The
image of the filament can then be focussed at a
spot closer to the film window. In the second place
of course the average brightness of the image of
the filament becomes larger according as the area
covered by the non -luminous intermediate spaces
between the wires is smaller.

Filling the filament area

Projection lamps, like most electric lamps for
lighting purposes, are filled with gas which helps to
prevent the evaporation of the filament and allows
the filament to burn at a higher temperature and
attain the same lifetime. Due to the gas filling,
however, it is impossible to decrease the distance
between the parts of the spiral indefinitely because
of the necessity of avoiding breakdown between
adjacent parts.

In spite of this limitation various means are
employed to arrive as far as possible at a com-
plete filling of the prescribed area:

In the first place it is obvious that the lamp
should be made for a low voltage. The voltage
between the parts of the filament and thus the neces-
sary distance between those parts then automati-
cally become small. In addition there are other,
more important arguments for the choice of a low
voltage. At a given power the current is inversely
proportional to the voltage. A larger current cor-
responds to a shorter and thicker wire. A thicker
wire may, for a given lifetime, burn at a higher
temperature, since it offers a relatively smaller
surface for evaporation of the tungsten. The lamps
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for low voltage therefore have a greater brightness
for the same lifetime than those for higher voltage.
In order to obtain an impression of the difference,
let us compare a 110 V, 100 W lamp and a 30 V,
100 W lamp, both for a lifetime of 100 hours. The
first has a filament 65 ix thick, the temperature of
incandescence is 3000 °K, the brightness obtained
350 stilb; the second has a filament 155 II. thick,
temperature 3100 °K, brightness 950 stilb. Moreover,
the shorter, thicker wire has the advantage that
a shorter spiral is sufficient, thus fewer sections of
spiral and consequently less intermediate space
between them, while in addition the thicker
wire, due to its greater strength, can be spiralized
around a thicker mandrel, so that the width of the
sections of the spiral is more advantageous compared
with the spaces between. It is even possible here,
using a thick mandrel, to fill up the whole filament
area very satisfactorily with a single spiral without
subdivision.

Apart from the heat losses through the leads,
which are more important in the case of a short
wire and high current (thick lead wires) and which
prevent the voltage from ever being lower than
about 15 V, a low voltage has only the disadvan-
tage that for connection with the mains an inter-
mediate apparatus is necessary, either a transfor-
mer, or, if the purchase price is more important
than the efficiency of the projector, a resistance.

Since, because of this disadvantage, many manu-
facturers of projectors preferred to continue using
high voltages, still other means of filling the
filament area more uniformly are employed. A
method which is used in all kinds of projection
lamps (including those for low voltage) is the intro-
duction of a spherical mirror behind the fila-
ment. This auxiliary mirror casts a real image of
the filament in such a way that the images of the
spiral sections fall exactly in the spaces between the
actual spiral sections. The advantage in average
brightness on the film window to be gained in this
way may amount to 50 percent. The best uni-
formity will obviously be obtained when the inter-
mediate spaces between the sections of spiral are
not wider than the sections themselves, as is the
case with the filament of fig. 2. If, however, the fila-
ment is one for a high voltage, the spiral must, on
the one hand, be made thin in order for it to be
strong enough with the thin weak wire which must
be used, while on the other hand the spaces between
the spiral sections must be large in order to avoid
breakdown; compare such a filament for 220 V
with one for 30 V (fig. 3). With such a rarefied
filling of the area, as the figure shows, even the

auxiliary mirror can only ensure a moderate uni-
formity.

A greater effect is obtained by doubly s p ir al-
i z in g the filament. This principle (sufficiently
familiar from the incandescent lamps for ordinary
lighting purpose ("Bi-Arlita")) improves the ef-
ficiency by decreasing the transfer of heat to the
gas, permits the employment of a somewhat higher
temperature for the same lifetime, due to a slight
decrease in the evaporation, reinforces the already
mentioned black -body effect and in our case also
offers the possibility of filling the filament area
about as well as if we were dealing with a low-

iii

Fig. 3. Filaments of a 220 V narrow film lamp (left) and
a 30 V narrow film lamp (right). a) The image of the filament
without auxiliary mirror, b) with auxiliary mirror. In the case
of the filament for the high voltage the filling of the area
is unsatisfactory, even with the employment of the auxiliary
mirror.

voltage wire of the now spiralized single spiral.
In this way it is possible, for example, to obtain the
same average brightness with a 110 V -double spiral

Table I.
Average brightness, without auxiliary mirror, of four different
projection lamps for 100 W and a lifetime of 30 hours.

Voltage
volts Spiral Dimensions of

filament (mm2)
Average bright-

ness (stilb)

30
60

110
220

single
single
double
double

5,2 X 4,5
6,5 x5
5,5 X 5

10 X8

1150
700
700
225
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Fig. 4. Filament of doubly spiralized wire (110 V, 250 W).
Note the connections of the two spiral sections: the current
flows through both in the same direction, so that there is
only half the lamp voltage between each corresponding pair
of points in the two sections. Because of this the two sections
may be situated closer together than when the two extremities
at which the current is applied and taken off are situated
side by side at the same height.

as with a 60 V single spiral; see table I. In fin. 4
such a doubly spiralized filament is shown.

Finally the two -plane assembly is also much
employed: the sections of spiral are not assembled
in a single plane, but in two parallel planes in such
a way that the spirals of one plane lie behind the
intermediate spaces of the other, see fig. 5. It is
clear that in this way very good uniformity and a
very high average brightness can be obtained,
especially when an auxiliary mirror is used in addi-
tion. As may be seen in Table II, these two -plane
filaments are far superior to the others. In the case
of one of the lamps here mentioned, by means of a

combination of methods - two -plane assembly,
low voltage and auxiliary mirror -a brightness of
4500 still) has been obtained. This is certainly the
highest value that has yet been attained with
incandescent lamps. For the sake of comparison
it may be mentioned that the spiral of an ordinary
100 Dim 220 V lamp for the home has a brightness
of 680 stilb, a fluorescent tubular lamp 0.3, the
carbon arc 20 000, the high -intensity arc E0 000,
the water-cooled super high-pressure mercury
lamp (SP 1000) in the axis of the discharge 45 000
stilb.

Fig. 5. Two -plane filament, seen obliquely from above. The
system of hooks which protect the spiral sections on the upper
side from lateral deviations is fastened rigidly to the leads,
the corresponding hooks on the lower side, on the contrary,
can move up and down in a vertical direction thanks to
an arrangement of two tubes which slide over the leads
(so-called sag arrangement, see below). The insulators
should be noted between the hooks and the leads: these are
made of a special ceramic material prepared and shaped
in the factory and then fired with the hooks inserted.

Table II.

Data of several Philips cinema and narrow film lamps

Power
watt

Voltage
volts

Lifetime*)
(without
auxiliary
mirror)
hours

Form of
filament

mm2

Dimensions
of filament

Total light
fluxlumen

Average
brightness *)
(with a '-
liary mirror)

stilb

100 110 100 one plane 9 x 6,2 1 700 480
100 30 50 one plane 5,2 x 4,5 2 300 1650
250 110 100 one plane 10 X 8 5 950 1200
250 50 50 one plane 7 x 6 6 000 2300

(double sp.)
500 110 100 one plane 12 x10,5 12 700 1650
500 110 25 two plane 7,8 x 7,6 12 500 3500
750 15 100 one plane 8,5 X 9,5 20 000 4100
750 110 25 two plane 9,5X 9 19 800 3800
900 30 100 one plane 11 X 12,5 25 000 3000
900 30 100 two plane 11,5 x 8 25 000 4500

1200 110 10 two plane 12 x12 36 500 4200

5) The life time without, the average brightness with auxiliary mirror.
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The measures described all have the effect of promoting
a greater concentration of the filament and a higher average
brightness. Their effect is, however, partly cancelled by a
more irregular distribution of temperature, of which they
themselves are the cause. Since the temperature of the hottest
part of the filament determines the lifetime, the more irregular
the distribution of the temperature the lower the average
temperature must be chosen for a given lifetime. Because
of this, part of the gain in brightness must be sacrificed.
This  effect - the unfavourable ratio between highest and
average temperature - is :already appreciable upon passing
over from single to double spiral; it is stronger in the case
of the transition from single -plane to two -plane filament;
and it is further accentuated when an auxiliary mirror is
added because of the fact that part of the reflected radiation
falls upon the 'filament again and raises its temperature -
locally. If the decreased lifetime is accepted, ii would actually,
have been possible to make some gain in brightness without
the mirror by raising the temperature of the filament. Inde-
pendent of this controversy, however, remains the gain obtained
in the projector due to the fact that with more uniform
brightness the image of the filament can be focussed closer
to the film window.

In speaking of the non -uniformity of the brightness of
the filament we have had in mind until now the more or less
periodic variations .which are encountered as one passes
across the spiral sections and the intermediate spaces of the
filament or even along the length of a spiral over the windings.
Superposed on this is a gradual decrease in brightness from
the middle to the edges of the filament, caused by the fact
that the edges cool more rapidly because of the unhindered
lateral radiation, see fig: 6. Of itself such a not too rapid
decrease toward the, edges, which is reproduced in the illu-
mination of the film picture and consequently also in the
illumination on the screen, is not a serious difficulty. It ne-
cessitates, however, a certain correction in the statement
made above about the required size of the filament: it is
indeed an advantage 'to make the filament somewhat larger
than 'the minimum size. When this is done only the middle,
hottest part of the filament is used, whose average brightness
may be considerably higher than the rest. And in practice
this advantage is still further increased by the fact that at
a given voltage a larger filament corresponds to a higher
power and consequently a Higher current, a thicker wire

and thus a higher permissible temperature for the same
lifetime.

Finally a few words about the gnsfilling. The voltage at
which, foi a given -distance between sections of the spiral,

a
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Fig. 6. Distribution of brightness in the filament image
obtained with a two -plane filament with auxiliary mirror.
Above, the distribution measured along the line ,a -b, to the
right, that along c -d. The brightness ,is measured with a
photocell of about half the width of the spiral image. It is
plotted in arbitrary units. (See: G. Mili, J. Motion Pict.
Eng. 28, 168. 193'7). '

breakdown may happen depends upon the gas. For normal
lamps a mixture of nitrogen and argon is used. The argon
causes less loss of energy by the conduction of heat and there-
fore improves the light yield' per watt, but it 'decreases the
voltage for breakdown. A s for film projection the specific light
yield is less important than a maximum concentration, these
lamps are filled with pure nitrogen, which allows of the
sections of the spiral being placed closer together without 'risk
of breakdown. It must, however, be kept in mind that
even without that danger a certain distance would have
to be maintained between the spital sections in order to
avoid any chance of short circuit between the sections
due to possible deformations from 'mechanical vibrations,
heat expansion or recrYstallization. It: should be mentioned
here, that it haS only become possible due to the progresS
in the manufacture of tungsten during the last ten years to
diminish the deformations due to recrystallization upon
ageing of the lamp to such an extent that it became possible
to construct two -plane filaments. In the case of single -plane
filaments also, it is of course desirable that the spiral sections
shall, remain straight during the life of the lamp. But 'the
requirement is not so forcible in' this case, since only upon
deformation of the spirals in one direction is there chance
of short circuit, while with two -plane filaments deformation
in almost every direction may result in short circuit.

Position of the filament

In order to satisfy the above -mentioned require-
ment that upon inserting the lamp in the projector
'the filament will automatically be situated at the
correct spot, each lamp is provided with an inner
socket and an outer socket, the latter of which can
only be placed in the lamp holder of the projector
`in a single definite way (so-called centering socket).
In a model of the given projector the lamp with
inner socket is first placed in exactly the correct
position with respect to the outer- socket, .which is
checked by projection of the incandescent filament

On a small screen with indicating marks, see fig. 7.
The inner socket is then soldered into the outer one.

It is essential that the adjustment described
should be carried out while the lamp is burning
normally, because in the cold state the filament
is in general in a different position than in the hot
state, due to the fact that the leads and hooks
and the filament itself expand when hot. A similar
method is used for the locating of the auxiliary
mirror on the wall of the envelope. The adjustment
of the filament with respect to the mirror takes place
during the fusing in of the pinch, simply by ob-
serving the mirror image of the filament. In the
cold state filament and mirror image must be
shifted mutually a certain' distance in order 'to fit
together satisfactorily when the filament is hot
(see fig. 10).

It is of course necessary that all parts of -the
filament remain sufficiently firmly in place during
the life of the lamp and are not,  deformed. or
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warped by possible tensions in the material. How
such tensions may occur is shown in fig. 8. The
spiral in two sections here shown as an example
must be secured by a hook at the lower side to
prevent lateral deviation. Due to the fact that the

Fig. 7. The instrument for adjusting the filament with respect
to the centering socket. To the right on the screen may be
seen the filament images, one of which is projected directly
on the screen and the other, seen perpendicular to it, is
projected via a prism.. By turning and shifting the lamp
the images must be made to coincide with a drawing on
the screen. The correct position of this drawing with respect
to the lamp holder is checked from time to time with a
normal lamp.

thin filament becomes hot and cold much more
rapidly than the thick leads, upon switching on
the spiral has a slight play for several seconds,
upon switching off on the other hand the spiral
(and the hook) would be under a high tension for
several moments. In order to prevent this in the
case of the more complicated filaments (two -plane
systems) a so-called sag arrangement is employed;
cf. fig. 5. The hooks are not rigidly fixed, but are
able to move slightly up and down vertically, while
still giving the spiral sections sufficient support
against lateral deviations.

Thanks to these measures and to the pre-% iously

a

J L
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Fig. 8. The expansion and contraction of a two -section fila-
ment and the leads upon switching on and off. a) Cold state;
b) immediately after switching on: spiral hot, leads still cold;
c) in operation; d) directly after switching off: spiral cold,
leads still hot.

mentioned absence of deformation in the spirals
due to recrystallization, all parts of the filament
retain their correct positions during the whole
lifetime, and no decrease in light occurs in the
projector due to gradual loss of adjustment.

The envelope

The requirement mentioned at the beginning,
that it must be possible to place the filament as close
as possible to the condenser, leads to the fact that
the envelope, usually of a tubular form, must be
given as small a diameter as possible. A limit is set
by the fact that the wall of the envelope would
become too hot if it were too close to the incandes-
cent filament. This can also be enhanced by the
blackening which normally appears after the course
of time on the wall due to the evaporated tungsten,
which is deposited on the wall and which absorbs
part of the radiation and thus makes the envelope
still hotter. Three methods are available of arriving
at a small diameter of the envelope. In the first
place the envelope is made of a special hard glass
which has a very high softening point, namely
750 °K. In the second place, especially in projectors
for 8 and 16 mm film, a forced cooling is employed
by means of a fan. In the third
made to prevent the deposition of the evaporated
tungsten on the wall in the neighbourhood of the
filament. This is indeed desirable in any case be-
cause the blackening is accompanied by a gradu-
ally increasing reduction of the light during the
lifetime of the lamp.

The gas with which the lamp is filled plays an
important part in these phenomena. While on the
one hand it has the disadvantage that it becomes
warm itself by heat conduction from the filament
and therefore heats the envelope more strongly, on
the other hand it has a favourable effect as far as
the blackening is concerned, because of the fact
that currents occur in the heated gas which carry
the evaporated tungsten along, so that most of it is
not deposited close to the filament but at some
other spot. This effect can be reinforced by intro-
ducing nickel gauzes or plates above the filament
in the rising gas current, upon which the tungsten
particles are deposited (see fig. 9). In this way it
has been possible to limit the diameter of the en-
velope of.lamps for 8 and 16 mm film for 1000 W
and 1200 W to the same as that for a 750 W lamp,
namely only 38 mm. Still more effective is the em-
ployment of the so-called hanging construction;
fig. 10. The lead wires, in this case above the
filament, which become very hot close to the fila-
ment, function as a sort of chimney, which causes
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Fig. 9. Philips 16 mm film lamp, 110 V, 1000 W. Above
the filament are two nickel plates along which the rising
gas flows and upon which the particles of evaporated tungsten
have an opportunity to be deposited. The upper part of
the envelope is sprayed black in order to prevent light escaping
through the ventilation holes of the projector into the audi-
torium.

the rising current of gas to pass first along the axis
of the lamp. In the spherical enlargement at the
top of the envelope the gas takes on a whirling
motion in which practically all of the tungsten
carried with it has the opportunity of being depos-
ited on the wall at that spot. The descending,
cooled gas, in which there are only few tungsten
particles left, deviates from the wall again slightly

above the filament and flows toward the filament
( fin. 11). Therefore at the height of the filament
the wall remains almost entirely free of blackening,
while also there is no heating of the wall here by
passing hot gases. In that way in the case of the
750 W lamp shown in fig. 10, which had to operate
without artificial cooling, the diameter could be
reduced to almost the same value (44 mm) as in the
case of the above mentioned lamps with forced
cooling.

The gas currents described can be made visible in a very
interesting way by constructing such a lamp with a tube
fused on, through which, while the lamp is burning, a small
amount of air can be admitted to the lamp. The tungsten
particles coming from the filament are then immediately

46/68

Fig. 11. Gas currents in the lamps of fig. 10.

oxidized to a white powder whose motion can be followed
with the eye. The well-known method of To epler can
also be followed, in which the current phenomena are made
visible by means of the accompanying very slight local
variations in the index of refraction. These methods are
very useful in the investigation of the shape of envelope
which is most suitable for obtaining the desired course of
the currents of gas.

In still another way the gas helps in protecting
the envelope. If, due to an incipient blackening
or possible insufficient cooling, the envelope should
become soft at a certain spot, then at that spot
it would be slightly compressed by the external
pressure if there was a vacuum or diminished pres-

Fig. 10. Two Philip:, cinema lamps 15 V, 750 W with the so- sure inside the lamp. It would thus come nearer
called hanging construction. The left-hand lamp has an auxi-
liary mirror of evaporated aluminium on the inside of the

the filament and thus become still hotter and still
envelope. softer, and this accelerated process would quickly
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lead to the destruction of the lamp. -Now by
filling the lamp with a gas at such a pressure that
when hot there is a slight excess pressure in the
lamp, the compression of the envelope is made
impossible. The excess pressure can be employed
without any danger because of the small size and
thus the strength of the envelope. The relatively
high pressure gives the additional advantage of a
still greater increase in the permissible working
temperature and an increase in the breakdown
voltage in the gas.

Finally it may be mentioned that for some 8 or 16
mm film projectors, with a very compact construc-
tion, lamps have been made in which the filament is
brought especially close to the wall by exc entric
placing in the envelope. In the case of the 400 W
lamp shown in fig. 12, for example, the distance
between filament and wall is only 7 mm. This is
made possible by the employment of the hanging
construction and by an arrangement for cooling
in the projector housing in such a way that the
part of the envelope lying opposite the filament
is the most strongly cooled. For the rest it is striking
that in this lamp the spiral sections are
horizontal. The vertical position is usually
chosen in order to prevent short circuit between the
sections in case of any slight sagging of the spiral
during use. The horizontal position has the advan-
tage that the light emitted in the axes of the enve-
lope can easily be used for the scanning of the sound
track of the film, so that a separate lamp is not
needed for that purpose. In the case of the lamp
in fig. 12 use is made of this possibility, which exists
indeed only with the hanging construction, since
in the ordinary, standing construction the light
along the axis direction would have to pass through
the upper parts of the envelope, which are most
subject to blackening.

Although in projectors for normal film the dimensions
of the apparatus are much less critical than in the case of
narrower film, here also for other reasons the diameter of
the envelope must be kept as small as possible. Since in
general these projectors work with a mirror condenser, the
auxiliary mirror is placed in front of the lamp and thus cuts
off a part of the beam of light which the condenser mirror
throws on the film. The auxiliary mirror should therefore
be small, and since the mirror is placed on or outside the en-
velope, the envelope itself must be small.

Attempts have indeed been made to avoid this necessity
by placing a very small mirror inside the envelope very
close to the filament. This mirror had to be made of molyb-
denum because of the intense heat. The relatively low coef-
ficient of reflection of molybdenum (60 percent in the cold
state, about 75 percent at white heat, compared with 95
percent for a mirror of aluminium deposited on the wall)
and the practically unavoidable loss of adjustment upon

becoming hot, however, make the advantage of this method
more or less illusory, especially since the hanging construction
has made it possible to reduce the diameter of the envelope
very much at the position of the auxiliary mirror (in the lamp
of fig. 10, left, it amounts to only 60 mm.)

The lamps in operation

We have already pointed out that the lamp
must be resistant to the mechanical vibrations
to which it is exposed when the projector is in use.
These vibrations are composed of many components
of different frequencies and are different for each
type of projector. It is therefore impossible to indi-
cate a lamp construction which could be used in

Fig. 12. Philips 16 mm film lamp 30 V, 400 W, with hanging
construction and with excentrically placed filament, whereby
the distance between filament and wall of the envelope is
reduced to 7 mm. The spiral sections are horizontal in this
case, the light emitted downward is used for scanning the
sound track of the film. The sections of the spiral do not lie in
a flat plane but in a cylindrically bent plane, whereby a
similar effect is obtained as in the two -plane assembly.

all cases. Attempts are rather made empirically
during the development of the lamps to render
a lamp insensitive to the special vibrations of the
type of projector for which it is intended. For this
purpose the lifetime is determined of test models
of the lamp and a normally working model of the
projector, and the construction of the leads and
hooks are altered until the desired lifetime in oper-
ation is fully achieved. This work is made more
difficult by the requirement that the leads and
hooks must not stand in the way of the light
beams which the filament emits towards the conden-
ser and auxiliary mirror.
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The nominal lifetime can only be attained
if the lamp is burned precisely at the prescribed
voltage or current. If the lamp is calculated
for a certain voltage, an Increase in voltage of 1
percent decreases the lifetime by 14 percent, while
on the other hand a decrease in voltage of 1 percent
causes a deprease in brightness of 4 percent. With
a lamp for a certain current the corresponding
variations upon change in current are still larger,
namely 25 percent in lifetime and 8 percent in
brightness. The difference between the two kinds
of lamps consists in the fact that, in choosing the
dimensions of the former, account is taken of a
gradually decreasing current strength during
the life of the lamp, due to the fact that the fila-
ment is becoming thinner by evaporation, and a
consequently increasing resistance; in the case of
the second lamp a gradually increasing voltage
is discounted in the dimensions for the same reason.
Since as a result of this; the brightness will decrease
slightly in the first lamp and increase in the second
lamp, the use of lamps for constant current
is always considered . desirable for projectors in
order to compensate, a decrease in light due to
blackening of the walls and deformation of the
filament. Since, however, according to the above
in the Philips lamps this decrease in light yield has
been reduced to practically zero, the burning of
the lamp at constant voltage would be more
recommendable in connection with the above -
mentioned slighter sensitivity to variations in the
operating condition,, and also because the "gain"
in light upon the ageing of the lamps for constant
current is of course only obtained at the expense
of a lower temperature of incandescence and bright-
ness in the new lamp. In any case the voltage or
current stamped, on each lamp should be exactly
maintained during its use if full'profit is to be had
,with respect to brightness and lifetime. Most pro-
jectors are provided with a measuring instrument

(although it is unfortunately, not always reliable)
for controlling voltage or current. .

A few words may be said about the efficiency
of the lamps. As can be seen from table II, it is very
high, thanks to the high temperature of incandes-
cence. The lamps with a lifetime of 25 hours have as
a rule a specific light yield of 25 lm/W, the 1200 W
lamp in the table with a 10 hour lifetime even has
more than 30 lm/W, which begins to approach the
efficiency obtained with gas -discharge lamps.' If
one considers the ,unusually uneconomical way in -

which.the light is used in the projector, the high
efficiency mentioned appears to be a waste of eff,rt.
A. balance of the light flux excited in the lamp for
different projectors shows that in the end a maxi-
mum of only 1 to 2 percent of it reaches the screen
as effective light. Nevertheless, the high light yield
of the lamp is of very great practical advantage,
not so much because of the lower current costs
- these are negligible compared with the cost of
the film - but because of th e smaller amount of heat
developed. This byproduct must be removed from
the projector without the occurrence of undesired
high temperatures at any spot, and in particular
the heat contribution from the radiation which
'must be concentrated on .the film window may
not cause at that spot too great overheating.
This heating is indeed not, so dangerous in the
case of film of non -inflammable' material, and
°it is less intense in the case of the lens condenser
used for narrow film than with a mirror condenser,
since due to the dispersion in the glass the lens
has the fortunate property of focussing the infra
red rays' to an image of the filament considerably
farther away: On the other hand, however, in
the case of just these narrow film apparatus
every limitation of the heat developed is welcome
in order to be able , to reach a reasonable light
production and still retain a 'small and convenient
construction.
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THE MEASUREMENT OF REVERBERATION

VOL. 8, No.. 3

by W. TAK. 534.844.1

In this article several theoretical considerations about reverberation in rooms and auditoria

are discussed. The phenomenon of reverberation is considered as the sum of a number of
damped characteristic vibrations. Due to interference, fluctuations are superposed upon the
mainly exponential variation. The variation in intensity depends upon 'the shape and
dimensions of the room, upon the distribution and the properties of the absorptimi material,
upon the position of the observer, upon the position of the source of sound and upon the
frequency  spectrum of the sound produced, but when these factors remain
constant it is completely reproducible.
Several principles are indicated according to which apparatus can be constructed which

makes it possible to study the variation in intensity during the reverberation and to
characterize it by one or more parameterd. A more detailed description, of the apparatus
will be given in a subsequent article.

It is known that in a room where sound is pro-
duced the intensity does not immediately decrease
to zero after the source of sound has ceased to act.
Depending on the circumstances, a certain time is
necessary before the sound dies out. This pheno-
menon of reverberation has great influence, not
only on the intensity of the sound, but also .on the
intelligibility of 'speech and the quality of music,
and is therefore important in judging the acoustics
of the room. It is not only a question of the length
of time during which the reverberation lasts, but
just as much of the variation of the intensity as a
function of time, i.e. of the character of the rever-
heration. This character is not, however, a'property
of the room in question' only, but it is also deter --
mined by the nature and the position' of the source
of sound and the position of the observer. The
influence of the duration of the reverberation on the
intelligibility of speech and the analysis of music
have been discussed previously)). We shall now go
more deeply into the causes. which determine the
character of reverberation and indicate several
principles by which it can be -studied experimen-
tally.

Characteristic vibrations of a closed space

' The' study `of the vibrations of the air in Closed
spaces has shown that such a space pSssesses a
series of Tharacteristic frequencies, each of which
corresponds to a definite mode of vibration of that
space.

We shall begin with the consideration of a simple
case. We imagine a source of sound situated be=

tween two opposite plane walls of a rectangular
room. The source emits a plane sound wave toward
the front and rear with a wave front parallel to the'

1) Philips techn. Rev. 3, 65, 1938.
Philips techn. Rev. 3, 143, 1938.
Philips techn. Rev. 3, 368, 1938.

walls mentioned above. A 'system of "stationary"
waves will then occur between these walls, which is
most strongly .developed when the source emits a
single frequency such that the distance between
the walls is a multiple of a half wave length. These
frequencies, which are characterized by the formidae

2 c- c pa=p.
2'

----pla' v̀=2
.

-=
2 a
-  - ,

p = 1, 2,

where a is the distance between the walls in
question, A the wave length, v the frequency and c
the velocity of sound, form a series of "characteristic
frequencies".

In fig. 1 the,modes of vibration of the air (ampli-
tude of the air velocity and the sound pressure as a
function of the, position) are represented for p =
1; 2, 3, 4. The walls are here assumed to be hard,
so that they reflect, the sound almost completely.
In fig. 1 the spectrum belongingto this series of
characteristic vibrations is also given. Actually

-0-11 50

3 . 4

100 150 per/sec
t
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Fig. 1. The first four characteristic vibrations of a column of
air between two parallel walls. Beneath the figure the spectrum
of the corresponding characteristic frequencies is given.

(1)
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the frequency spectrum in a rectangular room is
more complicated; in the first place because there
are three pairs of opposite walls, each with its own
distance apart, and further because plane waves
also occur which are not propagated parallel to
one of the walls. 

The general fermula which must then be used
instead of (1) is the following:

c

2

q2 r2

eTi -+P
2

(2)
lip2 q2 r2

7/2. + To
p, q, r = 1,-2, 3, 4, ...,

where a, b and h represent the length, width and
height of the room ,and p, q and r are arbitrary
numbers.

0

V

Fig. 2. Part of the frequency spectrum of a rectangular room
With the dimensions a = 5m, ji =-- 4m, h = 3m.

In fig. 2 the frequency spectruM is given, as an
example, for a room for which a = 5m, b 4m
and h = 3m. It may be seen from this figure that
the number of vibrations in a given frequency
interval increases rapidly with increasing frequency.
This can also be proved. as follows. If in a three-
dimensional system of coordinates one constructs
the points for which

cp eq cr x ,z
2a Y 2h'

those points form a regular lattice in space with the
average density:

Furthermore:

8aidt,

= 1/x2 + y2 + z2,

so that the distance from the point to the origin
repreients .the frequency. The number of frequen-
cies in the interval v, equal to the number
of points lying in an octant of _a. spherical shell
included between the spheres with radii v and
v + Av, whose volunie amounts to

gy 2,2 Ay

With a sufficiently large value of v this number

can simply be set equal to the volume of the spheri-
cal shell, multiplied by the average density of the
frequency points. The following is then found for 
the number of characteristic vibrations in the
interval 'v, v z1v:

.3.12 2r y2
8 abh

. = 4 abh
1,2

c3 c3

For the above -mentioned room, in the neighbour-
hood of v = 1000 and when Av = 1 c/s, the number
of characteristic vibrations is akeady about 25.

What happens when the source of sound is now
switched off? While previously at every point in
the room there was a vibration with the frequency
(or frequencies) of the source, we now observe a
motion which can be conceived as a superposition
of a number of characteristic vibrations, whereby

Zs

. sr,?5),.
sgs

ii
6P.R-

.

U 111.1 Ill IliEFITIIIIVTIH
100 0 Perim°
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especially those characteristic vibrations Contribute
to the sound image whose frequency differs little
from the frequencies present in the source. Due to
the -absorption always present, these vibrations
will be damped, so  that the reverberation may
therefore be conceived as the sum of a number of
damped characteristic vibrations.

Intensity of the reverberation as a fimction of the time
. .

Let us assume, by way of hypothesis, that in the
closed space considered, only one of the charac-
teristic vibrations, with the frequency ve, is active.
At every point in 'the space pressure and velocity*
are sinusoidal functions of time: The sound energy,
consisting of a potential part which is proportional
to the square of the pressure, and a kinetic part
proportional to the square of the velocity, is a
periOdic function of the time, which also depends
upon the position of the observer. If there is no
damping, the energy per unit volume (B), averaged
over the space, is constant. If there is slight damping
the total energy B  V decreases with the time accor-
ding to the formula : 9

dE d cEA= V) =
dt 4

For the deduction of this formula see Philips techn. Rev. 3,
65, 1938.
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so that:

E = E0 e-ht, where k =
cA

4V.

V is here the total volume, E0 the average energy
per unit of volume at the moment t = 0, c the velo-
city of sound, A = f a d ), where dO represents an
element of the wall and a the absorption at that
sp t. The sound energy' thus decreases according
to an exponential law. In the presence of damping
the sound pressre at every point in the room will
be an exponential function of the time, so that:

p = Po e-k't sin 2.7-tvet, where k' =
k- cA

.

2 8V

This is represented in fig. 3a. The absolute value
of the sound pressure May also be considered and

surface, the damping constants of these charac-
teristic vibrations can in general be set equal to
each Other, ' because while the absorption coef-
ficient depends upon the frequency, in a narrow
frequency region it varies only slightly. The inter-
ference picture will now be ,quite simple and the
amplitude modulation which occurs as a result of
the interference will be clearly observable (fig. 4a
and b). If the tone emitted by the loudspeaker is
replaced by a more composite sound, the inter-
ference picture will exhibit a different character
because a larger number of characteristic vibrations
are then excited whose beats partially compensate
each other, whereby the fluctuations, while more
numerous, are less pronounced (fig. 5a and b).
The damping constants can now vary more widely;
this will in general have little effect on the variation

In ij

Fig. 3. Plotted as ,a function of t: a) thesound pressure p for a single damped vibration,
b) the average sound pressure IT., c) lnp.

averaged over a small number of periods. The ave-
rage sound pressure Fthus obtained also varies
according to an exponential function of the time:

-k'tP = Po e

In fig. 3b and c, p and In are represented as func-
tions of t.

If there is more than *one characteristic vibration
active, each characteristic vibration individually
will die out exponentially. Since, however, the fre-
quencies differ, these vibrations will cause beats
by interference, so that the pressures will exhibit
fluctuations. When a single tone is emitted in a
room by means of a loudspeaker, upon interruption
of the sound the amplitudes of the excited charac-
teristic vibrations will' be smaller the larger the
'differences between the frequencies, and thus only
those characteristic frequencies will be noticeably
active whose frequencies differ, only slightly from
the given frequency; In a room in which the absor-
bent materials are distributed uniformly over the

460/8

in the intensity as long as, the sound emitted does
not cover a very extensive part of the spectrum
(for instance several octaves). If the latter is,
however, the case*, and the wall absorbs for example*

M

a 4,6026

Fig. 4. Plotted as a function of t: a) the sound pressure p
upon superposition of two damped characteristic vibrations.
with different frequencies, but with the same damping,
b)
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only the low frequencies, then  due to the rapid
dying out of the low' excited frequencies the roam
will have a shrill sound. If on the other hand ab-
sorption in the high frequencies is predominant, the
room has a hollow sound.

46027

Fig. 5. Plotted as a function of t: a) the sound pressure p
upon superposition of a large number of characteristic vibra-
tions, b) In F.

The situation is " different when the absorbent
materials are distributed very irregularly over the
surface, for instance in the case of a room with
hard walls, whose floor is covered with a soft
carpet. Here the vibrations whose waves planes
are parallel to the walls will be much less damped
than those with horizontal wave surfaces. In
such a room characteristic frequencies with very.
different damping will occur at the same time. In
the variation of the pressure with the time, apart
from the fluctuations; a superposition of different

a

"Soft" room which is connected by an open door
with a "hard" corridor. In that case it is advisable
to consider the characteristic vibrations of each
room separately. The characteristic frequencies
will be slightly affected by the opening, which acts
as a "coupling". The characteristic vibrations will
only be altered in as much as those of the hard room
penetrate slightly into the soft room, and vice
versa. In this case also in the combined room,
characteristic vibrations with practically the same
frequency but with very different dimping will
exist at one and the same time. If the source of
sound is situated in the room, the corridor will
resonate faintly. An observer in the room hears
chiefly the strongly damped characteristic fre-
quencies of the room, followed by a faint, more
lasting reverberation of the corridor (fig. 6a). An
observer in the hard room, however, will notice
chiefly the slowly dying sound in that room, while
the quickly damped sound of the soft room, which
initially reached his ear, will quickly escape his
attention (fig. 6!)).

Reverberation time

We have seen that in the simplest case the average
pressure varies as an exponential function of the
time:

- 1c'tP = Po e

This variation can now obviously be characterized
in a simple manner. If we now define the reverber-
ation time as the time t69 during which the intensity
decreases by a factor 106. (60 db) (and thus the

t
460/9

Fig. 6. Plotted as a function of t: a) In p in a space composed of a damped room and a hard
corridor for a point of observation in the room, b) the same for a point of observation
in the corridor.

exponential functions can be recognized, because
the strongly damped characteristic vibrations first
die out, and only later the weakly damped ones. A
similar situation is encountered when a strongly
absorbent room is connected by an opening
with a room with slight damping, for example a

pressure by a factor 103), we find for this time t60:

10-3 e-Wt6°

3 13.8'
t60 = 2.3

k' k
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or, since k = cA/4 V, -`

tso = 0.16
'

where Vis expressed in m3 and A in m2 of open
window. In the case of an exponential* drop the to
measured- is a -parameter which completely deter-
mines the character of the reverberation. We shall
therefore call it the reverberation time of the
exponential reverberation.

If one has a diagram in which the variation of
in p (or 2 hip-) with the time is given, the rever-
beration time can be determined therein by a
simple construction. In fig. 7 this construction has
been performed.

21n-fi

13 8=
6d dB

too
4 6 020

Fig. 7. Determination of the reverberation time in the case of
an exponential drop of the intensity. The situation of the
r;ght line hag been rendered by the measurements. It follows
from the graph that tan to = 13.8 cot y.

In more complicated cases, for example when
strong fluctuations are superposed on the exponen-
tial variation; there is- of course no simple relation
between the reverberation time and the character
-of the curve. In that case it is obvious That an aver-
age exponential curve can be drawn, disregaiding
the fluctuatons, and a valua of to for that curve can
be found, We shall call this quantity the average
reverberation time. It is true.that the phenomenon
is not thereby. completely characterized, because the
fluctuations have been disregarded, but it gives, never-
theless, the general character of the reverberation.

If the .reverberation consists of the superposition
of different exponential -functions, each with its
own constant k', perhaps combined with fluctu-
ations, the obvious method is first to replace the
curve by an average curve. without fluctuations
and to analyze that curve into its purely exponential
components. If -one then determines t60 for the
separate Components, one obtains a number of
reverberation times which together to some extent
fix the general character of the reverberation.

Quantitative investigation of reverberation

There are various experimental methods of inves.

tigating reverberation. The, oldest is that of
S a b in.e, by which only the reverberation time is
determined. For that purpose the time was meas-
ured which elapsed between the moment at which
the 'source of sound ceased to function (this might
only take place when a stationary sound intensity
had been reached) and the moment at which the
sound became inaudible. This method was later'
improved by the use of an entirely automatically
working apparatus which determines electrically
the time in which the intensity of the signal decreases
by 60 db 3).

We have seen, however, that the reverberation
depends very much upon different factors and that
it may have a very capricious variation, so that
the sole determination of the reverberation time
cannot in this way give a picture of the true varia-
tion of intensity. At the present time use is made of
recording meters, which have the advantage that
the exact behaviour of the reverberation is recorded,
making it possible to draw an average curve and to
determine from it one or more average reverberation
times, while, moreover; from the curve obtained
conclusions may be drawn about the acoustic
properties of the room being studied 4). The prin-
ciple of these recording meters is simple. After being
amplified the voltage of the microphone is connected
to the poles of a potentiometer, which is then auto-
matically regulated so that the voltage taken off
remains constant. The mechanical regulator at the
same time drives a style which records the position
of the potentiometer contact on a roll of paper. The
necessary high velocity of recording, in connection
with the unavoidable mechanical inertia, makes the
whole mechanical part of this apparatus extremely
delicate and difficult to transport. We have there-
fore developed two methods which are not subject
to this objection and we shall discuss them in the
following.

The first method we have called the method of
"exponential amplification", the second that of. the
"exponential time base".

Method of exponential amplification

For the sake of simplicity we shall consider the
case where the sound pressure varies purely expo-
nentially, so that:

p = Po e-let sin 2irvt.

When we observe this quantity by means of a micro-
phone, an amplifier and an electron -ray oscillograph,
and arrange the apparatus in such a way that after

3) M. J. 0. Strutt. De Ingenieur 4 E, 20, 1932.
4) C.f. Philips techn. Rev. 3, 65, 1938.
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the interruption of the source of sound the ampli-
fication increases according to an exponential
function of the time, e±al, then, when a is chOsen
equal to k', the influence of the damping will just
be cancelled by that of the amplification. The result
is a simple sine. curve with a constant amplitude,
while for a > k', and a < k' the amplitude respec-
tively increases and. decreases with the time

a

average has a constant amplitude. In that case
a = le, and from that the average reverberation
time can be deduced, while at the same time the
'character of the reverberation can be studied in the
image observed. In some cases (for .example the
above -mentioned! -combination of soft room ± hard
corridor) the reverberation consists of several terms
with different values of k'. From the oscillogram it

b  C
4602/

Fig. 8. The output voltage V of the exponential amplifier is plotted as a function of t for
the case of a single damped characteristic vibration, when a) a = k', h) .a > k', c) a < k'.

(-fig. 8a, b and c). It is clear that we can also apply
this to those cases where fluctuations arc superposed
on the general exponential behaviour.

The fluctuations are, to be sure, not then 'elimin-
ated from the result, but with a suitable choice of
a the average amplitude can be kept constant (fig. 9).
The whole can be made visible by connecting the out-
put voltage of the "exponential amplifier". to the ver-
tical diffraction plates of an electron -ray oscillograph.
By synchronisation of the time base with the appa-
ratus which regulates the switching on and off of the
source of sound, it is possible repeatedly to project
the image of the reverberation on the screen. Since
the variation of the intensity in a .given case, with
the same arrangement of microphone and source of
sound, is entirely reproducible, a constant image
appears On the screen. By varying a, that arrange-
ment can he found with which the image on the

may then be seen that at several values of a the
amplitude can be made constant for a part of the
image (fig. 10a and b), from which the different

t

46022
Fig. 9. The output voltage V for the case of a large number of
damped characteristic vibrations.

reverberation times present .simultaneously can be
deduced. Here also the- method described shows
clearly the general character of the sreverberation
together with the details.

V

wh

V
4 6 023

Fig. 10. The output voltage V as a function of t; a) for the case of fig. 6a, b) idem for fig.. 6b.
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When the intensity'of the reverberation decreases,
there comes a moment at which the deviation on the
screen becomes just as large as the deviations which
are the result of unavoidable extra noises and of the
noise of the amplifier. The intensity will then no
longer decrease and at' the end the image on the
screen will always show an increase in the 'ampli-
tude. In order to avoid false conclusions the appa-
ratus is so adjusted that upon reaching the noise
level the curve is interrupted and the_ signal
switched on again.

The method of the exponential time. base

In this method the AC voltage from the micro-
phone is connected via a rectifier with a smoothing
arrangement to the plates for vertical diffraction
of an electron -ray oscillograph. To the plates for
horizontal diffraction a voltage is applied which
does not increase linearly with time, as is customary
(linear time base), but which varies according to an
exponential function elk The movement of the
light spot on the screen is then given by the
functions

.

y = a
x = b

If we eliminate t from these, we obtain:

et) b)

y= Cxn, C=a b-n n .

The curves represented by this equation (fig. 11)
are in general sorts of parabolas. There is, however,

46024

Fig. 11. The curves y Cal" with n = le13 as parameter.

one of them which has degenerated into a straight
line (n = 1), which is the case when k' = 13. By
the adjustment of 16, therefore, an image can be
obtained in which the fluctuations take place
about a straight line. Depending on the character

t=ti

X o
465311

Fig. 12. The image of that part of the reverberation for which
t > t1, obtained by the method of the exponential time base.

of the reverberation, this adjustment is more or
less sharply defined. In any case it is also possible
to study the character of the reverberation precisely.
One objection to this method is that only a relatively
small part of the whole -phenomenon of reverber-
ation can be observed at one time. After a decrease
in intensity of about 20 db the voltage applied
to the vertical plates becomes so small that the
change in it can no longer be clearly observed, due
to the size of the light spot. This difficulty can be
met by increasing the amplification, so that for
t = 0, y falls outside the screen. Only at the moment
t = tl at which the light spot, after having fallen
vertically, again becomes visible on the screeen, is
the horizontal time base switched on (fig. 12);
the curve appearing on the screen then relates to
the part of the reverberation for -which t >
The moment t1 is determined by the amplification,
so that- in this way the behaviotir of the reverber-
ation can be studied during different parts of the
reverberation time, especially also the case where
the reverberation consists of the sum of a number of
exponential functions. It is our intention to discuss.
these apparatus in a subsequent article and to give
details of their construction and of the results
obtained with them.
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COMPARISON OF FREQUENCY MODULATION AND AMPLITUDE MODULATION

by Th. J. WEIJERS. 621.396.619

As a continuation of a previous article on frequency modulation 1) the circumstances
are here discussed under which frequency modulation offers advantages over amplitude
modulation for radio broadcasting. It is possible as a consequence of this to extent
the frequency spectrum to he transmitted to the highest audible frequencies and there
is no need in reproducing music to strain the dynamics. An amplitude limiter must be
introduced in the receiver, while, moreover, it is desirable to use a push-pull detector.
Further, the frequency sweep must be chosen much larger than the low -frequencies to
be transmitted. In order to obtain good quality of reception also the deformation in
transmitter and receiver should be kept extremely small. Only on short waves with wave
length of not more than a few meters can a sufficiently large frequency sweep be
used, and therefore only 'for such wave lengths is frequency modulation preferable to
amplitude modulation.

In a previous number of this periodical 1) it was
explained what is meant by frequency modulation
and amplitude modulation, and how in principle
with these methods the modulation takes place
in the transmitter and the detection in the receiver.
We shall now compare the two methods of modu-
lation, and in particular note their relative ad-
vantages and disadvantages.

Although amplitude and frequency modulation
both make it possible. to obtain an undistorted
reception of high quality, provided transmitter and.
receiver, including microphone and loudspeaker,
satisfy high requirements, they behave quite
differently with respect to interferences : with
frequency modulation under certain conditions a
much lower noise level can be obtained. In this
article we shall explain under which conditions the
advantage can be obtained and how it appears in
the quality of the reproduction. According to
the manner in which the noises appear, we must
distinguish two cases. During the modulation
of the desired signal the interferences are to a large
extent masked by the desired sound; during a
pause in the modulation the interfering
sounds are in general most annoying. We shall
therefore in the first place ascertain what audible
interferences occur when in a frequency -modulation
receiver, as the simplest case, a sinusoidal inter-
ference is added to the unmodulated sinusoidal
carrier. 'We shall then discuss the results of such
an interference when the carrier is modulated.
Finally we shall deal with the influence on
the reception of the interferences due to noise
and atmospherics, electrical apparatus and other
transmitters.

The case in which a sinusoidal interference of small
amplitude and the desired modulation are present
alternately.

We shall now ascertain the influence of a sinus -

1) Philips techn. Rev. 8, 42, 1946.

oidal interference added to the carrier at a moment
when the latter is not modulated. For the sake
of simplicity we shall confine ourselves for the
present to the case where the amplitude of the
interference is small compared with the amplitude
of the carrier, for instance smaller than 1/10.

In fig. 1: the unmodulated carrier a and the
sinusoidal interference b, as well as their sum c,

46/39

Fig. la) Unmodulated oscillation.
b) Interfering oscillation with small amplitude and a fre-

quency somewhat higher than that of the oscillation a.
For the sake of clearness the interference b is not drawn
< 1/10, but about half as large as the main oscillation a.

c) The sum of a and,b; from the form of c it can immediately
be seen that the disturbance of a by b amounts not only to
an amplitude modulation but also to a frequency modulation.

are plotted as a function of the time. From this
figure it is clear that the amplitude of the resulting
oscillation c is not constant, but that it varies
with a frequency equal to the difference between
the frequencies of the two oscillations a and b. The
positions where the curves pass the zero axis are
also changed, so that the distances between them
are no longer equal. Thus, due to the interference,
the Carrier in question is given an amplitude
modulation as well as a frequency modulation.
The amplitude modulation has a depth equal to
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the ratio of the amplitude of the interference b to
 that of the nnmodulated carrier a.

. In order to determine the sweep of the frequency
modulation the various oscillations are plotted in
a vector diagram in fin. 2. The unmodulated carrier a,

46/60

Fig. 2. Vector representation of the oscillations of fig. 1.
The stationary vector OP with the length 1 is the unmodu-
lated carrier a with a frequency ea° at which the time line
OA rotates clockwise; PQ with a length s is the interfering
oscillation 1) with a frequency wo qs, so that this Vector
rotates counter -clockwise around the point P with the fre-
'qucncy difference. q;,. The resultant OQ is the modulated
oscillation c. `The amplitude limiter provides that the vector
for the limited oscillation moves back and forth between
the positions OB and OC.

whose amplitude we assume to be equal to 1 and
which therefore can . be represented by sin coot,
is represented by the stationary vector OP.
The interference b which can be represented by
sin (wo qs) t, where s<1 and qs is the difference
between the angular frequencies of carrier and
interference, is indicated by the vector PQ. This
latter vector has the length s and rotates about the
point P with an angular velocity qs. The end point
of this vector thus describes a circle with the radius
s and centre P. The resultant oscillation c is now

''represented by the vector OQ moving back and
forth, whose starting point 0 .remains fixed, but
whose end point Q describes the previously men-
tioned circle. From this it again appears that the
amplitude of the resultant oscillation varies be-
tween 1-s and 1+s, thus that the interference
causes an amplitude modulation with a depth of
modulations. The ins t ant aneo us angular frequency of
the resultant oscillation is equal to the instantaneous
angular velocity of the -Vector OQ with respect to
the time line OA which rotates about 0 with an
angular frequency coo. In order to find this angular
frequency we first determine the angle q) between
OP and OQ. For that purpose we drop the perpen-
dicular QR from Q on OP. The angle a between OP
and PQ is qst, so that QR = s sin qst. Since s <1,
OQ does not differ much from 1, and thus sin
is approximately equal to QR/OQ = s sin qst. Since

in our. case the angle ry) always remains small, we
may. set sin (19 = 9, so that (p = s sin qst. The
angular velocity of OQ is 4/dt'. sqs cos qst; with
respect to the time line OA, which rotates with an
angular velocity coo, the instantaneous freqUency of
the resulting oscillation c is: co,n. = too sqs cos qst.
The frequency sweep caused by this interference
is therefore sqs, the product of the ratio s betWeen
the amplitudes of the interference and the carrier
and the frequency difference qs between the two
oscillations.

We shall now examine how the receiver reacts
to an oscillation of the form just discussed. The
human ear can only receive sound impressions in
a limited frequency region; the auditory limit lies
at about 15 000 cycles per second. The a n g ul a r
fr e quen c y 2) corresponding to this auditory limit,
which thus amounts to 2 n  15 000; is called qa.

For the sake of simplicity we shall assume that
the frequency spectrum is cut off sharply at this
frequency qa by the low -frequency part of the re-
ceiver, the loudspeaker and the ear, so that higher
frequencies are not heard and lower frequencies
.are perfectly heard.

In an amplitude -modulation receiver the
detector provides a low -frequency oscillation with a
frequency equal to the difference qs between the
frequencies of the two oscillations a and b and an
amplitude proportional to the amplitude s of the
interfering oscillation b. After amplification this .is
made, audible by the loudspeaker. The frequency
modulation which the carrier has obtained from
the small sinusoidal interference has no influence
on this process of detection; only the amplitude
modulation caused by the interference makes itself
felt in the same way as a desired amplitude modu-
lation. If the carrier a is sinusoidal amplitude -
modulated with a depth of modulation in, the low
frequency detected desired signal is proportional
to in. Upon maximum modulation m = 1. The ratio
'of the amplitude of the interference during a pause
in the desired modulation to the maximum ampli-
tude of the desired signal is therefore at the loud-
speaker the same as at the input terminals of the
receiver, at least . when the difference qs between
the frequencies of the interfering oscillation and
the carrier is not larger than q8. With a larger
frequency difference the interfering oscillations
are inaudible.

In a frequency modulation receiver the
situation is different. There the frequency detector

2) In places where it can cause no confusion we shall speak
of frequency when angular frequency is meant,
as in the article referred' to in footnote 1).
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converts a frequency modulated oscillation into am
oscillation which also contains amplitude modulation,
as was already explained in connection with fig. 9 in
the article referred to in footnote 1) . With a frequency
sweep sqs the amplitude modulation depth becomes
sqs/qi, 'while the frequency of this modulation
amounts to qs. The oscillation c in question contains,
however, also amplitude modulation with a depth

46161

Fig. 3. Variation of the voltage furnished by the frequency
detector when the signal is both amplitude and frequency -
modulated.. The line AB is the approximately straight part
of the characteristic which upon extension intersects the
frequency axis at a distance q, from w0.

of modulation s, and the same frequency qs. The
instantaneous amplitude of the oscillation produced
by the frequency detector is. proportional to the
instantaneous amplitude of the supplied oscillation.
The amplitude modulation of the oscillation c thus
also has an influence on the amplitude modulation
of the oscillation which the frequency detector
delivers. The voltage which the frequency detector
delivers, as a function of the instantaneous frequency,
is now not represented by the straight part AB of
the characteristic (fig. 3), but by the line CD or the
line EF, according as the frequency of the inter-
fering oscillation b is lower or higher than the fre-
quency of the carrier a, as may be deduced from
the vector diagram of fig. 2. The resultant .depth
of modulation of the voltage delivered by the
frequency detector is s (1 ± qslqi.). It therefore
seems jitstified in this simple case simply to add
together or to subtract from each other the inter-
ferences s' and sqs/q/, which would be caused by
the amplitude and frequency modulation respec-
tively independently of each other. This is in
general not permissible, as we shall explain later
in this article. In order to obtain the great advantage
of frequency modulation, namely the slight influence
of interferences, the maximum frequency sweep q

should be smaller than qn; the angular frequency
corresponding to the limit of audition (as will appear
below) qs/qi is thus always smaller than unity.

The first term in s (1 ± DA)), caused by the ampli-
tude . modulation which the carrier has received
from the interference, therefore has the greatest
influence. The interference can now in general be
diminished by taking care .that this term does not
occur. This can be achieved by introducing a limiter
in front of the frequency detector, which provides
that the amplitude of the oscillation which reaches
the frequency detector is constant; then only the
frequency modulation remains, so that the ampli-
tude modulation depth of the oscillation which
the frequency detector furnishes only amounts to
sqs/q. In the vector diagram of fig. 2 the action
of the limiter is manifested in the reduction of the
length of the vector OQ to a small amount, so that'
the end point of this limited vector moves along
the circular aro BC around 0.

Various methods may be followed for 'the
limitation. Fig. 4 shows a simple, but quite satis-
factory circuit. Its action is based upon grid detection.
With increasing amplitude of the A.C. voltage On
the grid the negative grid bias becomes larger,
whereupon the amplification of the valve decreases.
With a suitable choice of the elements of the con-
nections, the amplitude of the output voltage
depends scarcely at all on the input voltage, within
certain limits. Fig. 5 shows the change taking place
in the original signal d by the limiter. Since according
to fig. 4 the latter contains resonance circuits, it
will be clear that d is not simply cut off at e hori-
zontally, but that the smooth curve f, here drawn
with a dotted line, is the result of the limitation.
If we assume that the limitation is ideal, thus that
it furnishes a frequency -modulated oscillation with
a constant amplitude, after detection a low -
frequency signal occurs whose amplitude is propor-
tional to sqslqr If in the absence of interference
the signal is sinusoidally frequency -modulated with
a frequency sweep Aco, the detector furnishes a
desired low -frequency oscillation whose amplitude
is proportional to' ilo)/qi. The ratio of the

Fig. 4. Diagram showing the principle of an amplitude limiter
for a frequency -modulation receiver. Cr grid condenser and
Rt leakage resistance.
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amplitude of the interference during a
pause in the desired modulation to the
amplitude of the desired signal upon
modulation with a frequency swing dco
is, therefore, sgslAco. The frequency of this
interference is qs and it can therefore only be
heard when qs < qa. With amplitude modulation
this ratio was s. With frequency modulation the

`from that of the carrier to be received, when the
carrier is modulated with an audible frequency.
For the sake of comparison we shall first consider
the case where the desired signal is, amplitude -
modulated, while our receiver is intended for
amplitude -modulated signals. We shall then consider
the case where the desired signal is modulated in
frequency, while our receiver is designed, for

Fig. 5. If the amplitude limiter would only cut off the too high peaks of the amplitude
de modulated signal d the heavier drawn line e would remain. In reality the amplitude
limiter furnishes the dotted flowing curve f.

influence of the interference may therefore be made
much smaller than with amplitude modulation,
namely in the ratio DILIco when the amplitude is
considered, i.e. in the ratio (qs/Aco)2 when the
energy is considered. This should be done by taking
do), the frequency sweep, of the desired modu-
lation much larger than qa, the highest modulation
frequency to be transmitted (this is the modulation
frequency corresponding to the limit of audition).

From these considerations the conclusion may
be that in a receiver for frequency modu-
lation with limiter a simple sinusoidal interference
with a small amplitude leads to a less audible
interference than is the 'case in a receiver for
amplitude modulation, when the frequency dif-
ference between interference and carrier is. less
than the angular frequency gc, corresponding to
the limit of audition. Without a limiter, however,
the audible interference may be larger than in the
case of an amplitude -modulation receiver. Inter-
ferences with larger frequency differences than qa"
are inaudible in both- methods of modulation,
provided they do not occur simultaneously with
the desired modulation.

The case where a sinusoidal interference of small
amplitude and the desired modulation are present
at the same time.

We shall now examine what audible in.ter-
ference is caused by an oscillation with a' small
amplitude, whose, frequency deviates only little

frequency -modulated signals. A sinusoidal ampl i-
t u d e -m odulated signal can be represented by
(1 m sin pt) sin coot; the interfering oscillation by
s sin (coo + qs)t. At small values of s the sum 'of
these oscillations can approximately 3) be represen-
ted by (1 + m sin pt s cos gst) sin (coot + s sin qst).
The detector in an amplitude -modulation receiver
gives as low -frequency oscillation practically:
m sin pt s cos qst. The interference is now heard
if qs < qa; if qs > qa no interference can be heard.
The amplitude of the interfering sound divided
by the amplitude of the desired sound is in this
case slm; at 100 pereent depth of modulation of
the desired signal this ratio becomes s, just as in
the case of the alternate occurrence of the inter-
ference and the desired signal.

A sinusoidal frequency -modulated oscil-
lation can be represented by sin (toot + mcospt);
the interfering oscillation is again s sin (0)0 qs)t.
At small values of s the sum of these oscillations
can be approximately represented by:
31 + s cos (7t1 cos pt- qot) S

 sin #coot + in cos pt- s sin (nt cos pt- qot)#.

We begin with the assumption that our frequency -
modulation receiver contains a limiter, which is
always' the case in practice. This reduces the ampli-

3) Stricktly speaking this approximation is only permissible as
long as s <1-m, which means that at all times the interfer-
ence s must be small compared to the momentary amplitude
of the desired signal; with great depth of modulation (i.e.
when m is approximately unity) the formula becomes more
complicated. See also T. Ned. Radiogen. 8, 340, Oct, 1940.
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tude of the oscillation to a constant amount,
whereby the oscillation which reaches the frequency
detector is only proportional to:

sin )coot + in cos pt -s sin (m cos pt- qt)(

The instantaneous frequency of this is:

com = coo-dco sin pt s (q8 do) sin pt)
cos (m cos pt - gst),

where Llai = nip. (cf. the article referred to in foot-
note I) represents the frequency sweep. The low -
frequency signal which is applied to the loudspeaker
is proportional to the difference between the carrier
frequency and the instantaneous frequency, thus to:

coo = do) sin pt -s (q .alco sin pt) '

cos (m cos pt - qst).

The first term of this represents the desired signal,
the second term the interference. This interference
is an oscillation whose amplitude as well as whose
frequency changes with the time. The instantaneous
frequency of the interference, according to the
definition given in the article referred to in foot-
note 1), is qs dco sin pt. Since the preceding
selective circuits do not pass the higher frequencies,
in the case of the frequency detector only those
values of qs come into consideration which are
smaller than qa, while the maximum value of ACO is
a little smaller than q. The instantaneous frequency
of the interference in the detected low -frequency sig-
nal thus varies between zero and qs do). But the
velocity at which this instantaneous frequency varies
is in general not always small compared with the
instantaneous frequency itself; it is therefore of little
use here to' speak of the instantaneous frequency.
The audible interference here has the character of
a noise which, in the commonest practical case,
namely when dw > qa, is only heard .for part of
the low -frequency cycle. If nevertheless, for the sake
of simplicity, but then only in rough approximation,
it is desired to continue to speak of instantaneous
frequency, it may be said that the interference
can only be heard when its instantaneous frequency
lies between zero and qa. We shall here omit a
calculation of the ratio between the audible inter-
ference and the audible desired signal. In most
practical cases, however, the ratio of the energy of
the audible interference to the energy of the desired
audible signal is smaller with frequency modulation
than with amplitude modulation. On the other
hand there are cases where with frequency modu-
lation- interference is indeed heard, but not with
amplitude modulation: With amplitude modulation
only those interfering oscillations produce an audible

interference whose frequencies lie in the region
'of coo-qa to coo + qa, while with frequency
modulation this region extends from coo-g1 to
coo + q,, where as a rule ql > qa.'

Interferences by noise

After having explained in the foregoing the in-
fluence of a single sinusoidal interference with a
small amplitude, we shall now investigate how the
receiver reacts to interferences of less simple
nature such as often occur in practice. In the
first place we shall consider the interferences due
to noises which are caused by the thermal motions
of the electrons in resistances and by the corpuscular
structure of electricity (electrons) in amplifier
valves. This noise can be conceived as an oscillation
in which all frequencies occur in equal intensity.
As in the foregoing chapter, we shall first study
the effect of the noise during a pause in the modu-
lation of the desired signal. For the sake of simpli-
city we consider the source of noise to be localized
at the input terminals of the receiver, which is
always permissible because all cases of noise can be
reduced to that case. Let us now in the first place
consider the case of an amplitude -modulation
ieceive r. Due to the noise at the input terminals
uniformly distributed . over the whole frequency
spectrum we then obtain a noise at the loudspeaker
likewise uniformly distributed over all audible
frequencies. The energy of the noise at the input
terminals of the receiver in every arbitrary fre-
quency band dq, we call s2dgs, when the energy of
the desired carrier is set equal to unity. The energy of
the noise in the loudspeaker in every frequency
band dqs is also equal to s2dgs when the energy of
the detected desired signal is again set equal to
unity at 100 percent depth of modulation. In order
to find the total effect of the noise this. energy
must be integrated over the whole audible fre-
quency region, and this is:

ga.
fsedge = s2ga

when the intensity s of the noise is uniformly
distributed over the whole audible frequency region.
The ratio of the energy of the noise
interference to that of the desired
signal is therefore S2qa.

In the case of a frequency modulation
recei v e 17 the frequency spectrum of the noise as
it reaches the loudspeaker is different from that at
the input terminals: In the consideration of a single
sinusoidal interference we have already noted that in
the presence of a limiter the amplitude -modulation
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depth of the oscillation which the frequency detec-
tor furnishes during a pause in the modulation
amounts to syslqi. The energy which is represented
by this oscillation is then proportional to s2(qs/q1)2.
The energy of the noise as it reaches the loudspeaker
in the frequency band from qs to qs dqs is pro-
portional to s2(gs/q1)2 asp. The energy of the noise
in the loudspeaker for the whole audible frequency
region is then:

a 2
3s2 dq, s2 qa

q12 5 3 412
0

The amplitude of a desired detected signal caused
by a sinusoidal frequency -modulated oscillation
with .a. frequency sweep Gla) with the same propor-
tionality factor is ,d colqi; the energy is thus (tho/41)2.
The ratio of the energy of the noise interference
to that of the desired signal is thus 1/3 s2ga3/([1w)2..
This ratio in the case of frequency
modulation is 1/3 (qa2/dco)2 times that in
the case of amplitude modulation. Fre-
quency modulation is in this respect therefore more
advantageous than- amplitude modulation if the
frequency sweep do.) is taken much larger than
the highest audible frequency qa to be transmitted,
as was the case with a single sinusoidal interference.

We shall explain this result on the basis of a
figure. The amplitude of the low -frequency
signal after detection of a frequency -modulated
oscillation is proportional to the frequency sweep.
After detection the amplitude. of the single sinus-
oidal interference in the absence of the modulation
of. the desired signal, divided by the amplitude
of the desired signal with sinusoidal modulation,
is equal to sgs/do.). In fig. 6 OA ,represents the
amplitude 1 and OB the maximum frequency
sweep tico of the desired signal; BC the ampli-
tude s as this was defined in the foregoing for
an interference by noise, the line OC the ampli-

CD

46/64

Fig. 6. The amplitude of the detected interference in the case
Of a frequency -modulation receiver as a function of the fre-
quency difference q, between the desired carrier and the inter-
fering signal is represented by the straight line OC through
the origin. In the case of an amplitude modulation receiver
the horizontal line FG gives the corresponding relation.
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modulation the amplitude increases linearly with
increasing qs; for qs = 0 this amplitude is zero, for.
qs = qa this amplitude is nal tico == DE in fig. 6.
Only the noise components whose frequency is
smaller than q1 (OD in fig. 6) contribute to the
audible. interference. The energy 'of the interfering
noise in a given frequency band dqs is proportional
to the square of the amplitude. The total audible
noise energy is thus found by integrating the squares
of the ordinates in fig. 6 from zero to qa. When this
integration is performed the already mentioned
ratio (1/3 gaidc.o)2 is again obtained for the energy
of the noise with respect to that of the desired signal.

Since the influence of the noise in frequency
modulation can be made small by choosing the
frequency sweep do) much larger than the limiting
frequency qa of the audible region, it might be
thought that by choosing dco larger and larger the
noise could be diminished to an unlimited extent:
This, however, is incorrect, since the frequency
sweep do) cannot be increased directly above a
definite limit. We shall, however, return later to
this question.

In the foregoing discussion it was always assumed
that a limiter was present in the receiver in front
of the frequency detector; moreover, the influence
of the noise was only studied during a pause in
the desired. modulation. If, however, the limiter is
absent and if the desired and undesired modulations
are present simultaneously, one finds for the relation
of the quotient of noise energy and the energy of
the desired signal with frequency modulation to
that' with amplitude modulation:

q
2 \ 2 1

a + q1 - .
3 co (dad 2

which expression we shall not here derive. The
first of these three terms is the same as what we
found above for the case where a 1 im iter was
present and is therefore due to the frequency
modulation caused by the noise. The second term
is at least equal to unity and represents the inter-
ference contribution caused by . the amplitude
modulation which the unmodulated carrier receives
as a result of the noise. The °origin of the third
term is not so easy to indicate, since it only occurs
when interference and desired frequency modu-
lation are present simultaneously, so that we may
call it the interaction term. It may be re-
marked in conclusion that the interference energy
due to noise in the case of frequency modulation'
without limiter is more than 11/2 times as large as
in the case of amplitude modulation. If, however,
there is a limiter present then also during the



MARCH 1946 FREQUENCY MODULATION AND AMPLITUDE MODULATION 95

tude of the detected interference as a function of
the frequency difference qs between the desired
carrier and the interfering signal in the case of a
frequency modulation receiver. With amplitude
modulation all audible noise components take on
the same amplitude, namely OF; with frequency
presence of the desired modulation the abOve
mentioned relation is the same as during a pause
in the desired modulation, i.e. only 1/3 (qa/Aco)2,
which with a sufficiently large ,value of the fre-
quency sweep do) is small compared with unity.

The effect of the limiter thus consists ' in the
second and third terms, which amount respect-
ively to at least 1 and 1/2, being eliMinated,
so that only the first term is retained.
It is therefore advisable to make the first term as
small as possible, as has just been explained.

In practice, however, a limiter is never perfect;
some influence of the amplitude modulation always
remains. If, however, a p us hp ull detector is
used, as discussed in the article referred to in
footnote 1) where the output voltages of the
two diodes are oppOsite, then even when there is
no limiter present the influence of the amplitude
modulation is eliminated in as far as the second
term of the expression just discussed disappears,
but the third term, the reciprocal action term,
then remains. The best result is therefore ob-
tained by using a limiter and a push-pull
detector together. In that case the interfer-
ence energy found experimentally is indeed found to
correspond to the small first term of our expression.

Interferences with large amplitudes

Until now it has been assumed that the amplitude
of the interferences due to noise or other causes
was small compared with the amplitude of the
desired signal. If, however; this is not the case,
the decrease of the interference with frequency
modulation compared with that with amplitude
modulation is not so great. If the amplitude of
the interference is larger than the amplitude of
the desired signal, then the interference is not
drowned out by the signal, but the signal by the
interference. As long as the interference is smaller
than about half the desired signal, frequency
modulation offers advantages over amplitude modu-
lation, although to a smaller degree than would
correspond to the expression given for that: (qs/LIco)2
for discrete interferences and 1/3 Oa /t1co)2 for noise.
If the average amplitude s of the noise is smaller
than about 1/10 of that of the desired signal, the
interference is practically not larger than the
expression gives. If for example we choose the

frequency sweep LIco = 5qa, the ratio of the inter-
ference energy with frequency modulation to that
with amplitude modulation is 1/75,- thus in our
case the average amplitude of the noise: 1/1/75  1/10

1/86 of the amplitude of the desired signal,
which still makes an acceptable reception possible.
With amplitude modulation, however, with a noise
with an average amplitude equal to 1/10 of the
amplitude of the desired signal, satisfactory reception
of broadcasting is out of the question. It has been
found in practice that a voltage of about 10 v. V on
the input terminals of a well -constructed frequency
modulation receiver is sufficient for satisfactory
noise -free reception in the absence of other inter-
ferences, while with amplitude modulation about -
1000 ELV are necessary under the same conditions'

The amplitude of the interferences at the limiter
is the decisive factor in this respect. This amplitude
depends upon the frequency region passed by the
band filters; the width of this region depends upon the
maximum frequency sweep for which the receiver is
built, because the high -frequency and intermediate
frequency band filters must pass -a frequency band of
at least 24(o. The average amplitude of the noise is
proportionaito the square root of the band width.
The larger the frequency sweep dco, therefore, the
larger the noise amplitude at the limiter. But, as was
already noted, the characteristic advantages of frequ-
ency modulation disappear if the noise amplitude
at the limiter is no longer smaller than
a bout half the amplitude of the desired signal. The
frequency sweep cannot therefore without danger be
increased indefinitely. If one assumes 15 000 cycles
per second to be the highest number of oscillations
per second to be observed, which therefore it is
desired to receive from the desired modulation
and which the low -frequency part of the receiver
including the loudspeaker must reproduce, the
practically most favourable value for the frequency
sweep is about 75 000 cycles per second; thus
calculated as angular frequency: 4w = 2 r  75 000.

Interferences from electrical apparatus and atmos-,
pherics

The influence of these interferences, which usually
consist of several short impulses, cannot be accu-
rately given in. a general form because of their
irregular character. With equal effective values,
the maximum values of these interferences are in
general larger than those' of interferences due to
noise. If the maximum value of the interferences
reaches the level of the desired signal, the inter-'
feience will be considerable during these maxima, i.e.,
not smaller than with amplitude modulation, while
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during ty6 time that the momentary value of these
interferences is small, little or no disturbance is
caused by them. The character of these interferences
is thus quite different with frequency modulation
than with amplitude modulation, in that with
not too violent interferences frequency modu-
lation with a larger frequency sweep is still more
advantageous than amplitude modulation.

Interference by other transmitters

With respect to interferences by other trans-
mitters frequency modulation is in general less
subject to disturbances than amplitude modulation.
An amplitude -modulated interfering transmitter
with a frequency lying in the region that is occu-
pied by the instantaneous frequency of a desired
frequency -modulated transmitter behaves in this
respect in the same way as a single sinusoidal
interference. Thus if the interfering signal is much
smaller than the desired signal it will cause little
trouble. A frequency -modulated interfering trans-
mitter which gives a smaller voltage in the receiver
than the desired transmitter, and which occupies
a frequency region coinciding partially or wholly
with_ that of the desired frequency -modulated
transmitter, will give little interference, in the first
place for the same reason as in the case of other
interferences and in the second place because in
a first approximation an interference is only heard
when the difference between the "instantaneous"
frequencies of the two transmitters lies in the
audible region, which will only be the case during
part of the time, especially if the frequency sweep
is large. If, however, the interfering frequency -
modulated signal is not much smaller than the
desired frequency -modulated signal, it is necessary,

for interference -free reception, that the regions of
the instantaneous frequencies of the two transmit-
ters should not overlap. The frequenCy distance
between the carriers must therefore in that case
amount to at least twice the frequency sweep. -

Conclusions

We have explained that the use of frequency
modulation in radio broadcasting may under cer-
tain conditions offer advantages over amplitude
Modulation. These advantages consist mainly of
less trouble with noise and other inter-
ferences, provided the amplitude of these inter-
ferences is smaller than the amplitude of the desired
signal. In order actually to obtain these advantages
it is necessary that an amplitude limiter
should be introduced into the receiver, whilst, more-
over, a push-pull detector is desirable. The

frequency swing must be considerably
larger than the highest low frequencies
to be transmitted. A faVourable practical
value for the frequency sweep for broadcasting is
75 000 cycles per second. With this large frequency
sweep the -region practically occupied in the
frequency spectrum is almost independent of the
modulation frequency. It is therefore possible that
the audio -frequency region can be extended to the
auditory limit, for example, 15 000 cycles per second,
without increasing the region occupied by the
frequency spectrum, whereby the quality of
reception can be improved to the utmost.
If it is 'indeed desired to profit by this great
advantage it is necessary that the transmitter (from
microphone to aerial) as well as the receiver (from
aerial to and including loudspeaker) should be
designed for that purpose. If, however, this ex-
tension of the frequency region is actually to
produce an improvement in quality, it is in addition

. required that the distortion in transmitter
and receiver should be unusually small.

In the case of radio broadcasting with amplitude
modulation it is customary to diminish the large
differences in intensity which are indispensable for
enjoyable reproduction of music4)'. This is necessary
in that case, since otherwise the soft passages would
be drowned out by the noise and the strong pas-
sages would be very much distorted. In the case of
frequency modulation, however, this is not necessary
since in practically the whole region in which the
transmitter can .be received free of interference no
noise can be heard even during the softest passages.
With frequency modulation, therefore, the broad-
casting company is able .to attain a quality of
reproduction of music in which no violence has been
done to its dynamics. Due -to the large frequency
sweep frequency modulation in the manner des.-
cribed can only be employed on shoit waves
(A < 10 m); for longer waves amplitude modulation
is therefore to be preferred. Short waves can only
be received in a limited region since they are not
reflected by the ionosphere. Because of this the
same carrier frequency can be repeated at a certain
distance (for instance 300 km) without difficulty.
Since the amplitude ratio of interfering and desired
transmitters. in the case of frequency modulation
does not need to be so small for freedom from
interference as with amplitude modulation, the
aera of the earth's surface where two transmitters
with the same  carrier frequency interfere with
each other is moreover much smaller.

4j
See for instance: V: Cohen Henriquez, Philips
techn. Rev. 3, 204, 1938.
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A NEW METHOD OF COUNTERACTING NOISE IN SOUND -FILM REPRODUCTION

by W. K. WESTMIJZE.

Reproduction of the sound recorded on sound -film is usually accomplished by means of a
narrow beam of light thrown upon the film in a direction perpendicular to that in which
the sound track is moving. The fluctuations in the light flux passed through are converted
into sound. With this method a noise results which is caused by the fact that part of the
light passed through is intercepted by specks of dust, scratches, etc. on the sound track,
especially when the film has already been used several times. This articles describes a
method of counteracting this noise in cases where the sound is recorded as so-called ampli-
tude writing. The beam of light is replaced by 'a series of equidistant light spots moving
with great velocity perpendicular to the sound track. In addition to the theoretical funda-
mentals of the method, a practical form of application is also discussed.

The ordinary method of reproduction

The reproduction of sound recorded on sound
film is usually reproduced in the following manner.
A. narrow beam of light is thrown on the film
perpendicular to its direction of motion. Confining
ourselves to the case where the sound is recorded
as so-called amplitude -writing, such as for example
with the Philips -Miller film 1), the quantity of
light passing through the film depends upon the
width of the sound track (and of course of the beam).
The light passes through to .a photocell and is con-
verted into an electric current which may be
considered as a direct current upon which an
alternating current is superposed. The magnitude
of this direct current depends upon the width of
the so-called zero track, i.e. the track which is
made when no sound vibrations are being recorded.
The zero track is unavoidable, since otherwise
modulation would be impossible. It is easy to
undeistiind that its width must be equal at least
to once or twice the maximum modulation ampli-
tude,, according as the modulation takes place on
one side or on both sides of the track.

The alternating current depends upon the modul-
ation of the track and thus on the sound vibrations
recorded, and if the light beam were infinitesimally
narrow the trend of this current would be an exact
copy of the sound vibrations. Actually the beam
1) For a description of the Philips Miller system, see Philips

Techn. Rev. 1, 107, 135, 211, 1936.

534.862A"

hoe a finite width A, but even so the. relation
between the sound vibrations recorded and the
corresponding vibrations of the light flux can
easily be determined.. Let us assume that the sound
track is modulated by one harmonic 'vibration.
Such a vibration is represented in fig. I. When

Fig. 1. Diagram of the usual method of scanning. The film with
the modulated sound track travels past this lieam S. The
variations in the light flux passed through are registered by
a photocell. In the diagram the track is modulated on both
sides by a purely sinusoidal vibration. d width of the unmodu-

,lated.track, q amplitude of the vibration with which the track
is modulated, y depth of modulation at the pOint with the
abscis x, A width of the slit.

this vibration corresponds to a tone of v oscillations
per second, and when the velocity- at which the film
is travelling is v cm/sec, there' are v/v vibrations
per cm of film and the vibration can be represented
by the equation y = q cos 2n  v/v- x, where y
is the depth of modulation and x the length of
film passed, measured from an arbitiary Zero 'point,
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The amount of light
portional to
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d representing the width of the zero track. From
the result it is immediately clear that a DC and an
AC component are present, while it is also clear
that the amplitude of the AC component is multi-
plied by a factor which depends upon the frequency v.
This factor

sin n -

7V -t) LI

is equal to unity when v = 0, and then decreases.
In order that the highest frequencies to be repro-
duced should not be attenuated by more than
about 3.5 db compared with the lowest (such an
attenuation is still permissible) it is necessary that

Vmax
7C '. < 1.5 .

With vmax = 8000 and v = 32 cm/sec this results
in A < 0.002 cm. The. light -beam may therefore
not be wider than 20 u.. 2):

When there are specks of dust or dirt on the sound
track or when it has. been scratched, as is particu-
larly. the case with much used sound films, these
tiny specks and scratches, irregularly distributed
over the surface of the film, cause a noise. They
cannot, however, be observed individually, as is
the case with larger particles- (> 80 u.), which
cause an annoying 'ticking or bubbling sound. It
would mean a considerable improvement in repro-
duction if this noise could be avoided.

For some time already a system has been in
use which' diminishes this noise. It is based on the
following principle. The noise is most annoying
dUring the soft passages, i.e. when the depth of
modulation is slight. In 'sound recording it is now
arranged, by 'means of suitable connections, that
during these ptissages the zero track becomes nar-
rower, thus reducing the area upon which the
troublesome speaks or scratches may occur and
thereby also the noise. During the louder passages
2) Cf. J. F. Schouten, Synthetic Sound, Philips Techn.

Rev. 4, 167, 1939.

passed through is then pro- the zero track again becomes wider, and thus also
, the noise becomes louder, but this is less trouble-

some here because for the greater part it is drowned
out by the music or speech.

This method, theiefore, does not eliminate the
noise, but only reducei it during the soft passages.

. .

Principle of high -frequency scanning

We have seen that in the scanning method
described above the noise is caused by contamin-
ations on the trans/parent part of the film between
the two edges of the sound track. This phenomenon
therefore also d&tirs when the edges of the track,
which actually represent the sound, are ideal. With
the method of high -frequency scanning,
about to be discussed, only the edges of the track are
scanned; the influence of the part between the edges
is eliminated and thus also the noise, in so far as
it is caused by specks on the transparent part of
the film. Of course the noise resulting from imper-
fections in the edges of the sound track, to which
we shall return later, still remains, just as with
the method of zero track adaptation discussed
above.

With this method of scanning, instead of a narrow
slit of light, we' have a series of light spots moving
at a very high velocity and at regular intervals
perpendicularly across the film. Since the sound
track is also moving, the light spots' actually move
in an oblique direction across the film. Here,  too,
the light passing through falls on a photoelectric
cell, which gives a current impulse during the time
that the light spot- is moving between the edges
of the track. The image of this impulse is approx-
imately rectangUlar. The intensity of the impulse
is determined by the intensity of the beam of light
employed. The duration of the impulse depends
upon the width of the track at the point where
the light spot' crosses it. Thus in fig. 2 AB in the
lower half corresponds  to ab in the upper half,
the same being true of CD and cd, etc. It is essential
to note that the beginning and end points of the blocks
are fixed by the edges of the sound track. (For the
sake of clearness the obliqueness of the paths of
the light spot across the film is exaggerated.)
Contaminations- on the film . are manifested by
variations in the beam of light passed through and
consequently the image of the 'current impulses
is not actually a3 shown in fig. 2b, but as in fig. 3;
between A and D the current is not constant,
variations occurring of an accidental nature. The
great advantage achieved lies, however, in the fact
that the disturbances are separated from the phe-
nomenun to be reproduced, the former affecting
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the height of the blocks, while the latter only
affects the beginning and end points of the blocks.

b

AB CD' 4 63 9 4

Fig. 2. Diagram of the high -frequency method of scanning.
A series of equidistant spots of light travel at a high velocity
across the film. Owing to the fact that the film is also travel-
lingnt the same time, the light spots describe paths which are
oblique with respect to the film and which are given in fig. a.
The slope of these paths is very much exaggerated for the sake
of clearness. As long as a light spot is inside the edges of the
track, a current flows in the photocell. The form of the signal
leaving the photocell is shown in fig. b. The block AB corres-
ponds to the path ab, etc.

Therefore the disturbances can easily be eliminated
by sending the whole signal through a limiter
which only passes signals up to a certain amplitude.
In this way the disturbances are, as it were, cut
off. For the current' variation shown in fig. 3 a
limitation to the level EF would be sufficient to
bring about this elimination. If the signal is after-
wards so amplified that the amplitude is increased
in the ratio BA/EA, a signal is obtained which
is absolutely identical with what would have been

 obtained if the sound track had been everywhere
uniformly transparent,

We must now consider the question as to how
we can derive the original sound frequencies from
the block -signal. The frequency spectrum of this

B

4 63 9 5

Fig. 3. Image of a current, impulse from the photocell. The
intensity variations are due to contaminations on the film
in the path of the scanning light spot. The essence of the me-
thod lies in the fact that the influence of the contaminations
can be: eliminated by passing the signal through a limiter..
Liinitation to the level EF would -in this case be sufficient.

signal must first be investigated. This involves
complicated calculations which will be further dealt
with on another occasion. Suffice it here to go
into a few qualitative considerations. Let us first
examine the unmodulated signal. It consists of
congruent blocks having a frequency i. (the scan-
ning frequency). If a Fourier analysis is made of
this signal, vibrations with the frequencies
3p,, etc. are obtained. If we now modulate the block
signal with a frequency v, secondary freqUencies then
appear in the spectrum:.. ± v; ± 2v; ... 2p = v;
2 p, ± 2v; ... 3 p. ±.v; etc. It is, howe'ver, quite obvious
that also the frequency v itself will occur. Let us
again consider fig. 2. The blocks corresponding
to the wide parts of the track are wide and conse-
quently- the wide parts give rise to relatively long
current impulses with short interruptions. In the
.case of the narrow parts of the track it is just 
the reverse. If we 'now pass this signal through a
. suitable filter, ice. a low-pass filter, with limiting
frequency coinciding with the highest frequency
that has to be passed through, the result is that the
signal, roughly speaking, is replaced by a progressire
average over a certain time interval approximately
of the order of 1/4 of the time of vibration of the
limiting frequency. Thus in each case a number of
successive 'blocks is' averaged and the result is a
signal which is strong when the blocks are wide
and weak when they are narrow, thus an "alternating
current with a frequency v corresponding to the'
frequency of the vibration originally registered.

For reproduction it is essential that the frequency
v should occur but that 2v, 3v etc. should be absent.
That this is indeed the case is proved by calculation,
though it is not easy to imagine. It is obvious,
however, that this is of importance, for, as a rule,
with v also 2v and possibly 3v etc. lie in -the audible
range:

We can now also make it clear that thuscanning
frequency p, must be much greater than the highest
frequency v to be reproduced, because' in addition
to p. owing to.the modulation also the tones - v,

2v, etc. occur. These tones become weaker as
we get farther away from the frequency i.

Calculation shows that the frequency p. - 5v is
already 60 db weaker than the frequency v. The
frequency 11-.4v would still be strong enough to
be disturbing. If we are to eliminate this by means
of a filter, then it must fall outside the audible
range, and this means that :

p.--4vmax > vmaxl or tk > 5Vmax,

where vmax represents the highest frequency of
the audible region which is to be reproduced.
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Taking vmax 8000 c/sec, it follows that t.t. = 40 000
c/sec.

Limitations of the effect of the method

It must be pointed out that not all disturbances
can be eliminated in the manner described. Two
cases must be examined separately.

In the first place a contamination may be so
large and consequently intercept so much light as
to cause the photocurrent to fall below the value
that passes through the limiter. The result is a
"dent" in the corresponding block which again
causes a disturbance. This is especially the case
when the light is entirely cut off by -the contamin-
ation, in which event one light spot produces two
current impulses (blocks). However, by giving the
light spot an oblong shape itis possible to ensure
that this case seldom occurs. Already in the beginn-
ing of this article 'it was observed that the width
of the light beam in the ordinary method of scanning
may not be more than 20 v., because otherwise
the high tones would be weakened. This applies
also for the width of the light spots, but not for
their height. (By width we mean here ;the dimension
perpendicular to the motion of the light spots and
by height, the dimension parallel to that motion.)
An increase in the height for instance to 100. 1.t.

has by first approximation the same effect on the
fluctuations of the transmitted light flux as, if the
zero track had been taken 100 - 20 = 80 t wider
and the height left the same. This can easily be
explained: Owing to the finite height of the light
spots the photocurrent impulses do not have the
form of rectangles (apart from the disturbances
due to contaminations); but of equilateral trapezia.
During the time that the light spot is moving over
the -edge of the track, the intensity increases from
zero to the maximum value and decreases again
from the maximum to zero. In fig. 4 two cases are
depicted for different heights of the light spots.
It is assumed :that they begin to pass over the track
at the same moment. The photocurrent impulses
then begin at the same moment for both; at the
point A. We further assume, of course, that the
two light Spots move at the same velocity, -so that
the light intensity increases in the same way and
the trend of the photocurrent will be the same in
both cases, for instance along AB. A difference
occurs only when the lowest light spot is completely,
Over the track, let us say at B. From that moment
the o'orresponding photocurrent-(except for disturb-
ances) remains constant: For a short While, however,
the current' corresponding to the highest spot
continues to increase at the 'sable- rate,- until this

spot is also entirely' over the track, let us say at B',
from which moment the second current, too, is
(practically): constant.

-As soon as the upper edge of one of the spots
has reached the other side of the track, the corre-
sponding current begins to decrease again. Under
our assumptions this will take place at the same
moment for both currents and the points at which
this takes place, namely C and C', lie vertically
above each other. The decrease is at the same rate
as the increase and thus equal for both spots
(the current curves are equilateral trapezia). The

D D'
46396

Fig. 4. Influence of the height of the light spot on the form of
the photocurrent impulses excited by the light spot. OWing
to the fact that the spot has a finite height, some time elapses
before the whole spot is over the track. During that time
the current increases. continually. The impulse ABCD is_ due
to a low spot, the impulse AB'C'D' to a higher one, the top-
side of both spots having reached the edge of the track at the
same moment. In the second case the average current of the,
photosignal is larger. Lithitation of the signal to the level EF'
is therefore sufficient to' eliminate all disturbances in the
second case but not in the first case.

currents thus decrease according to two parallel
straight lines, CD//C'D'. Therefore they do not
-end at the same moment. The difference DD',
however, is entirely determined by the difference
in intensity CC' (and the velocity of the spots,
which is however, .the same for both), and this
in turn depends exclusively on the difference
in height of the spots. If we pass the two signals
through the same limiter then from our reasoning
it follows that the signals finally' obtained differ
only in length, but that this difference. is the same
for all blocks and therefore has no effect on the sound
to be ultimately reproduced. It only alters the DC
component of the photocurrent signal, just. as a
change in the width -of the zero track would do,
and this is suppressed by a' filter. If the -height of
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the spot is greater than they width of the track, the 
situation is somewhat diffetent, but a closer investi-
gation shows that in this case too the length of
the blocks of the limited signal, except for a con-
stant, is proportional to the width of the track at
the place where the light spot passed.

From -the foregoing it will' be clear that it is
possible to choose such a height of the spot that
practically speaking the transmitted light cannot
be cut off by contaminations to such a degree that
after limitation such disturbances still have any
effect. This is in fact demonstrated in fig. 4. The
absolute changes in intensity of the transmitted
light beams resulting from contaminations are the
same for both spots. Therefore the noise assumed
to be present in this case is without influence on
the limited signal with the higher spot, but with
the lower spot it does leave a disturbance .in the
liMited signal.

to vibrate with respect to a diaphram. both
cases we may consider the vibration as being
brought about with a moving light source and a
stationary optical system., but also with a stationary
light source and a moving optical system. Finally
the vibrations may be construed as being brought
about by, electrical means as well as by mechanical
means. We shall here confine ourselves to the de-
scription of a method worked out by us in which the
scanning is accomplished with a moving light spot
obtained from a mechanically moved optical system.

In jig. 5 a diagram is given of the arrangement
employed. The light from a lineal' source is projected
by a lens several mm from the edge of a disc which
can be rapidly rotated. In this disc radial slits
have been sawed beginning at the edge..When the
disc is rotating rapidly, therefore, each slit allows
a fraction of the light from the image to pass
through.. The image of the illuminated opening is

4 6 3 9 7

- 
Fig. 5. Diagram of the set-up for high -frequency scanning. G source of light with linear
filament. L S rotating disc with slits. F film with modulated sound. track. V light

, lenses. _

' spot. C photocell.

The second  possibility of disturbances occurs
when a contamination lies exactly tangent 'to or
across the edge of the track. This alters the form
of ;the limitation. The disturbance. caused by such
an' imperfection in the edge of the track is not
eliMinated by the method discussed  here. The
chance of such a disturbance occurring, however, is
'slight compared with that caused  by a speck
elsewhere on the track. The modulated track is at
lest 1 mm wide, so that the chance of contamin-
ations, even of the size of 100 n., coming to lie at
the edge is only 20%; most contaminations, how-
ever, are much smaller and there is therefore
still less chance of their lying at the edge of the track.

One possible construction of the apparatus

The above -described high -frequency scanning can
be realized in different way's. In the first place the
sound track can be scanned by a moving light spot.
as has been assumed in the foregoing. In principle
the same results can be attained by projecting the
image of the sound track and- causing this image

focussed on the sound film by means of a second
lens. The light passed through the sound track
falls. on a _phot.ocell and gives rise to the photo -
currents' already mentioned.
. The practical realization of such a set-up involves

_ .

a number of technical ,difficulties 'which we shall
now discuss.

The choice of light source

We .have already remarked that the width of
the.light spot on the film may not amount to more
than 20 11.. Furthermore it must be very sharp
(the transition from light to dark must take place
within a distance of not more than a few t) and not
only when the projection ie along the axis of the
system, but also when the image is about 1 mm
above or below it. Finally the light, must be of
sufficient intensity to excite a reasonably amplifiable
photocurrent. These conditions make certain de-
mands on- the optical system and the source of light.

Linear. light sources whose incandescent body
is narrower than 80 t are difficult to produce.
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This implies that the optical system must be a
reducing one. The same conclusion is reached from
the requirement of sharpness of projection. A five-
fold reduction suffices for both requirements. This
reduction is mainly effected by the second lens.
The first lens gives practically an image of 1 : 1.
The requirements for sharpness of the image make
it necessary to work with small opening angles.

Finally from the minimum required light intens-
ity of the beam that falls upon the photocell and
from the dimensions of the optical system it is to
be deduced that the brightness of the light source
employed must be at least one thousand candle
power per cm2. In order to satisfy these require-
ments a special lamp was constructed.

Construction of the rotating disc

The greatest difficulty lay in the construction
of the disc. As already mentioned, the required
frequency of the light spots is 40 000. The width
of the track for Philips -Miller film can be set at a
maximum of 1.6 mm, hence a velocity of the light
spots of 6400 cm/sec. Since, as mentioned above,
the second lens reduces by a factor 5, this leads
to a peripheral velocity of the disc of 32 000 cm/sec.
Now the peripheral velocity determines the stresses
occurring in the disc. Similar discs of different
diameters but with equal peripheral velocities
exhibit exactly the same stresses at corresponding
points. At a velocity of 32 000 cm/sec. these stresses
are enormous and approach the yield point. It is
clear that this sets an upper limit for the velocity.
In fact if this limit is reached the disc flies to pieces.

Since for different materials under otherwise
similar conditions the stresses are proportional to
the specific weights, a material had to be found
with the most favourable ratio of yield point to
specific weight. Moreover, having regard to the
motive power for the disc, the material had to be
electrically conductive, so that practically only
duraluminium and electron could be considered.
Furthermore, since the highest stresses occur where
the hole is drilled for the spindle, the disc was
given a very slightly conical profile.

It can then be calculated that both for dualumin-
ium and for electron the'maximum stresses occurring,
even at a velocity of 40 000 cm/sec, still remain
below half the yield point value. This was in fact
confirmed experimentally by investigating at what
peripheral velocity a test disc flew to pieces. This
was found to be at 60 000 cm/sec (the stresses are
proportional to the square of the velocity). From
fig. 6, which is a photograph of the fragments of

the disc, it is apparent that the break began at
the spindle, as was to be expected.

Furthermore, as it was desirable not to make
the apparatus too cumbersome, the disc could not
be made too large. Its radius was therefore fixed
at 5 cm. This means that a speed of rotation of
32 000/10n = 1000 rev. per sec. is required. Since
the slits have to be about 5 x 1.6 = 8 mm apart,
10n/0.8 = approx. 40 slits can be made on such
a disc. They are 0.6 mm wide and 3.5 mm long
(from this it follows that the length of the light
spots on the film is 120 11). The cutting of the slits
requires much care.

In the first place they have to be spaced at
exactly equal distances and must be exactly alike,
as otherwise the frequency of revolution of the disc
appears in the frequency spectrum, and since this
lies in the audible region there will be a whistling
tone in the sound reproduced.  The scanning
frequency, which is 40 times as high, lies, as we
know, outside this region.

In the second place very careful finishing is
essential because otherwise at the high speeds of
rotation the disc might crack at the slits. For that
reason before the slits are cut small holes are drilled
at the spots where the slits end.

Bearings and motive power of the disc.

With the above mentioned very high number of

Fig. 6. Fragments of a rotating disc which flew to pieces at a
peripheral velocity of about 60 000 cm/sec. The photo shows
that the fracture began where the spindle passed through.
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revolutions of 1000 per sec special demands are
of course made of the beaiings. Even a slight
excentricity of the centre of gravity of the disc
with respect to' the centre of the bearings gives
rise to enormous centrifugal forces as the speed
increases, resulting in high pressures on the bearings,
vibration of the motor, high friction and heavy
wear. In order to avoid this the principle of the
de Laval shaft was employed, with a thin flexible
spindle instead of the usual rigid shaft: Due to
the centrifugal force :the spindle will sag already
at a low number of revolutions, and this sag
becomes greater as the speed of rotation increases.
When a certain speed is reached, the so-called
critical speed, the sag 'will theoretically even be
infinite. Above that speed the sag decreases rapidly
and at the limit for infinitely high speed the disc
will rotate about its centre of gravity. When this
state is reached the sag of the spindle and conse-
quently the pressure on the bearings is very small.
The bearing pressure is then mainly  determined
by the disc's own .weight.

A difficulty in working with a de Laval spindle
lies in the passing of the region of the critical
frequency when starting up. It is possible to do
so without breaking the spindle if that region is
passed so quickly as to leave no time for the disc
to assume large deflections. In our case, however,
the driving couple was not large enough for this
and we therefore decided to suppress the danger-
ously large deviations by applying a suitable
damping arrangement to the spindle. For that
purpose the spindle is passed through eyelets at
a short distance from the disc on either side. These
eyelets are connected by' -rods to  small pistons
moving up and down with a little play in small
cylinders containing oil. By this means the -lateral
movements of the disc are damped, and by choosing
suitable dimensions for this device the vibrations
in .the critical region can be kept suffficiently low.
Once .the critical 'region -is passed, the disc runs
very quietly and speeds of 1000 and 2000 revs/sec
are easily attainable.

As already remarked in paiising, the disc is driven
electrically..It is placed in the field of two mutually
perpendicular magnetic circuits activated by alter-
nating currents with a frequency of 1500 c/sec
and shifted 90° in phase with respeCt to each
other. Each circuit consists of two pole shoes,
between' which- air gaps of about 1/2 cm have been
cut. The disc is placed in these air gaps. The com-
bination of the two alternating magnetic fields
produces a rotating field which turns the disc made
of as conducting material especially for this purpose -

and is able to give it sufficient velocity. In order
to minimize friction the disc with the complete
driving mechanism is placed in an air -tight housing,
so that it can function in a vacuum.

The limitation of the signal and its conversion into sound

The current impulses from the photocell, which
are of the order of 1077 A, are first very strongly
amplified. For this purpos6 a wide -band amplifier
is used which gives amplification constant within
6 db in a region from 30 to 500'000 c/sec.. These
voltage impulses arc modulated, in the first place by
fluctuations resulting from contaminations on the
sound film, but in addition a noise connected with
the powerful amplification is superposed on the
whole signal.

As has already' been mentioned in discussing
the principle of the method, these disturbances
are eliminated by limiting the signal. For this pur-
pose a pentode with high anode resistance is used.
As is known, by introducing a sufficiently high
resistance in the anode circuit of such a valve the
1. a- -Vg characteristic can be made to assume the
shape of the curve k in fig. 7 3). If, then, we apply

4 6778

Fig. 7. Diagram of the double limitation of the photOcurrent
signal by means of a pentode. Si, incoming 'signal showing
disturbances caused by contaminations on the film and
disturbances due to the powerful amplification. Si, outgoing
signal. k .1. -Vg characteristic of the pentode. Starting from an
arbitrary point P1 of S the corresponding point P2 of S,
can be constructed with the aid of the auxiliary points Q
and R. Since the time units on the t1 and t2 axes are similar,
OR cuts the angle between the t axes through the centre.

3) Cf. also Philips techn. Rev. 5, 61, 1940.
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to the valve .a negative grid voltage so high that.

Ia = 0 even for the most powerful disturbances
occurring, in the absence of a signal, and make
provision for the signal, on the other hand, to be so
powerful as always to generate.the maximum anode
current, likewise for the most powerful disturbances,
then the object has been, attained (see fig. 7).

 Finally the signal prepared in this manner needs
only to be sent through a filter that allows the fre-
quencies of the audible region to pass through and
eliminates all the others. It may then be fed to the
louthpeaker via a power pentode.

Conclusion
By means of. the method of counteracting noise

described here it is possible to obtain a perceptible
improvement in quality of the sound reproduced.
At the present stage of development the improve-
ment in the case of new films, which are therefore
practically free of contamination, is of no signi-
ficance. In the case of films which have been used
several times, hOwever, the improvement is con-
siderable. The method described thus makes it
possible to use a film much longer than was previ-
ously possible, with retention of the original quality.
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A 400 KILOVOLT INSTALLATION FOR X-RAY THERAPY

by W. HONDIUS BOLDINGH and W. J. OOSTERKAMP.
. -

A description is given of a specially constructed therapy installation for 400 kV, 10 mA,
built a few years ago for the Academic Hospital in Groningen. In contrast to the con-
struction usually employed for this voltage, in this case the anode of the X-ray tube is
earthed. The focus, which is the source of the X-rays, is situated at the end of a long,
earthed metal tube which projects from the high -voltage chamber through a partition
into the irradiation chamber. In this way absolute protection against the high voltage is
ensured for doctor and patient, while the necessary adjustability of the beam of X-rays
is provided for by making the X-ray tube movable and rotatable. In this exceptional
arrangement the cathode and the, focus of the tube are about 1.80 m apart. The measures
necessary for the focussing of the electron beam at such a great distance, as well as several
other particulars of the installation, are discussed in detail.

Installations for X-ray depth therapy in hospitals
are usually for a voltage of about 200 kV, but higher
Voltages are now no longer exceptions. In fact
Philips have already constructed several insfalla-
tiOns for 400 kV and higher, such as for example the
1000 kV one installed in the Ant o ni. van
Leeuwenhoekhuis in Amsterdam, which was
described several years ago in this periodical 1).
Tile medical value of such an installation can by
no means be measured simply by the value of the

. .

tube voltage applied. The increase in the so-called
depth quotient (ratio of the dose at a certain depth
under the skin to that on the skin), which was the
original reason for raising the voltage, is of course
important 1). But, in addition to a large depth
quotient, there are also other properties which are
of importance for therapeutic uses, such, for
example, as the adjustability of the X-ray tube
and thus of the beam of X-rays. It is the wish of the
doctor to be able to determine quite freely the direc-
tion from which the X-rays fall upon the patient.
This is especially important in the application of
the methods of cross or rotation irradiation, where
the X-ray dose necessary for destroying a tumour
in the body is divided into several portions, which
are applied from different direction's in order to -
spare the healthy tissue and the skin above the
tumour as much as possible, thus with the, same
object as that which holds in the attempt to attain
a large depth quotient. The higher the voltage is
chosen, the larger the apparatus and the more
difficult it is to .provide for the adjustability of the
X-ray tube. In the case of the 1000 kV installation
in Amsterdam, where the object was not only
to attain a large depth quotient, but also to
investigate possible biological effects of extremely
hard X-rays, the possibility of adjustment of the

1) J. van der Tuuk, Philips Techn. Rev. 4, 153, 1939.

621.386.1 : 615.849

X-ray tube had to be entirely abandoned and
consequently the doctor has at his disposal only a
fixed X-ray beam, which emerges from the floor
of the irradiation chamber and only the diameter
of which can be varied by means of diaphragms.
He 'must place his patient as well as he can with
respect to this .1;eam. Cross irradiation is only
possible by turning the patient, which meets with
objections sometimes of a medical nature (the
dropping ..of internal organs) and sometimes of a
practical nature, as it will be difficult to fix the
patient in some positions, quite apart from the fact
that the necessary positions may be very uncom-
fortable for the patient.

While in the case of the 1000 kV installation
referred to above adjustability of the X-ray tube
had to be abandoned entirely 2), it is still quite
difficult to satisfy this requirement also with
400 kV, especially because the patient must in any
case be absolutely protected from the high voltage.
In the usual tube construction with symmetrical
voltage distribution, thus -where cathode and, anode
are each at half voltage with respect to earth, ade-
quate protection can only be realized by surroun-
ding the entire tube with an earthed metal housing.
At a tube voltage of 400 -kV; however,this is already
found to be quite a problem because of the neces-
sary large insulation distances, at least when it is'
desired to retain easy mobility of the tube 3).
Therefore in the case of tubes for 400 kV it had to
suffice, in general, to set up light screens of insu-

2) In the meantime new constructions have been developed
which ensure a certain degree of mobility and adjustability
also with a 1000 kV X-ray tube.

3) In this and other respects the insulated flexible cables
connecting the tube with the high voltage generator
constitute a particular difficulty. In some constructions
the necessity of these cables is avoided by arranging the
tube and generator in one assembly unit, but then the
heavier weight of such a unit does not allow of ease of
mobility.
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lating material to prevent the doctor and the patient
from coming dangerously close to the voltage -
bearing components.

In the construction of the special 400 kV instal-
lation supplied by Philips in 1941 for the Academic
Hospital in Groningen, a different method has been
followed. The X-ray tube is not symmetrical
with respect to voltage distribution, but has an

of the X-rays) can now be adequately protected 
against the high voltages while the necessary
manoeuvrability of the tube is retained. At the
anode end the X-ray tube is extended in the form
of an earthed metal tube at the end of which is
situated the tungsten lozenge that emits the
X-rays. The tube is passed through a partition
in the wall of the irradiation chamber in such a way

Fig. 1. General view of the therapy installation. On the left may be seen the portion of
the X-ray tube projecting into the irradiation chamber, with an irradiation tube affixed
to it. In the chamber behind the irradiation chamber is the cascade generator for the
excitation of the voltage of 400 kV.

earthed anode. The cathode must then, of course,
be brought to a potential of -400 kV with respect
to earth, and this, inter alia, makes the insulation
less simple than when there are two poles at 200 kV
with respect to earth, but on the other hand there
are the following advantages: 1) the cooling of the
anode is very much simplified (this will be discussed
later) and 2) the operator, who is only concerned
with the anode end of the tube (the actual source

that only the earthed anode tube projects into this
chamber, while the cathode end is in the neigh-
bouring room, in which the high -voltage generator
is set up. Thus in the irradiation chamber there are
no components under high voltage.

This arrangement is shown in fig. 1.
By making the metal partition in the wall in

which the tube is placed movable vertically and
at the same time providing that the tube can be
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rotated around its longitudinal axis, sufficient
possibilities of adjustment are obtained to be able
to. approach a patient on a wheeled bed from all
directions. It is only necessary that the *focus
from which the X-rays are emitted should be suf-
ficiently far away from the wall, at least half the
length of the bed.

The remarkable consequence of this is that the
cathode and the tungsten lozenge, which in an
ordinary 400 kV tube are about 8 cm apart, are
here about 1.80 m apart. Special means are there-
fore necessary to focus the electron beam emitted by
the cathode on the lozenge. The focussing takes
place in three steps, by means of three "lenses",
which can be seen in fig. 2. An electrostratic lens
(the cathode cap) concentrates the electrons on the
entrance to the earthed anode tube. A magnetic
lens (magnetic coil) at the beginning of the tube
concentrates and directs the beam in such a way
that on its passage through it does not touch' the
walls of the tube. A seccnd magnetic coil 30 cm in
front of the lozenge finally serves to give the beam

 the necessary convergence to form a focus of the
desired size.,

For the first magnetic coil the direction of the

-400kV

,

. 420

-200kV

6

requires some explanation. The size of the focus is
determined by two requirements: it may not be so
small that at a given power of the tube the specific
loading of the tungsten lozenge and consequently
its temperature becomes too high; on the other
hand .the focus should not be made larger than
necessary. The edges of the diaphragm through
which the cone of Xrays passes out of the tube
cast a penumbra which may make a correct dosage
at the edges of the field of irradiation difficult, and
the width of this penUmbra is pioportionaPto the
dimensions of the focus. The desired size of focus
is thus fixed fairly accurately, and with it the desired
diameter of the electron beam on the lozelige. For
this diameter the absolute tolerances are even
smaller than for the (apparent) ',width of focus,
since the lozenge is at an unusually, small angle
(30°) to'the axis' of the electron beam. It is therefore
clear that with the first magnetic coil alone, at a
distance of 1.5 m 'from the lozenge, it would be
practically impossible to _regulate the beam dia-
meter with the required precision.'

For depth therapy'a very high X-ray intensity is
desired, since for the sake, of a large depth quotient
the tube is generally'placed at a fairly great distance

Fig. 2. Simplified diagram of a cross-section of the wholt X. -ray tube. K cathode with focus-
sing cap, T partition, 0 opening of the earthed anode tube A, M1 first magnetic coil,
M2 second magnetic coil. P tungsten lozenge on which is the focus F which emits the
X-rays R, W cooling jacket with running water from the mains, L lead jacket around the
anode tube, B lead sphere, B1,2 lead spherical caps with diaphragm openings D; Z lead
slide by means 'of which the beam can be cut off, S steel tube supporting the anode tube
and movable in the wall of the room C1 and the collar U; C corona gaps. For the sake of
clearness the case of one irradiation beam only is drawn. Actually there are two exits for
the rays in the two spherical caps, one of which is clirected forwards and the other back-
wards with respect to the plane of the drawing. Cf. the photograph.

magnetic field is very critical. This coil is therefore
mounted on the anode tube by means of a ring and
four supporting points adjustable by means of
screws, so that the position of the coil may be
corrected during the assembly of the X-ray tube.

The significance of the second magnetic coil
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. from the patient. Now in order to use a high:power
in the tube without it being necessary to enlaige
the surface of the focus too much, it is important
that the specific loading capacity of the lozenge
should be high. Owing to the fact that the anode is
earthed in the installation in question it was
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relatively easy to attain this high loading capacity,
because the anode could be provided with water
cooling connected to the water mains direct. With
a focus of 12 x 6 mm it was thus possible to in-
crease the power converted into heat in the anode
to 4 kW (10 mA at 400 kV DC voltage 4).

The cooling water is conducted not only along the
tungsten lozenge, but also along the whole anode
tube. In spite of the focussing, 10-20 percent of the
primary electrons, as well as the secondary electrons
from the lozenge strike the walls of the tube, so
that a power of about 1 kW converted into heat has
to be dissipated from the anode tube. At the same
time the cooling water must keep the magnetic
coils cool, since heating of these coils may change
the coil resistance and with it the current through
the coil and thus the intensity of the magnetic field.

The fact, noted above, that the lozenge is placed
at a very small angle to the electron beam is due to
the desire to be able to treat two patients
simultaneously. In order to be able to irradiate
each of the two patients from any direction in spite
of the mutual hindrance of the two beds, the axes
of the two X-ray cones to be used must be far
enough apart and also capable of being directed
otherwise than perpendicular to the axis of the tube,
while at the same time the X-rays may not be
emitted at too small an angle to the surface of the
lozenge. The sketches in fig. 3 show that it is favour-
able in this repsect to choose the angle of the
lozenge to the beam as small as possible. The focus

b

Fig. 3. If the lozenge is at a large angle a to the horizontal
electron beam (a), the axis of the effective cone of X-rays
has only little freedom of motion perpendicular to the beam
(right) and still less in forward directions from the perpendi-
cular position (left). When the lozenge is placed at a small
angle to the electron beam (b) there is much more freedom of
movement and two X-ray cones with their axes approxi-
mately perpendicular to each other can easily be used at the
same time.

4) In the construction hitherto customary the maximum load
at 400 kV and with the same focus dimensions amounted
to only 4 mA. At 400 kV and 10 mA tube current the X-ray
intensity with the self -filter of 0.7 mm Cu amounts to
33 r/min at a distance of 1 m from the focus.

on the lozenge emits X-rays in all directions. The two
narrow cones of X-rays (maximum angle of diver-
gence 30°) are obtained by providing the end of the
anode tube with two spherical lead caps each with a
diaphragm opening. In order to direct the two cones
of rays, each of the spherical caps can be turned
through a certain angle about two mutually per-
pendicular axes by means of two hand -wheels.
A lead sphere fixed rigidly to the tube and envel-
oping the spherical caps is provided with two
openings sufficiently large to permit the passage
of the effective cones of rays in all desired directions
and prevents outward radiation in undesired
directions at any position of the spherical caps.
The total thickness of lead in all directions is at
least 13 mm, which is sufficient to ensure that
everywhere outside the irradiation chamber the
so-called tolerance intensity (10-5 röntgen per
second) is not exceeded. For the adjustment of the
X-ray beams with respect to the patients and for
the accurate limitation of the field irradiated, an
irradiation tube of the desired length, for exemple
1 m, can he fastened over each of the diaphragm
apertures. This can be seen  in the photograph
(fig. 1).

In spite of the adjustability of the two cones
of X-rays, the degrees of freedom of the tube
mentioned in the beginning of this article (rotation
and vertical displacement) are not yet sufficient
for the simultaneous treatment of two patients;
it must at least be possible to place the two patients
at different levels relative to the tube, thus the
beds must be adjustable in height. In order to
facilitate the placing of the two patients in the
desired positions, and particularly to avoid having
to move the beds about too much several addi-
tional, not strictly necessary degrees of freedom
are given to the tube: it can be moved horizontally
another 20-30 cm not only perpendicular to but also
in the direction of its axis. Vertically the tube can
be moved 1.70 m, and the possible angle of rotation
abouts its axis is 330°, so that, for example, patients
can be treated with ray beams directed upwards
from underneath the bed. All these movements,
as well as the adjustments of the diaphragms, are
effected by turning the various hand -wheels seen
in fig. 1.

Besides the end of the anode where the tungsten
lozenge is situated the anode tube itself also had
to be enveloped in lead along most of its length,
for the 15 percent (approx.) of the primary elec-
trons reaching the wall of this tube also excite an
intense X-radiation. Here, however, the emitting
material is not tungsten, as is that of the lozenge,
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but chromium, since the anode tube is made .of
internally chromium -plated copper. Since the
X -ray -emitting property of this metal is much less
than that of tungsten (about 30 percent, of the
emission of tungsten) the lead jacket around the
anode tube need only be 6 mm thick. The 'anode
tube with its cooling jacket and lead jacket is.
supported by a wide steel tube, which also supports
the lead sphere and spherical caps on the end of the
tube, and lends the necessary rigidity to the whole.
This steel tube is mounted in the wall partition
in .such a Way as to be rotatable and movable
axiallY.

For the rest the construction of the X-ray tube
does not differ very much from what Philips have
already supplied for a voltage of 400 kV. Only a few
details remain to be mentioned.

In order to obtain the necessary protection
ag4inst voltage the principle of subdivision of the
voltage has been applied 5): between the cathode and
the- beginning of the anode tube a metal partition
is introduced which has an aperture for the passage
of the primary' electron beam and is brought to a
potential halfway between that of the cathode and
thQ anode. The high voltage for the tube is fur-
nished by a cascade generator with two stages, which
can ',be seen in fig. 1 in the room at the rear. The
necessary voltage of 200 kV for the intermediatet-
electrode of the tube can be drawn off directly
between the two stages.. The cathode, which is at
a potential of 400 kV with respect to earth, is heated
by' two transformers in series, each with insulation
for 200 kV between the primary and secondary
windings.

In X-ray tubes for such voltages the various
high voltage lead-in points are generally enveloped
in large, well rounded metal caps, in order to keep
the electric field strength in the space around the
tube sufficiently low: the field is "homogenized",
i.e. an attempt is made to approach as nearly
as possible the state of a homogeneous field between
two plane parallel electrodes, where the field is
smaller than in any other configuration with the
same distances. In our' case, however, the intro-
duction of large metal caps was undesirable because
it would have increased the weight of the already
very heavy tube. Therefore the homogenization
was effected with the help of a corona gap, i.e.

toothed metal discs. The high electrical field strength
at the teeth of such a disc causes a corona discharge
to take place there, which is accompanied by ioni-
zation of the air. As a result the air in the vicinity

5) For a detailed discussion ,of this now generally accepted
principle see the article referred to in footnote 1),

of the disc edge becomes' to a certain extent con-
ductive, and this conducting layer of air has the
same action as if a metal conductor were provided
there.

In fig. 4 the corona gap on the cathode supply
connection of the tube can clearly be seen. The
conr ection of the cathode with the 400 kV terminal
of the high -voltage generator must allow for the
necessary freedom of motion of the tube in the
vertical and in the two horizontal directions, as well
as for rotation. A flexible metal tube is used for
this purpose. A cap in the form of a long upright
open cylinder, which is visible in the centre of fig. 4,
provides that the field at the 400 kV terminal
remains sufficiently homogenized at all positions
of the tube.

The X-ray tube can, if desired, also be used at a
' lower voltage than 400 kV. For this purpose the

initial voltage of the cascade generator has been
made adjustable in a large number of steps with the
help of an auto -transformer. When the tube vol-
tage is' varied, however, the currents of the two
magnetic coils serving for .the focussing of the
electron beam in the anode tube must also be
varied. The diffractive action of the magnetic field
on the electrons is inversely proportional to their
velocity and thus inversely proportional to the
square root of the tube voltage, (when relativistic
corrections are disregarded). The corresponding
regulation of the coil currents takes place automati-
cally, since, the supply rectifier is coupled with the
voltage regulator. The voltage regulator is placed
on the operation desk of the installation, where the
tube voltage, measured by 'the current in a resis-
tance in parallel with the tube, can be read off
directly on a meter. At the lower voltages the
current through the tube can be increased to 'a
maximum of 20 mA, so that the tube can also be
fully loaded at a voltage of 200 kV.

On the operation desk there are various auxiliary
instruments, such as the indicator of the dosage -
meter, with which every irradiation is checked.
The irradiation of each of the two patients can be
begun and ended independently by opening or
closing the corresponding "door" of the ,lead
spheres around the lozenge. For this purpose both
doors are fitted with two 13 mm thick lead slides
which can be operated from the operation desk by
two small servo motors mounted at the end of the
tube. The position of these slides, open or closed,
is indicated by signal lamps. Further there are two
series of six signal lamps corresponding to six
different ray filters which can be slid in front of
each of the two doors. In this way the doctor or
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his assistant who is in charge of the irradiation
treatments and who may under no circumstances
enter the irradiation chamber during a treatment
because of the danger from rays scattered by the

patient, can nevertheless always see whether the
correct filter has been inserted and whether the
slides have been opened or closed, as the case
may be.

Fig. 4. View of the high -voltage chamber. On the right the end of the X-ray tube pro-
jecting through the wall. The voltage supply lead for the cathode can be seen with a corona
gap, and in the middle the large hollow electrode cylinder cap for keeping the field homo-
geneous when the tube is moved horizontally or vertically. To the right of this may also
be seen the voltage lead for the intermediate electrode of the tube. To the left in the fore-
ground the transformers for heating the cathode. In the background the cascade_ generator.
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RADIO INVESTIGATION OF THE IONOSPHERE

by C. J. BAKKER. 621.391.11 :551.510.535

This article gives a survey of investigations made concerning the layers of ionized air
(ionosphere) present in the atmosphere high above the earth which are able to reflect
radio waves back to the earth, thus making radio reception possible at a great distance
beyond the horizon of the transmitter. Various phenomena in shortwave reception, such
as fa ding and the skip distance, are due to the presence of the ionosphere.
The density of ions and the so-called "effective" altitude df the ionosphere can be derived
from measurements that have been taken. It has been found that particularly the density
of ions, and also the reception of short waves, depends to a large extent upon the sun,
namely upon its height above the horizon and its eruptive activity. The main, but not the
only cause of the ionization is in fact the irradiation of the atmosphere by sunlight, in
particular by the part of the spectrum in the far ultra -violet. In the process of ionization
this part of the sun's spectrum is absorbed and cannot, therefore, be observed on the earth.
Interesting conclusions as to the intensity of the sun's radiation in the far ultra -violet
can be drawn from data concerning the ionosphere obtained experimentally by means
of reflected radio waves. .

After the achievement of the first transatlantic
wireless connection by Marconi in 1901, a dis-
cussion quickly arose as to how it was possible that
the eletromagnetic waves sent out could reach the
receiving station around the curved surface of the
earth. If the propagation of the waves were recti-
linear, signals from a transmitter situated beyond
the horizon could never be received, so that it had
to be assumed that the path of the waves was not
a straight line but a curved or a broken line; both
hypotheses found supporters..

One year after Mar c on.i's experiments Ken-
nelly and Heaviside, independently of each
other, proposed the hypothesis that the high, very
rarefied layers of air behave as a mirror for elec-
trical waves and reflect the radio signals back to the
earth. The propagation of the waves could then
take place along broken lines. The reflective power
of these higher layers of air might be caused by an
ionization of the air, i.e. a splitting of the molecules
into electrons and positive ions. Kennelly esti-
mated the lower boundary of the.ionization region,
the so-called ionosphere, to be at an altitude of
80 km,' which, as we now know, is fairly correct,
at least as far as the order of magnitude is con-
cerned.

In the meantime attempts had also beenmade to
explain the possibility of reception below the hori-
zon without the hypothesis of a reflecting layer.
Various theorists (among whom Rayleigh, P oin-
care, later Watson, Sommerfeld, Bremmer
and van der Pol I)) showed that the electro-
magnetic waves are bent along the conducting
earth's surface, so that, especially in the case of

1) See: Philips techn. Rev. 4, 245, 1939.

long waves, reception far below the horizon is
possible.

In the course of further investigations it has been
found that this theory Of refraetion must not be
considered as an .argument for making the, hypo-
thesis of the ionosphere reflections superfluous,
but that the two theories supplement each 'other
excellently. In radio communications with waves
shorter than 10 m the ionosphere pliys no role.
In the very important wave -length region -from 10
to 50 m, on the other hand, the bridging of long
distances with relatively slight energy would be
impossible without the reflection of the waves
against the ionosphere.

Until about 1920 only wave lengths above 200 m
were used. After the possibilities of the wave-
length region below 200 m hid been proved by
the bridging of the Atlantic with relatively low
power transmitters at about that time, shorter and
shorter waves began to be used. Several new
phenomena were then encountered which did not
occur on long waves or only sporadically, and the
cause of these was thought to lie in the presence
of the ionosphere. It was found, for example, that
reception was generally stronger at night than in
the daytime. Another phenomenon was that radio
H -location on short waves is subject to larger
errors at night than in the daytime. To these pheno-
mena could be added that of fading and the fact
that with increasing distance reception from an
ultra -short wave transmitter does not decrease in
intensity continuously, but after having passed a
"dead zone" (skip distance) may abruptly attain a
greater intensity again. Another interesting pheno-
menon, and one which is of technical importance,
is that the northern lights, the magnetic storms
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(i.e. great changes in the magnitude and direction
of the magnetic field of the earth) and certain kinds
of fading are found to be intimately related to each
other. Thus, for example, in 1928 it was at first
impossible to make wireless contact with the
N o bile expedition which had come to grief near
Spitsbergen, since the attempts to do so happened
to coincide with magnetic storms in the northern
lights zone.

The phenomena mentioned have been the subject
of profound investigations carried out in many
countries, and these have now reached a stage where
not only has a fairly complete technical insight been
obtained into the causes and the mechanism of many
of the phenomena referred to, but also various new
fields of geophysical, meteorological and astro-
physical investigation have been opened.

Refraction and reflection of radio waves by the
ionosphere

A radio wave is an electromagnetic wave which
differs from a light wave only in its wave length.
It may therefore be expected that the refraction
and reflection of radio waves by. the ionosphere will
in many respects follow the known laws of optics.
We shall therefore try to characterize the properties
of `the inosphere in the manner customary in optics,
by assigning to every point in space a definite index
of refraction. What do we mean by this index of
refraction? For the case when dissipation can be
disregarded it can be derived in a simple way.

According to a familiar relation of Maxwell
the index of refraction of a substance n is related
to the dielectric constant E by the equation:

n2 = E
(1)

We can therefore determine the index of refraction
by studying how a gas of the nature of the ionos-
phere behaves as a dielectric. In doing so we shall
consider the ionosphere for the present as, a homo-
geneous gas which in addition to the molecules
contains N electrons and N positive ions per cm3.

Suppose that in such a gas electrical vibrations
are excited with an angular frequency cc and an
amplitude Eo. This electrical .alternating field in a
dielectric gives rise to electric currents whose den-
sity we shall call j. The dielectric constant is then
defined by

=
where j1 represents the displacement current for a
vacuum.

The electric current j. consists in general of two
components, the first of which is the above;men-
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tioned displacement current for a vacuum. This is
given by:

1 dEJi = . (2)
4.7r dt

The second component j2 is a convection current,
to be ascribed to an actual displacement of charges.
If N is the number of charged particles per cm3,
e the charge and v the velocity, then

j2= Nev
and the dielectric constant is thus :

4:7E 1Vev
8 = (..11+ j2)/ii= 1 + dE/dt

. .
(3)

For free electrons such as are present in the. ionos-
phere the velocity v can easily be calculated 2).
The acceleration of particles with charge e and mass,
m is determined by the equation

dvni -
dt

= eE (4)

When E changes sinusoidally with an angular
frequency a), then the same is true for v, i.e.

d2v

dt2

From this and equation (4), after differentiating t,
it then follows that :

v= c dE/dt
- 1110)2

and by substituting this in (3)- one obtains :

4rcNc2
712 =.. 8 = 1

nico2 (5)

The apparent dielectric constant is thus. less than
unity, because the convection current is in opposite
phase to the displacement current, and the same is
true of the index of refraction. Thus, speaking in
optical, language, the ionosphere is a less dense
medium than empty space.

Now- it is known that a wave which passes from
an optically dense medium into an optically less
dense medium is not only refracted but may also be
totally reflected. If 71 is the index of refraction of
the less dense medium, n' that of the denser
medium, the condition for total reflection' is
n < ze sin a,, where a is the angle of incidence on the,

2) In addition to free electrons the ionosphere contains an
equally large number of positive ions. Since, however, these
possess a mass about 50 000 times as large, theylare accel-
erated to a much smaller extent by electric fields, so that
in practice we need only consider as mobile particles the
free electrOni.
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surface of reflection. In our case n' = 1. If we now distance). If one is concerned with case a in fig. 1
first consider the case where a = 0 (signal directed the radius of the skip' distance can easily be caleu-
vertically upward), the condition is then 7/ < 0, lated, and one finds :
or, according to (5),

4n Ne2 r21 = 4h2
1 (6)

mco2

For sufficiently low values of co this condition is
always satisfied; low -frequency signals are thus
totally reflected by the ionosphere. Above a certain
frequency, however, this is no longer the case; for
the critical frequency, according to equation (6),
the following holds:

4n Ne2 Ne2

ma) crit2
=1, or Jr2crit = - 

The critical frequency fcrit is thus a measure of the
electi:on density N in the ionosphere.

The signals directed vertically upwards for which
we  have calculated the- critical frequency are of
great importanbe in the study of the ionosphere,
as will be discussed beloW. In practical radio trans-
mission, however, one is usually concerned with
waves directed obliquely upwards. The chance of
total reflection is thereby increased. If a is the angle
of the wave to the vertical then it < 0 sin a holds

- for total, reflection, or according to equation (5)

1
47r NO

< sine u = 1 cos2 a . . . (8)
me.)2

If we set a-= 0 we again obtain equation (6) for the
critical frequency. If, conversely, we choose any
arbitrary frequency f greater than f,cr-;t, equation
(8) then gives us a critical angle of reflection:

4n Ne2
2 ___ Ne2 .Pcritcos acrit

no2 nmf2

(()

I' (9)

Reflection only occurs for a > acrit, while waves
with an angle of incidence a < acrit pass through
the ionosphere. Practically this amounts to the
fact that only at a certain minimum distance from
the transmitter can the reflected signals be observed..

A simplified representation Of the situation is
illustrated by fig. la, where it is assumed that the
altitude of the ionosphere is so small in relation
to the radius of the earth that the earth may be consi-
dered flat, while, moreover, the reflection from the
ionosphere takes place in the form of a sharp angle.

The fact that the reflected radiation only becomes
observable at a definite distance r1 is familiar in
practice in the existence of a "dead zone" (skip

3) Within the dead zone signals can sometimes be received
at irregular times; these are, however, unsuitable for regular
communication. The reflection in these cases probably

- takes place from irregularly occurring electron clouds in
or between the normal layers of the ionosphere.

npn,

Nee

where his the altitude of that layer of the ionosphere
from which the radiation is reflected. Since this
height may amount to several hundred kilometers,
however, in many cases the assumption of a flat
plane as the earth's surface is not sufficiently accu-
rate, and consequently the curvature of the earth
has to be taken into account. Furthermore, the
angle of reflection is not so sharp, since the boun-
daries of the ionosphere are more or less vague and
the deflection is therefore more gradual. Taking
both these factors into account, the picture 'repre-
sented in fig. lb is obtained. The region commanded
by the radiation reflected at the ionosphere then has
not only an inner boundary r1 (skip distance) but
also an outer boundary r2, namely where the re-
flected ray still just touches the earth. Under
favourable conditions this distance amounts to
about 1700 km for signals reflected by a layer at an
altitude of 100 km and about 3600 km for a layer
at 300 km. Transmission of short-wave signals over
greater distances by single reflection at the ionos-
phere is therefore impossible. With multiple re-

.1.ii I 1:14
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Fig. 1. Reflection of waves by the ionosphere when the earth
is considered flat and reflection sharp (a) and when the earth
is curved and reflection more gradual (b). Rays with an angle
smaller than acra are not reflected but pass through the ionos-
phere. The region commanded by the once -reflected waves is
limited by a minimum radius r1 (skip distance) and in the case
of the curved surface of the earth also by a maximum radius r2.
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flection at the earth and the ionosphere greater
distances 'can of course be bridged.

The higher the frequency is chosen, the narrower
the annular region commanded by the reflected
waves, since the radius r1 of the skip distance zone
becomes steadily larger. For the limiting frequency
at which it shrinks to nothing one finds about
30 megacycles/sec (A = 10 m), depending on the
activity of the sun, while ferit, lies at about 3 mega-
cycles/sec (A = 100 m). In the following we shall
go more deeply into the numerical data and also
discuss what these empirical values are able to show
us about the altitude and condition of the
ionosphere..

Altitude and electron density of the ionosphere

Experimental investigation of the ionosphere is
being carried out in very many countries, so that
in spite of the fact that it has been in progress only
some 20 or 30 years there is already, considerable
empirical material available.

The data of most interest are those concerning
the altitude of the ionosphere and the degree of
ionization. .

Several methods of determining the altitude
are in use. A method originally employed by
Appleton makes use of interferences between the
so-called carrier wave and the radiation reflected
by the ionosphere (see fig. 2). The distance between
transmitter and receiver chosen is such that the
intensity of the carrier wave received is aboutequal
to that of the reflected wave. The two waves will
amplify each other when 2 (a-a') = m A and atten-
uate each other for 2 (a-a') = (m.+ 112) A (m
being 'a whole number and A the wave length).

If the wave 'length is decreas3d continuously

U.
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Fig. 2. Determination of the effective altitude h' of the ionos-
phere from interferences resulting from the difference in path
a-a'. It may be seen that the actual altitude is smaller since,
the waves do not experience a sharp reflection but are gradually
bent. The dots on the line indicating the path of the electric
wave represent time intervals and show that the rounding -
off of the angle results in no decrease in the transit time, since
in the ionosphere the signal is propagated more slowly. '

from A to A', amplified and attenuated signals are
received alternately. The number of times that
an amplified signal is received is:

2(a-a')1A' - 2(a-a')/A.

By determining 11, a, A and A', a' and thus also h'
can be calculated. This "effective altitude" h' is
greater than the actual altitude of the point where
the reflection takes place, since the velocity with
which the signal is propagated in the ionosphere is
less than the veolcity c of light in vacuum.

Fig. 3. The transmitted signal A and the reflected signals B
in the determination of the effective altitude of the ionosphere
according to the, method of Breit and Tuve.

The phenomenon underlying Appleton's me-
thod, viz. interference of the waves that have trav-
elled different paths from the transmitter to the
receiver, is manifested in normal radio reception
as the familiar fading.

Interpretation of the results of the measurements
by the Appleton method is rather difficult.
Therefore a different method is now usually
empoyed, the "echo method" developed by
Breit and Tuve, upon which, as a matter of fact,
the now universally known "radar" is based.

By means of a transmitter short wave trains are
sent out directly upwards at intervals of, for
instance, 1/50 -sec (see fig. 3). A receiver not far
from the transmitter records the carrier wave and
immediately afterwards the echoes due to reflection
from the ionosphere. From the time te elapsing be-
tween the reception of the carrier wave and that
of the reflected wave, (echo time), the effective
altitude h' of the ionosphere can be calculated by
the relation h' = 112 Ste. '

Some results obtained by the Breit and Tuve
echo method are reproduced in fig. 4. The registro-
gram shows the echo time of the reflected signal as a
function of the frequency. It is found that up to
about 4 megacycles/sec (A = 75 m) an echo time
of 60. microseconds occurs, corresponding to an
apparent altitude of 100 km. At frequencies above
3.5 megacycles/sec the echo time begins to increase
gradually; apparently waves of these frequencies
penetrate deeper into the ionosphere. The critical
frequency is passed at 4 megacycles/sec. The signal
which penetrates through the lowest layer of the
ionosphere above this limit does not, however, dis-
appear into space but is reflected from a higher
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layer (h 200 km). This so-called F1 layer is
much less sharply bounded than the underlying
layer, which is indicated as the E layer. This is
evident in the diagram from the fact that the alti-
tude at which reflection occurs increases sharply
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Fig. 4. Recording of the effective altitude of the ionosphere in
km as a function of the frequency in megacycles/sec. when the
sun is high. Registrogram of the Carnegie Insitution Washing-
ton; taken from Darrow, Bell Syst. techn. J. 19, 455, 1940.

with the frequency. At a frequency of 5.5 mega-
cycles/sec the signal penetrates also through the
F1 layer, reflection then occurring at the so-called
F2 layer, which has an altitude of 300 km. Not
until a frequency of 10 megacycles/sec is reached
are the waves able to penetrate through this layer,
when the signal disappears into space.

In the frequency region in which the F2 layer is
effective the diagram shows a second echo, which
can be ascribed to waves which have covered the
distance between earth and the ionosphere and back
twice. Furthermore a remarkable doubling of the
diagram lines is visible. This latter effect is con-
nected with the terrestrial magnetic field and will be
discussed briefly farther on in this article.

The critical frequencies found for the reflections
at the various layers make it possible to calculate
the electron density N at the point where the waves
are reflected. According to equation (7) this
quantity is:

nnz f2critN = 1.2440'2 f2crit . (10)
e2

By the combination of determinations of N with
measurements of h' a fairly complete picture can
be obtained of the distribution of the electrons over
the different layers of the ionosphere.

Results of the investigation

Apart from systematic variations with the season
of the year and the position of the sun, the state
of the ionosphere is found to exhibit rather great
fluctuations. Electron densities occur which are 10

times as great as the average. In general the follow-
ing conditions can be determined.

At an altitude of about 50 km in the daytime
there is a slightly ionized layer ("ozone" or D
layer). At night the electron density in the D layer
is very slight. The second layer (E layer) is per-
manent and lies at about 120 km altitude. Above
that at 200 and 300 km altitude lie at least two other
layers (F1 and F2) more or less distinct in the day-
time but immediately after sunset merged into one,
the F layer; sometimes in the daytime in winter
too the separation between the Fl and F2 layers
cannot be observed. Between the E and F1 layers
there occurs at very irregular times another layer
of limited extent, which is sometimes called the
E2 layer (American: "sporadic E layer"); in the
summer this is often observed in the morning and
in the evening; sometimes this E2 layer occurs in
the evening at all seasons.

The following table gives a survey of the average
condition of the ionosphere at noon on a summer
day for a mean latitude on the earth:

layer

D
E
F1

F,

effective
altitude
(km)

50

120

200

300

critical
frequency

(mega-
cycles/sec)

maximum electron
density (number of

particles/cm3)

<0.4
2.5
5.0
8.0

<2.5 X 10'
105

4 x 106
106

For the sake of comparison it may be noted that
from the radio investigation of the ionosphere it
appeals that the molecular density of the atmos-
phere at the altitude of maximum ionization of the
E layer is of the order of magnitude of 1012 mole-
cules per cm3, while in the F layer the figure is
about 10".

The question has arisen as to whether there are
still other layers present. It is indeed very well
possible that we are unable to observe all the
layers; a layer can only manifest itself when its
ionization is greater than that of all the underlying
layers, so that its limiting frequency is higher
than the lowest frequency of the waves penetrating
through the lower layers. Faint indications of layers
other than those mentioned have sometimes been
found. It is possible, however, that deceptive phe-
nomena may occur which would appear to indicate
the existence of an ionized layer although such a
layer does not actually exist. In this connection
it is interesting to note that in 1927 Hals received
echoes whose echo -time was of the order of magni-
tude of 10 to 30 sec, which would point to a reflec-
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ting layer far beyond the orbit of the moon, where
according to Storm er a sphere of charged parti-
cles can indeed be expected. Whether this is the
correct explanation of the origin of the echoes with
long transit time may be open to doubt.

The reason for the complex character of the ionos-
phere has not yet been determined with certainty.
This phenomenon is probably connected with the
absorption of different parts of the sun's spectrum
at different altitudes in our atmosphere. The upper
layers of the ionosphere are probably ionized not
only by light but also by charged particles origi-
nating in the sun.

Which of the gases of our atmosphere are subject
to this ionization is also uncertain. It might be
thought that our atmosphere at 200 to 400 km alti-
tude no longer consists mainly of nitrogen, but of
lighter gases, for instance hydrogen and helium.
A direct indication of the presence of these gases
has not, hoWever, been found, although they have
often been sought, for example in the spectrum of
the northern lights, which occur at the altitudes
in question.

One of the bands of the northern lights spectrum
could be ascribed to the positive ion of the nitrogen
molecule, so that the occurrence of the reaction
N2 ,_<";Nlt e is thus proved. This process is prob-
ably one ofthe pauses of the ionization in the F
layer.

Daily, annual and other periodical variations

The connection between the position. of the sun
and the state of the ionosphere has already been
referred to in the foregoing. This connection makes
it probable that the ionization is for a large part
brought about bSr the ultra -violet radiation of the
sun. For the E layer this supposition can even be
confirmed 'quantitatively, by calculating the elec-
tron density as a function of the position of the sun
on the basis of the laws of molecular equilibrium.

The following formula holds for the change in
electron density per second:

dN- q uN2.
dt

In this expression :q is the number of electrons
formed in the ionosphere per second per cm3 and
aN2 the number which per second and per 'cm3
reunite with the positive ions; a is the so-called
recombination coefficient. The fact that the' velocity
of the recombination is determined by the square
of N is clear when remembering that the chance
of recombination is proportional to the product of
the concentrations of the 'electrons and of the posi-

.

tive ions. If an equilibrium condition is assumed;
i.e. dN/dt = 0, the following applies:

N =}'q/a.

The quantity q depends upon the height of the sun,
which can be expressed by the angle x made by the
sun's rays with the perpendicular. If one considers,
for instance, a horizofital'plane in the ionosphere
of 1 cm3, it is clear that the amount of ultraviolet
energy striking that plane is proportional to cos z.
Thus N is proportional to (cos z)V2, and according
to (10) this means that

ferit is proportional to (cos x)11.. . . (11)

This relation is reproduced in fig. 5 for the sake of
comparison with the results of measurements. It
is found that the formula for the E layer corres-
ponds to the observations carried out during a large

0-
6

G.M.T.
Mr,

4254 6

Fig. 5. Daily variation of the critical frequency (in megacycles/
sec.) for the E- layer (average from March 18 to 23 incl. 1935;
taken from Appleton, Proc. Roy. Soc. 162, 451', 1937).
The line drawn represents the variation of the quantity
(cos x) I/4, where x is the zenith distance of the sun. Except in
the hours of night the curve corresponds very well to the varia-
tion of the critical. frequency. G.M.T. = Greenwich Mean
Time.

part of the day. From this it may be concluded
that the processes of ionization and recombination
in the E layer in the daytime are indeed in equili-
brium with each other. .

Formula (11) does not meet the case so well for
the variation for the F1 layer, and it is certainly
not valid for the F2 layer. In these layers therefore
the' equilibrium between ionization .and recombi-
nation is absent, which is understandable consi-
dering that in the more rarefied atmosphere the
processes take place much more slowly, because of
the smaller number of collisions. However, it may
also be assumed in explanation that the ionization
is determined by phenomena other than the ultra-
violet rays. The two causes probably work together.

The other known periodical variations in the
state of the ionosphere are likewise connected with
the sun. In the course of a year the altitudes and
especially the electron densities vary with the
seasons- (see -fig. 6). The electron concentration
in the E layer and especially in the F1 layer is
greatest in summer, which is understandable after
what has been said about the influence. of the height
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of the sun. The .P2 layer behaves differently, the
limiting frequency and thus also the electron density
reaching a greater value in winter than in summer.
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Fig. 6. Daily and seasonal variations of the critical frequency
fait in kc/sec and of the effective altitude h' for the different
layers of the ionosphere (borrowed from Smith, Gilliland
and Kirby, J. Res. Bur. Stand. 21, 835, 1938): t1 sunrise;
1, sunset. Eastern standard time, 75° west longitude (practi-
cally the meridian of Philadelphia).

From this it is sometimes concluded that the F2
layer is sensitive to temperature, becoming diffuse
and rising in the summer whereas in winter it be-
comes denser and falls.

On the basis of his own experiments and those of
his collaborators, Elias presumed that the nightly
ionization at 350-400 km effective altitude can in-
deed be distinguished from that in the daytime and
that it is to be ascribed to corpuscular radiation,
or perhaps partly to eletromagnetic radiation of
cosmic origin. '-

The eleven -year period in the number of sun-
spots observed every year seems to correspond to
an equal period in the electron densities of the
ionosphere. According to Smith, Gilliland and
Kirby, during -the years 1932-1937 the electron
densities of the E, F1 and F2 layers increased with
the number of sunspots (see fig. 7).

Further of interest are the changes in the ionos-
phere during an eclipse of the sun.. It has been
found- that during -an eclipse the electron density
in the E and F1 layers decreases sharply, but almost
immediately after the eclipse returns to the normal
value again. The electron densities of these layers
are found to be roughly proportional to the non -
eclipsed portion of the sun's disc; that of the F2
layer behaves differently and varies in a smaller
degree. This may be ascribed partly to the recom-

bination coefficient being too low, but on the other
hand it seems to confirm the suspicion that the
ionization of the F2 layer is caused partly by a
corpuscular radiation.

Finally in 1939 Appleton and Weekes dis-
covered lunar times in the ionization- state of
the ionosphere. This influence of the moon, however,
is very slight. -

Disturbances in the ionosphere (fade-outs)

In the year 1935 Dellinger published his de-
tailed investigation of an important discovery by
Jouast, 111 8 gel et al. At certain moments it is
suddenly impossible to receive any shortwave
signals passing over the part of earth that is in
daylight. This effect occurs so abruptly that it is
often thought that something is wrong with the
receiving set. The disturbance lasts from about ten
minutes to an hour or longer. D clung er pointed out
the simultaneous occurrence of these fade-outs over
the whole daylight half of the earth and showed
that there was a connection 'with eruptions in the
chromosphere of the sun. The explanation of the
fade-outs is to be sought in the fact that when there
is an eruption a large amount of ultra -violet radia-
tion is emitted by the erupting spot on the sun,
which causes intense ionization in the earth's
atmosphere at an altitude of 50 km (D layer),
especially through the a line of the Lyman series
with a wave length of 1216 A. As a result of the
relatively high pressure at these altitudes the elec-
trons set in vibration in the field of a radio wave
will undergo continual collisions with gas molecules
and lose their energy; in consequence the absorp-
tion of the .radio signals is so great that: they dis-
appear and `radio communication becomes im-
possible.
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There is some indication that the reception 
strength of long waves increases during a fade-out,
instead of decreasing. Since these waves are re-
flected by the D layer at about 50 km altitude,
this would agree with the explanation that fade-out
is to be ascribed to an increase of ionization in the
D -layer.

Disturbances due to D layer absorption are also
known which do not occur and disappear so sud--
denly as fade-outs, and which last for a longer time,
usually several hours. The decrease in intensity
of the signals, too, is usually not so great as in
the case of fade-outs.

Disturbances from another cause occur during
magnetic storms and upon the appearance of the
aurora borealis, which again is found to be con-
nected with the eleven -year period of the sunspots.
During the occurrence of magnetic storms and the
aurora borealis material particles from the sun
penetrate into the ionosphere and there disturb
the normal state. Investigation has shown that at a
high geographical latitude the electron density
of the E layer then increases sharply. At lower
latitudes the F layer seems to be primarily affected;
the electron density decreases and the effective
altitude rises, thus indicating a diffusion of the
layer.

Practical consequence for radio reception

From what has been said in the foregoing a
picture can be formed of the influence of the ionos-
phere in the different frequency.regigns. In the case
of long -wave daytime broadcasting (kilometre
waves) the wave is, as it were, enclosed between the
D layer and the surface of the earth. Owing to the
relatively low altitude of the D layer the difference
between the path travelled by the carrier wave and
that travelled by the wave reflected against the D
layer is usually small. compared with the wave
length. These waves are therefore not clearly
separated from each other but form a single vibra-
tion phenomenon which is propagated parallel to
the earth's surface. Fading seldom occurs.

A  peculiar phenomenon, which may be caused
by the ionosphere in the case of long waves, is a
sort of cross -modulation, whereby the modulation
of a strong transmitter can be transferred to the
carrier wave of other transmitters (the so-called
Luxemburg effect). This effect was first observed
by Butt and T elle gen, each independently, who
ascertained that the modulation of the Luxemburg
transmitter could also be heard on several other
transmitters lying in about the same direction
from the receiver, but at greater distances. This

effect is to be ascribed to non-linear phenomena in
the ionosphere. Apparently the state of the ionos-
phere above a powerful transmitter On the long -
wave is slightly affected in the rhythm of the modu-
lation, thereby giving rise to a reciprocal action
on the radio waves.

Furthermore, on the intermediate wave, between
200 and 600 m fading often occurs, especially at
night and particularly in those regions where the.
intensities of the carrier wave and the wave
reflected against the E layer are equal. Reception
can only be called perfect, in the vicinity of the
transmitter (radius about 75 km) where the Carrier
wave is received more strongly than the reflected
wave. At a very great distance, where only the re-
flected wave is received, no fading would be expec-
ted, since the cause of the fading phenomena lies -
in interferences between carrier wave and reflected
wave. Nevertheless, even at great distances very
marked variations in intensity may occur due to
fluctuations in the reflective properties of the ionos-
phere and also due to interference arising from the
fact that when reflected from the ionosphere the
signal may reach the receiver along different paths
of varying lengths.

During the day the reflected waves of the inter-
mediate region are rather strongly absorbed by the
D layer.

Wave lengths between 100 and 200 m are usually
less suitable for radio' communication over long
distances. With increasing frequency. the carrier
wave is more and more strongly damped by ab-
sorption in the earth, an effect which is already
notideable at 100-200 m. The reflected . wave is
weak, since this kind of waves is very much ab-
sorbed by the ionosphere. The cause may perhaps be
sought partly in the fact that the frequencies of the
vibrations of the electrons around the lines of force
of the terrestrial magnetic field correspond to the
frequencies of this wave region. Resonance is there-
fore possible, and this, is always accompanied by
absorption. The wave lengths from 100 to 50 m
and from 50 to 10 m are indeed very important
for wireless communication. Especially in the latter
region, however, the. possibility of reception is
limited by the occurrence of the dead zone. In the
daytime reflection takes place mainly at the 'E
layer, while at night the wave penetrates through
the E layer and is reflected at the F layer.

Fading occurs to a very marked degree in this
wave -length region. For receivers situated on the
edge of the dead zone the average signal strength

 may vary considerably owing to the expansion or
shrinkage of the dead zone. Reception on theSe
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waves depends very much on the activity of the
sun. Especially where the trajects pass along the
zones of the aurora borealis to earth the reception
is very variable.

The strong fading phenomena discussed in the
previous section, which are caused by a disturbance
in the normal state Of the ionsophere, are particu-
larly pronounced in this 'wave region.

Influence of the earth's magnetic field

In the foregoing it has already been stated that the waves
in the region of 100-200 m are strongly absorbed by the ionos-
phere owing to the terrestrial magnetic field. A closer investi-
gation shows that this is not the only effect of the magnetic

' field. Under the influence of the earth's field a so-called double
refraction occurs, and one speaks, as in the propagation of
light in crystals, of the ordinary and extraordinary compo-
nents. That something of the sort must exist is easily seen
when the behaviour at the magnetic equator is studied, where
the earth's field is directed horizontally North -South. If at

 that spot linearly polarized radio waves are sent upwards,
whose electrical vector E is also directed North -South, then in
the ionosphere the electrons are set in vibration in the direction
North -South and they experience in their motion no effect
from the earth's field. For such polarized waves the propa-
gation in the ionosphere is independent of the magnetic field
and one -therefore speaks of the ordinary component. The extra-
ordinary component on the other hand is found when from the
magnetic equator radio waves are sent upwards whose elec-
trical vector is directed East-West; the electrons in the iono-
sphere set in vibration by the radio waves then experience a
Lorentz force, with the result that equation (10) for the
electron density at which reflection occurs is changed to '

N eILM-e2 f ( = 1,24 x 10-8 f (f f fH) (12)

where
e H= - is the so-called L arm r frequency, i.e.
m 27rc

the frequency at which the electrons can describe circular
orbits in the magnetic field, which frequency is equal for all
circles. The upper sign holds for f > fE and the lower for
f < fH. For a field strength of about 0.5 Gauss f1n 1.5 mega-
cycles/sec., corresponding to a wave length of about 200 m.

When radio waves are sent upwards whose electrical vector E
is directed for instance NW -SE, double refraction occurs in
the ionosphere. An ordinary component is received which is
polarized linearly N -S, and an extraordinary component
polarized linearly E.W. When/ > fH it is found from equations
(10) and (12) (upper sign) that the extraordinary component
is reflected at a smaller electron density than the ordinary.
component. As a result the ordinary component is received
later than the extraordinary one. At the same time the critical
frequency for the extraordinary component then lies higher
than that for the ordinary one. Thus if the frequency of the
signal transmitted is chosen between these two critical fre-
quencies, the extraordinary component is still reflected but
not the ordinary component.

Experiments carried out by the Carnegie Institution in
Huanc a yo, Peru (lying on the magnetic equator) fully
confirm the above statements. From this it follows in particular
That the effective charged particles of the ionosphere are actu-

ally electrons; if the reflection were caused by heavier par-
ticles no measurable difference could be expected between the
reflection of the ordinary and the extraordinary components.

Experiments carried out at higher magnetic latitudes give
a somewhat more complicated result; in that case the reflected
waves are polarized elliptically in opposite directions, at the
magnetic North pole the ordinary component being polarized
circularly to the left and the extraordinary component cir-
cularly to the left, while at the magnetic South pole the polari-
zation directions of the two components are just the reverse.
Observation of the opposite polarization directions in the
Northern and Southern hemispheres clearly confirm these
facts.

Significance of the study of the ionosphere for the
physics of the sun

In the foregoing it has already been pointed out
that the investigation of the ionosphere is closely
connected with the physics of" the sun, with
meteorology and with geophysics. -We shall here
briefly consider the connection with the physics
of the sun.

Some of the ions in the ionosphere have been
formed by ionization of nitrogen molecules. This
can only be accomplished by radiation of a wave
length shorter than 661 A. If the temperature ,at
the surface of the sun is known, the intensity of the
effective ultra -violet radiation can be calculated,
considering the sun as a heat radiator. From the
distribution of intensity in the visible region a value
of at most 6500 °C follows for the temperature of
the sun, and from this Saha deduced that in the
wave -length region A < 661 A the sun would give
off to the earth 104 light quanta per cm2 per second.
Since upon absorption by a nitrogen molecule each
quantum releases one electron, in a vertical column
with a base of 1 cm2 104 electrons are released per
second. According to Appleton. and Chapman,
however, 109 to 1010 electrons per cm2 per second
are necessary for the maintenance of the ionization.
This result indicates that the intensity of the sun's
radiation emitted in the far ultra -violet region is
about 10" times greater than that of a glowing
black body with the temperature of the sun. It is
very probable that this extra ultra -violet radiation
originates in the hydrogen and helium present on
the sun.

The foregoing may serve to show what progress
has been made in the radio investigation of the
ionosphere. A much deeper insight has been ob-
tained into the physical phenomena 'taking place
in .the ionosphere and it is not only radio technics
that Have profited from this, for the investigation
of the ionosphere now also furnishes important
Material for geophysics, meteorology and astro-
physics.
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AN EXPERIMENTAL TRANSMITTER FOR
ULTRA -SHORT-WAVE RADIO -TELEPHONY WITH FREQUENCY MODULATION

by A. van WEEL. 621.396.5 : 621.396.615.14

A transmitter working with frequency modulation has been developed for an experimental
ultra -short-wave radio -telephonic link between the Philips factories at Eindhoven and
those at Tilburg, Holland, on a wave length of 9b.5 cm for one direction.and 99 cm for'the
other. Modulation with frequencies from 12 to 204 kc/sec, for 48 telephone calls at once,
takes place on a carrier wave with a frequency equal to 1/9 of the desired transmitter
frequency, with a maximum frequency swing of 67 kcisec. By frequency multiplication

' a signal is obtained with the desired transmitter frequency and with a frequency swing'
.9 times as large. This article poinis out the advantage, of this method and describes how
the frequencies have been chosen and the transmitting stages arranged. A brief description
is also given of the construction of the transmitter, attention being drawn in particular to
the distribution of the circuiting over two separate panels and the simplification of the

_ wiring, both of which have been made possible by the application of a new method of
coupling between successive stages, further explained in this article.

An experimental radio -telephony link between
the Philips factories in Eindhoven and those at
Tilburg 1) has existed for several years. This has
been working lately on a wave length of 90.5 em
for one direction and 99 'cm for the other. The link
is so arranged that the radio installation can.func-
tion as an entirely automatically acting link in the
telephone network. Neither the person phoning
nor the operators of the telephone exchange through
which the connection passes need to- be aware of
the fact that the calls are transmitted by wireless
instead of by cable.

Since the installation was first set up there have
been important developments both in the field of
telephony and in short-wave transmitting tech;
nique. In telephony there is an increasing tendency
to use a single pair of conductors in a cable kir the
transmission of a large number of calls at the
same time by means of a carrier telephone system 2).
Tlie. frequency band of about 3000 c/sec width
necessary for transmitting a call is modulated on a
specific "carrier", the carriers for the different calls
("channels") lying 4000 c/sec apart (only one side
band is used), for instance at . ; 32 kc/s-ec,
36 kc/sec, 40 kc/sec, etc. It was' found desirable
to have the radio -telephone link referred to above
equipped for such a carrier telephone system,
namely for 48 channels, in connection with the
available carrier telephone apparatus. The 48 chan-
nels, which cover, the frequency region from 12 to
204 kc/sec, have to be modulated as a whole on the
radio wave, which in this case serves as a "pair

?) C. G. von Lindern and G. de Vries: An ultra short
wave telephone link between Eindhoven and Tilburg,
Philips techn. Rev. 2, 171, 1937.

2) See for example the articles published in this  periodical
about carrier telephony: Philips techn. Rev. 4, 20, 1939;
6, 325, 1941; 7, 83, 104, 184, 1942.

of conductors" in the link. The transmitter and
receiver had therefore to be made suitable for this
very wide range of modulation frequencies (up to
200 kc/sec).

At that time there was an important development
in the field of ultra short waves (< 10 m), viz
the gradual superseding of the old method of ampli-
tude modulation by frequency modulation.
The Ovantages of this method led us also to rebuild
'our ultra -short-wave link for the new method.

All these facts led to a complete reconstruction
'of the transmitter and receiver of this experimental
communication, not only as regards electrical
connections but also in the actual construction.
Of the old installation only the Y a gi directional
aeri4ls for transmitter and receiver 1) could be
retained unaltered.

In this article the transmitter in its present form
will be described,, while the receiver will be dealt
with in a subsequent article.

The method of modulation

The advantages of frequency modulation over
amplitude modulation are twofold: 1) In amplitude

 modulation of ultra short waves it is almost
inevitable that alsO an undesired frequency modu-
lation occurs; the difficulties created by such a
mixed modulation are avoided by employing pure
frequency modulation. 2) Frequency modulation,
compared with amplitude modulation, gives an
appreciable improvement in the ratio between the
intensity of the signal and that of the, fluctuation
noise 3).

3) For readers who wish to know more about frequency modu-
lation we refer to the articles by Th. J. Weyer s in
the preceding numbers of this periodical: Philips techn.
Rev. 8, 42 and 89, 1946.
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In order to make full use of the second advantage,
i.e. in order to reduce noise to the lowest 'possible
level,.it is necessary that the maximum frequency.
swing, i.e. the largest deviation -occurring from the
average frequency, should be about ten times as
large as the highest modulation frequency to be
transmitted. In our case this was not less than 0.2
megacycles/sec, so that the 'maximum frequency
swing had to amount to 2 Mc/sec. Since for the
undistorted transmission of a frequency -modulated
oscillation, a side band of at least 1112 times the
frequency swing on both sides of the carrier
frequency has to be transmitted, the transmitter
and receiver would have to be adapted for a fre-
qtiency band with a total width of 6 Mc/sec. Because
of the difficulties that would have been involved
in getting such a great band width, we confined
ourselves to a frequency swing of the emitted signal
equal to about three times the highest modulation
frequency. In this way one arrives at a band width
of 2 Mc/sec, which is well possible in practice, while
the ratio between intensity of Signal and that of
noise is still 14 db greater than it would be with
amplitude modulation. 

With frequency -modulated transmitters it is
customary to apply the actual modulation process
to oscillator connections which 'oscillate at a loW
frequency. By frequency multiplication, where the
average oscillator frequency and the frequency
swing are increased in the same proportions, the
desired transmitting frequency is then obtained.
This method, which we also' employed, has the
advantage that 'it is easier to obtain the required
proportionality between frequency swing and inten-
sity of the modulated signal. This can be explained
as follows.

Modulation is effected by detuning the oscillator
circuit with the help " of a so-called reactance
valve 3). This is a normal multigrid valve, between.
the cathode and anode of which the circuit to be
detuned is connected, while part of the circuit
voltage is applied to one of the grids with 90° phase.
displacement. The anode AC is then- shifted 90°
in phase with respect to the anode AC voltage, in
other words the valve acts as a reactance (capacita-
tive or inductive, according as the grid AC voltage
is shifted +90° or --90° in phase). To take a specific
case, let us assume that the tube acts as a capacity,
C1. The reactance 1/co C1 is equal to the ratio of the
amplitudes of anode AC voltage and anode AC,
while the frequency co at which the circuit, connected
oscillates is 'determined by C1 together with the
remaining circuit capacity Co. C1 is now varied by
applying the modulating signal voltage to a second

'grid of the valve, whereby the slope, and with
it the amplitude of the anode AC, is -changed in the
rhythm of that voltage. The  detuning, do), of the
circuit obtained with respect to the frequency coo,
with Cj. = 0 is given by

d co
coo C1

2 Co

We will now consider the influence of the oscil-
lator frequency to be chosen, coo. In connection with
the linearity of the modulation, Only a certain
change in slope of the reactance valve is permissible,
namely such that there is no deviation from that
section of the valve characteristic where the slope
is by sufficient approximation proportional to the
grid voltage. Corresponding to the permissible
maximum slope, which depends only on the pro-
perties of the valve' and n o t on the oscillator
frequency coo, is a certain maximum anode AC, thus
- because the 'anode AC voltage' is fixed -a certain
maximum value of the reactance 1/cooCi., likewise
independent of coo. The maximum detuning to be
obtained dui, which according to the formula is
proportional to the greatest value of .60 C1, is there-
fore independent of the frequency coo, be-
cause Co may also be considered as a constant. In
order to make the detuning by the reactance valve
as great as possible, Co will be kept as small as pos-
sible, and thus will be limited to the unavoidable
capacities of valve *and wiring.' The choice of coo
is then realized with the self-induction of the circuit.

Since, therefore, the same absolute frequency
sweep can be obtained 'with a low oscillator fre-
quency as with a high one, if in the manner described
one begins with a low oscillator frequency and a
correspondingly small frequency sweep, it will
actually be easier to ensure the necessary lin.earity
of the modulation. We shall revert later to the exact
choice of oscillator frequency.

The connections

The connections are in push-pull arrangement
for various reasons: variations in the feeding
voltage are much less manifest as undesired modu-
lation, since they act on the two halVes of the
modulator in the same' phase instead of in counter -
phase; furthermore one avoids the strong high -
frequency currents :which otherwise flow in the
earth connections and therefore (since all the points
to be earthed cannot be connected to the same point
of the chassis) also through the chassis, causing all
kinds of undesired couplings, etc; finally, by using
push-pull amplifier valves several difficulties occur-
ring at very high voltages are diminished, becaiise,
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among other reasons, the influence of the self-
induction of the cathode feeding connections is
much smaller4). In fig. I a block diagram is given of
the transmitter connections. We shall first consider
only that part drawn with heavy lines. The low-
frequency signal from the telephone exchange (the
term "low -frequency" is here used in a relative
sense, the frequencies of this signal being as high
as about 200 kc/sec.) is led to two reactance valves
which influence the frequency of the push-pull
oscillator. The signal obtained from the oscillator,
i:e. the frequency -modulated oscillator voltage, is

explained aboire that the oscillator frequency must
be chosen as low as possible. From the frequency
values indicated in fig. 1 in the different stages it
may be seen that the choice fell upon 36.9 Mc/sec.
This still seems relatively high, but it must be taken
into account that the receiver for the same. con-
nection is situated close to the transmitter. The
receiver works on the superheterodyne principle
with an intermediate frequency of 18 Mc/sec. In
order to prevent interferences in the reception it is
necessary that neither the oscillator frequency of
the transmitter nor any harmonics of it shall fall

2x EF50 EFF 50 EFF5O EFF50 QQE 06140 QQE 06140 QE 06/40
R 0 Tj V1 T2 V2 V3

A-
36,9+110,7 110,7 - 110,74.3324 - 332,1 - 332,1

3W 4W 11W 30W

2

3a9= u
-c=3,725-

46503

Fig. 1. Block diagram of the transmitter. The modulating low -frequency voltage is applied
at M, R reactance valves, 0 oscillator, T1, T2 frequency-triplicator stages, VI- V, amplifier
stages. At A the frequency -Modulated output voltage is fed to the aerial. The numbers
in the blocks indicate the frequencies in Mc/sec at which the stages work; above each block
the type of valve used for that stage is given. The part of the diagram drawn with thin
lines serves to keep the average oscillator frequency constant. This is explained later (see
fig. 3).

led to a push-pull valve, connected as a frequency
triplicator. Then the signal is amplified and con-
ducted to another frequency triplicator. The signal
here reaches its final frequency, after which it is
further amplified in two end stages and sent to
the aerial.

The choice of oscillator frequency

The reason for the multiplication of the frequency
in, stages by a factor of three lies in the nature of
the connections. In push-pull connections the out-
put voltage can contain, in principle, only the odd
harmonics, of the frequency of the grid'AC voltage
applied, so that by filtering out the harmonics in
question a frequency multiplication by a factor
3, 5 or 7, etc. can be obtained. For the sake of effi-
cient output the lowest factor has been chosen.
Since the transmitting frequency, if we confine
ourselves for the moment to one single call direction,
was fixed_ at 332.1 Mc/sec (90.5 cm wave length)
the 'possible choices of oscillator frequency were
332.1 110.7 - 36.9 - 12.3 - 4.1 Mc/sec, etc. We have

4) M. T. 0. Strutt and A. van der Ziel: A new push-
pull amplifier valve for decimetre waves, Philips techn.
Rev. 5, 172, 1940.

in the intermediate -frequency band of the receiver,
which band, according to the above figuris, must
extend from 17 to 19 Mc/sec. An oscillator frequency
of 12.3 or 4.1 Mc/sec. would, it is true, also answer
this condition, but the transmitting apparatus in
question had to be so designed-that later on,if
necessary, the connections built up with the same
stages could also be, used. for telephone links on
other wavelengths between about 1.50 and 0.90 m,
simply by changing slightly the oscillator frequency.
In order to avoid once for all the danger of inter-
ferences in the receiver it was therefore decided
to place the oscillator frequency above the inter-
mediate -frequency band of the receiver. At the
same time of course the possibility had to be con-
sidered of choosing that intermediate fr6quenCy
itself lower; in the discUssion of the receiver it will
be shown, why this was not done. '

It is perhaps advisable to stress the point that the require-
ment mentioned above, that for a favourable ratio between
signal and noise the frequency sweep must be several times as'
large as the highest modulation frequency occurring, is only
applicable for the signal emitted by the aerial. In our case,
as a consequence of the frequency multiplication, the maximum
frequency swing in the oscillator stage amounts to only 1/9
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of the final value, i.e. 1/9 X 3 x 200 = 67 kc/sec. If a modu-
lating signal with the frequency of 200 kc/sec and with the
largest permissible amplitude is applied to the oscillator, the
oscillator delivers an oscillation with a frequency fluctuating
200 000 times per second between 36.833 and 36.967 Mc/sec.
In the case of the frequency multiplication here employed
the rhythm of the fluctuation, i.e. the modulation frequency,
naturally remains unaltered: the following stage delivers an
oscillation with a frequency fluctuating 200 000 times per
second between 110.5 and 110.9 Mc/sec, etc.

The valves used

The valves used are indicated over the blocks in
the diagram of fig. 1. Except for those in the three
last stages they are all normal receiving valves
with only a low energy dissipation so that a compact
assembly is possible. The last stages must of course
have transmitting valves in order to produce
the power required for transmission.

Nevertheless, the energy amplification in the
last two stages is only slight, as may be seen from
the wattage figures given in fig. 1. This is due to the
high frequency at which these amplifier stages have
to function. It would seem obvious to ask why the
once amplified signal of 110.7 Mc/sec is not first
amplified further to the desired final level and then
given the necessary frequency amplification in the
last stage. This, however, is impossible, because if
that were done very high AC voltages (of the order
of 500 Volts) would have to be applied to the grid
of the last valve; in order to function as frequency
multiplier the valve must work in class C, thus with
very high negative grid bias. It has been found in
practice that with the very small distance between
grid and cathode in these short-wave tubes the
high voltages mentioned lead to disturbances:
breakdown may occur or the insulation between grid
and cathode may be damaged (especially at very
high frequencies).

Fig. 2 is a reproduction of two X-ray photographs
of the type of short-wave transmitting valve used,
the QQE 06/40. It is a double tetrode in which the
two balanced systems have a common indirectly
heated cathode and a common screen grid. The
power on a wave length of 3 m is 40 W; at 1 m
about 30 W.

Maintaining the constancy of the oscillator frequency

The part of the diagram in fig. 1 which is drawn
with thin lines serves to keep the average oscillator
frequency constant; it is given again separately
in fig 3.

The usual method of synchronizing the oscillator
vibration directly with the characteristic oscillation
of a quartz crystal or a harmonic of the same

could not be employed in our case since the oscil-
lator vibration is already frequency -modulated upon
its formation, and consequently when keeping the

Fig. 2. X-ray photographs taken in two mutually perpendicular
directions of the ultra -short-wave push-pull transmitter valve,
type QQE 06/40, used in the three last stages of the trans-
mitter. The cathode connection is made very short thanks to
the two electrode systems having a common indirectly -heated
cathode.

oscillator frequency constant a certain margin has
to be left for the frequency swing. For that reason
the following method was chosen.

A small part of the output voltage of the oscillator
stage, of which the average frequency fo must
amount nominally to 36.9 Mc/sec, is tapped off and

0

36,9

46504

Fig. 3. Block diagram of the connections for keeping the
average oscillator frequency constant. K quartz crystal which
keeps the frequency 8.725 Mc/sec of the crystal oscillator KO
constant, M mixing stage in which the fourth harmonic of
this frequency (34.9 Mc/sec) is mixed with the frequencyf 36.9 Mc/sec of the transmitter oscillator 0, V amplifier,
D discriminator, P pentode, F coil with ferromagnetic core
coupled magnetically with the circuit self-induction of the
oscillator 0. The numbers in the blocks indicate the frequencies
in Mc/sec.
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in a mixing valve mixed with an AC voltage of the.
very constant frequency of 34.9 'Mc/sec from a
vibrating crystal. The output voltage of this mixing
stage has an average frequency f1 -=f0- 34.9 Mc/sec.
If 10 is exactly' 36.9 Mc/sec f1 = 2 Mc/sec; if 10
differs slightly from 36.9 Mc/sec fj. exhibits the same
absolute difference from 2 .Mc/sec. Furthermore, the
"intermediate frequency" f1is of course frequency -
modulated with the telephone frequencies in the
same way as _the high frequency 10 applied. This
output voltage of the mixing stage is now amplified
to a discriminator connection. This produces a DC
voltage proportional to the difference between the
average frequency fl of the applied voltage and the
fixed frequency fd = 2 Mc/sec at which the dis-
criminator is set. An AC voltage is superposed' on

temperature, etc. The fact that this forms no ob-
stacle to the regulating 'action of the whole is due
to the discriminator reacting to the absolute
changes of the oscillator frequency. Even if the
discriminator frequency fd should drift propor-
tionally just as much as the oscillator frequency ft)
does with no regulation, the absolute variations
of the latter are still 36.9/2 Re, 18 times as large as 
the drifts of Id.

The coupling between the successive valves

For the coupling together of the various tripli-.
cator and amplifier stages a new method has been
employed which offers important advantages:
In order to explain the particulars of this coupling,
let us consider figs. 4a .and b in which a coupling

.
40505

Fig. 4. a) Diagram of the usual method of coupling two amplifier valves B1 and B2; L -C
tuned parallel circuit. b) New method of coupling. Ca, C1, and La, La are the internal
capacities and self -inductions of the valves involved in the coupling. The elements neces-
sary for determining the DC voltage situation are not driwn.

the DC voltage,' namely the o iginal modulation
voltage*, which, however, is suppressed by a low-
pass filter. The DC voltage is now applied to the
grid of a pentode. The anode current of this valve,
which is thus proportional to the absolute deviation
of the average oscillator frequency from the pres-
cribed value of 36.9 Mc/sec, flows through a coil
wound around a core of ferroinagnetic material 5)
magnetically coupled with the selfinduction coil
of the oscillator circuit. Owing to the fact that the
anode current changes the premagnetization and
thus the permeability of the coil core, it affects the
self-induction of the oscillator coil in the sense that'
the change in the average oscillator frequency,
to which the anode current is proportional, is
opposed. In this way it proved possible to reduce
the drift -of this frequency by a . factor 30.

The "fixed" frequency fd at which the discriminator
is set is, of -course, not actually fixed either, but
subject to some variation due to the drift of the.
elements of 'the discriminator connections with
5)  It is necessary to use a ferromagnetic material the losses of

which are sufficiently small, even at high frequencies.

according to the usual method and one according
to the new Method are shown side by side. For the
sake. of simplicity ordinary (not push-pull) stages are
assumed and all elements only: of importance for
the DC voltage situation are omitted. In the ordi-
nary coupling the anode: of the first and the grid
of the 'second valves are, connected directly with
each other, while betwedi this -point and earth a
tuned parallel circuit is connected (the internal
self-inductimis La and Lg of the valves, which are
indicated with dotted lines in figs. 4a and- b, may
for the present be disregarded). In the new. coupling,
on the other hand, the tuned circuit is formed by
the self-induction L and the connection in series
of the internal valve capacities Ca and Cg. In

figs. 5a and `b the situation in the two cases is shown
still more Concisely. Let us first consider fig. 5b.
The high -frequency voltage, between -the points 
A and B is mainly detcrinined by the oscillation
of the circuit, but the potentials of these two points
fluctuate in opposite phase with respect to earth
due to the Obtrugion of earth .potential. at point 0
in the middle of the circuit capacity. From this it-
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follows that also in the middle of the circuit self-
induction there must be -a point (P) which remains 
at earth potential during oscillation' and thus has no

P
F-

1

1

1

1

a

A

L(+La4-16) 0

Cg

b 46505

Fig. 5., a) More detailed diagram of the usual coupling circuit.
The anode current is of the first valve and the grid voltage va
for the second valve are respectively applied to- and taken
from the same pair of terminals.

b) The same for the new method of ,coupling. Here is is
applied to= the "terminals" of while va is taken from the
terminals of Cs. Since the point 0 lying in the middle of the
circuit capacity remains at earth potential, there is also a
point P on the self-induction with the same property.

high -frequency voltage 6). The position of P on the
self-induction L is determined by the ratio of the
capacities Ca and Cg. On the other hand, turning
to fig. 5a, it is evident that in the old coupling -
connections no such non -voltage point can be found.
Even if the self -inductions La and Lg are taken into
account this fact is not altered.

The occurrence of a non -voltage point in the new
method of coupling Offers the possibility of dividing
the transmitter constructionally into two' parts at a
non -voltage point between two valves and assem-
bling the two parts, for example, in separate panels..
The connection between the two panels then carries
no high -frequency voltage (high -frequency current
does, however, flow through it) and therefore no
undesired couplings or radiation can occur. If
such a division were made at a point which was not
voltage -free, the connection would have to be shiel-.
ded against the effects mentioned, and a large extra
circuit capacity would thereby be introduced, in
general resulting in a, loss of amplification. For
this reason it is very difficult to divide the connec-
tions when the old method of coupling is used.

Another advantage of the new method of coupling
is of particular importance at very high frequencies..
Since in this case the capacity and/or self-induction 
of the coupling circuit must become very small, the
contributing, unavoidable capacities and self -

inductions of the valves begin to play an important
part. Fig. 4a cannot then be reduced to the simple
situation of fig. 5a, because of the presence of
La and Lg, which can no longer be ignored. The ordi-

6) Strictly speaking this is not true. If the losses of the cir-
cuit elements are taken into account it is found that there
is a certain residual voltage. This is very small, however,
compared with the circuit voltage.

nary connections are now in principle more compli-
cated than a simple L-C circuit, and in practice
it proves difficult to obtain sufficient amplification'
with them. This is understandable when it is borne
in mind that at very high frequencies Lg may
already be approximately in resonance with Cg.
The tuned parallel circuit L -C, whose task it is to
furnish a high impedance for the circuit frequency, is
then as it were short-circuited by the low impedance
of the series circuit Lg-Cg. Measures for over-
coming these difficulties are known but they only
result in making the circuit still more complicated,
more extensive and more difficult to manipulate.
When we compare this method with the new coup-
ling according to fig. 4b, we see that the presence.
of La and Lg does not alter anything in the principle
of the connections and only makes  it necessary
to choose the external self-induction L somewhat
smaller than the total circuit self-induction desired.
Even if ; or perhaps only a part of it is of itself
tuned to Cg, in the main everything remains
unchanged. It means really nothing else than that
the above -mentioned non -voltage point then lies
exactly at the valve terminal or somewhere in the
internal grid feed connection, as the case may be.
It is then no longer possible to divide the connec-
tions at that point, but the action of the amplifier
stage is not at' all affected. It would only become
troubles"ome if a negative value should be required
for the external self-induction* L. But since Ca is
usually much smaller than Cg, the self-induction
necessary to time Ca, i.e. the self-induction be-
tween the anode and the non -voltage point, is gen-
erally large enough to cover, in addition to the
self-induction La of the internal anode feed con-.
nection, a positive external self-induction as well.

Fig. 6. Example of a push-pull amplifier stage according to
the new method of coupling. Between the anodes of the push-
pull valve B1 and the control grids of the valve B, two self-
in4uctions L are connected. The capacities Co only have the
function of separating the DC voltage positions of anodes and
grids. The circuit -is tuned with the variable capacity C1.
The anode DC is supplied through the resistances Ra;
Ra may not therefore be chosen very large; in spite of this in
order not to obtain any undesired damping of the circuit
these resistances are connected at the non -voltage points..
There is no objection to choosing large grid leakage
resistances R8.
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Fig. 6 shows the complete connections of a
push-pull amplifier stage with the new coupling
method. Several details are explained in the text
of the figure.

Construction

If a transmitter is to serve as part of a carrier
telephone system it is desirable that its external
form should be adapted to that of the carrier tele-
phone apparatus. In the case in question the trans-
mitter had to be housed in a rack of certain dimen-
sions with the components mounted on panels of a
certain length and width which could be slid
into the rack from front and rear. Similarity in
external appearance, however, can never be com-
plete. In the case of the carrier telephone apparatus

Fig. 7. The transmitter and receiver assembled in a rack. From
top to bottom: a panel (of double depth) containing the high
tension supply unit, two panels with the transmitter, two
panels with the receiver. All the panels are constructed as
sliding drawers. On the front plate of the upper transmitter
panel may be seen the valves of the three last stages, within,
between the coupling connections, shielded by caps. On each
panel is a meter with which the cathode currents of all the
valves can be checked by means of a switch. In the open spaces
at the back of the rack identical drawers with a transmitter
and receiver can be inserted to serve as reserves.

Fig. 8. Part of the two transmitter panels seen from the rear.
The two small coils in each panel on the extreme right (indi-
cated by arrows) are the parts of the two coupling coils divided
into two. In the lowest drawer. pulled halfway out. may be
seen the plug pins and sockets.

the available space in every panel is almost com-
pletely filled with the parts of the different filters,
modulators, repeaters, etc. Because of the much
higher frequencies, the components of the trans-
mitter, however, must in general be spread out over
a certain area in order to provide sufficient mutual
intervals to prevent undesired couplings. One may
speak here of surface assembly in contrast to
the volume assembly in the apparatus for
carrier telephony. In this way one arrives at the
construction shown in fig. 7. The components are
mounted side by side in each panel in a single
plane, a "front plate". This lies fairly deep in the
rack, so that the different valves, coil cans,
Lecher systems, etc. situated on the front of the
plate are well protected against undesired contact
or shocks without it being necessary to place a
cover plate in front of the rack, which would hinder
the dissipation of the heat given off by the valves
to the air.

The uppermost panel of the installation is actually
double, occupying the entire depth of the rack in
order to offer space for the high tension supply
unit mounted therein. This is placed at the top in
order that the rather large amount of heat developed
in it shall not cause any difficulties in the trans-
mitter part proper. The transmitter also contains
too many components to be housed on one normal
panel. As a consequence of the above -mentioned
method of coupling between successive stages the
transmitter could without difficulty be divided
and housed in two separate panels one above the
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other. This can be seen in fig. 7 underneath the high
tension supply unit. Fig. 8 shows the rear of the
transmitter panels with the parts of the two coup-,
ling coils (push-pull connections, see fig. 6) in
each panel. Below the transmitter panels is the
corresponding receiver, also divided between two
panels. On the other side of the rack two exactly
identical panels with a complete transmitter and
receiver can be inserted to serve as reserves,
and in case of a breakdown these can be'
switched on by a single touch of the hand or
entirely automatically.

Upon inserting a panel all connections of the
various signal and feeding voltages are automati-

cally made by means of plug pins in the rack. and
sockets in the panels. The lead wires to the, plug
pins are led out at the side, where the wiring harness
for the mutual connection of the panels is mounted.
The details can be seen in figs. 7 and 8. On each
panel a measuring instrument is mounted on which
the cathode current of each valve can be checked
by means of a switch. By this means it is possible
to localize the cause of any interruptions quickly,
while the ageing of the valves can also easily be
ascertained in good time. This is necess.ary because
the same requirements as to reliability are made of
the transmitting apparatus as are made of the
telephohe apparatus itself.
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Around the middle of the last century considerable interest was shown for a time in the
air engine, but this was quickly supplanted by the development of internal combustion
engines. This was not due to the thermodynamic process involved, but to the technical
constructions possible in those times. Recent research work in Philips laboratories has now.
shown that very satisfactory results can be attained with air engines, if they are built
in accordance with modern conceptions in regard to heat transfer, flow resistance,,
properties of materials, etc. In this article the theoretical principles of the air process
are discussed.

Introduction

When reviewing the processes that have been
applied in the course of years in an attempt to
convert heat into mechanical work, it is remarkable
that the air process at present in disuse was
considered so very promising for quite a while. It
was first used in 1817 by Stirling, and after-
wards various air engines, some of them very
large, were built and put into practical use. Some
people were even of the opinion that the air
engine was a serious competitor of the steam engine,
that had previously come into use.

.These .early air engines, however, were so
unwieldy, slow and uneconomical that it is not sur-
prising, that they were entirely supplanted after the
invention of the internal combustion engine. After
a short while, therefore, interest in the air process

 faded out almost entirely.
Now it was known that according to therMody-

namics the air process was to be considered as
one of the most economical methods of generating
mechanical energy from heat. In the previous
century, however, it was technically impossible to'
construct a good air engine. As ' a result' of the
extensive theoretical and experimental research
work that has been carried out on this subject for
several years past in the Philips laboratories, it
has been established that present-day technology

621.412 :536. 8

is indeed capable of exploiting the theoretical
possibilities of the air process efficiently.

By making use of modern materials and modern
conceptions of heat -transfer and flow -resistance
it was found possible to apply the air process
in engines capable of performing 3000 r.p.m, with
most satisfactory figUres for weight and efficiency.
In this article we shall confine ourselves to the main
theoretical factors which play a part in the air

 process.

Principle of the air engine

We shall explain the principle of the air
engine with the help of a ;very much simplified
model. Let us imagine a cylinder divided into two
parts in open connection with each other. One
part, the so-called hot space, is kept at a
high temperature Th by means of a heater, while
the other part, the cold space, is kept at a
low temperature Tc by a cooler. In each of the two
parts of the cylinder is a -moving piston. A certain
qua.ntity. of air is enclosed between the two pisfons.
We shall assume for the present that the transfer
of heat between the cylinder and the air in it is so
good that . the  air in the hot space is -always
at the temperature Th and that in the cold space
always at the temperature Tc.

We now cause the air in the cylinder to pass
through a cycle consisting of four phases. The four
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positions of the pistons at the moments when one
phase passes over into the next are shown in fig. la
as I to IV. The cycle is as follows:

At position I all the air is in the cold space,
which has the maximum volume

The transition /-// takes place isothermally,
according to our assumption about heat transfer;
the air is compressed to the volume V2.

lv

Tr,

P3

V2 v.
P3

I 2

P2

b
V2

,V, V
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Fig. 1. Diagram explaining the action of an air engine.
a) The engine consists of a cylinder which is divided into

a hot and a cold part with temperatures of Th and Tc respect-
ively, which are in open connection with each other. In both
parts there is a piston. Between the two pistons is a definite
quantity of air. In the engine, a cyclic process takes place
four stages of which are indicated:
The transition I -II takes place isothermally at Tc.
The transition H-1111 takes place isochorically, i.e. with
constant volume.
The transition III -IV takes place isothermally at Th.
The transition IV -I takes place isochorically.
' b) The p -V diagram of the cycle through which the work
medium passes. Owing to the fact that during the hot expan-
sion (III -IV) the pressure is higher than during the cold corn.

 pression (I -1I), the work produced during the expansion is
larger than the work supplied during the compression. As a
result there is a positive work surplus for the cycle as a whole.
This surplus is represented by the area of the curvilinear
quadrilateral I -II -III -I V.

At position II all the air is still in the cold
space, which, however, now has the minimum
volume V2.

The transition takes place at constant
(minimum) volume. The air is displaced from the
cold to the hot space.

At position III all the air is in the hot space,
which has the minimum volume V2.

The transition again takes place isother-
mally; the air exparids from the minimum volume
V2 to the maximum volume V1.

At position IV All the air is in the hot space,
.

but this now has the maximum volume
The transition IV -I again takes place at constant

VOL 8 No. 5

(maximum) volume, the air being again displaced
to the cold space.

It is not difficult to see that the process outlined
can in principle be applied for an engine.

In the transitions II -III and IV -I no mechanical
work at all is done. The work which has to be
supplied to the one piston is exactly the same as
the work done by the other (all mechanical
friction being disregarded of course), because the
volume of the air remains constant during these
transitions. Therefore we need only consider the
transitions /-// and The first is a compres-
sion and thus work must be done. This compres-
sion, however, takes place at a low temperature and
therefore also at a low prehure. The second is an
expansion and thus produces -work. Since this takes
place at -a high temperature (and because, the same
series of volume changes takes place as in the com-
pression, although in reverse order) the average
pressure is higher than in the compression and the
work produced is greater than the work required
for the compression. As a result there is a surplus
of work per- complete cycle.

The action of engines with one piston per cylinder,
usually consists in the piston being displaced during
one half of a revolution under the influence of a high
pressure and then moving back again during the
succeeding half revolution against a lower pressure.
In the, 'presently described construction of the air
engine this process is divided between two pistons,
and between the two processes there is each time a 
workless phase. Otherwise the situation is quite
analogous. In fig. lb the p -V diagram is drawn foi
the cycle outlined; the phases described above can
easily be recognized. The work gained per cycle is
represented in the diagram by the area of the cur-
vilinear quadrilateral I -II -III -IV.

From the foregoing it is evident that the surplud
of work is obtained owing to the fact, that the
isothermal expansion of the air takes place
at a high temperature and the isothermal
compression, at a low temperature. This is
one of the fundamental principles of the air
engine, and further use will be made of it in the
following.

The cyclic process as described above is of course
in that form very difficult of realization technically;
the four -phase piston movements would lead to very
complicated constructions. It can, however, be so
modified, while still retaining the principle, as to
make it technically possible of achievement. Let
us now imagine the two pistons as being coupled by a
combination of driving rods in such a way that the
movements of the hot piston are followed, with a
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certain.phase difference, by those of the cold piston.
In fig. 2 a very schematic representation is given of
how that can be done. With this form of con-
struction it is no longer possible to distinguish the
separate phases as they begin to overlap somewhat,
and in particular the expansion does not take place
completely in the hot .space nor the compression
completely in the cold space. However, when the

N---"--------c

Zw

H --.'-----K
Vt,

-

Vic

L.,........

46933

Fig. 2. Diagram of the. coupling of the two pistons of the air
' engine. V. hot space, Vk cold space, 4 hot piston, Zk
cold piston, D driving mechanism, C, and C2 fixed pivots,
S crank shaft, B burner. In the figure the heater H, regenerator
R and cooler K, which will be discussed later, are also indicated.

,phase difference is suitably chosen, i.e. in the neigh-
bourhood of 40°, it can be shown that the expansion
does take place mainly in the hot space and the
compression mainly in the cold space, so that

.this new cyclic process will also furnish a surplus
of work per cycle, i.e. in this case per revolution
of the crank shaft.

Variation of the air pressure p in the engine during
one cycle

- Before we proceed to calculate the work gained
per revolution, we, shall .first determine how the air
pressige the engine varies, on the assumption
that the engine rims uniformly with a circular
frequency .co. This can always be accomplished by
fitting 'a flywheel with a sufficiently large mo-
ment of inertia on the shaft of the engine. We will
 assume fUrther, that the volumes of the hot and
cold spaces then vary purely sinusoidally. The
following notation will be used: -

V0 'maximum volume of the hot space,
Vh volume of the hot space at any arbitrary

moment,
v ratio of the maximum volumes of cold' and hot

spaces,
v V0 maximum volume of the cold space,

Vc volume of the cold space at any arbitrary
moment.

Finally we assume that Vh and Vc have zero as
lower limit.

For Vh and Vc we may then write

Vh = V0 (1 -I-'cos cot) , . . . . (1)

Vic = 4- vV0 )1 + cos (cot go) . (2).

q, being the phase difference.
Having regard to the practical applications we

also assume that the engine contains a certain dead
space Vs, which we shall define as that part of the
total space in the engine available for air which takes
no part in the movements. We assume that the air
in that space has an average constant temperature
of Ts.

The variation of pressure as a function of time
now follows from the condition that the mass of the
work medium, in this case air, must be constant.

' We shall calculate this mass on the assumption that
air is a perfect gas. In the hot, cold and dead
space there is therefore :

M pVh M p Vc M s

.71  --Th
gram, if Tc gram and gram.

 In this expression p is the pressure, M the average
molecular weight of air and .R the gas constant.
The constancy of the mass of the work medium
is now expressed by the equation:

pVh M pVh M PVs
R Th R Tc R Ts

c.

We now  replace the right-hand member by M/R 
CV-0/2Tc, where C is a constant. This method .of

 notation simplifies the calculation.
In the expression obtained we now substitute

the expressions for Vi, and Vc.
After slight reduction this gives :

C (1 + cos cot) Tc v31 + cos (cot- 92) Tc

2p 2Th 2Tc
VS Tc- .
Vo Ts

We now introduce the following quantities:
z, the temperature ratio: z = Tc/Th;
s, the reduced dead space: s = Vs1V0  Tclirs
(In practice for example Th = 875° K and Tc =
350° K, so that z = 0.4; s is usually about 0.5).
The equation thus becomes :

= 'V COS an + V COS (Wt- c19) + + V + 2s , or
P
C= v cos co) cos cot + v sin 9, sin cot +
P v + 2s .
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For this we may now write:

= 142+ v2 2 -c v cos q) cos (cot -e) +
v ± 2s,

where 0 is determined by:

v sin q)
tg e

-c v cos 99.

If we now introduce the abbreviations:

+ v2 ± 2 't v cos 9) = A ;

+ V + 2s = B and = ,

we find for p:

P = B 1 d-'6 cos (cot -0)

.From this it follows, that the maximum value of p
is determined by:

. C 1

Pmax = IB 1 - (3

.With the help of this last expression we may write
for p:

1 -a
P Pmax 1 ± 6 cos (cot -0). . .

(3)

The variation of pressure found can be represented
very simply in polar coordinates. Equation (3) is
the equation of an ellipse with a focus at the origin,
when p is chosen as radius vector and cot as vectorial
.angle. This ellipse is shown in fig. 3.

Fig. 3. Polar diagram of the variation of the pressure p in the
engine (with sinusoidally moving pistons with a constant
phase difference) as a function of the time t. The relation is
represented as an ellipse with one focus at the origin. The
vertices of this ellipse thus represent the highest and the
lowest pressures, pm,x and rnain. The points corresponding to
the positions where the total volume (V = Vh + V,) is
a maximum or a minimum lie on a line through the origin.
The slope of this line with respect to the horizontal axis is
smaller than the corresponding slope 0 of the axis of the ellipse.
Thus the average pressure during the transition from Vmin
to Vmax is higher than during the transition from Vina. to
Vada. Arc e represents the expansion, arc c the compression.

The minimum and maximum pressures are
reached when cot = e and 0 + 180°, respectively.
These values are represented by the vertices orthe
ellipse, which therefore lie on a line through the
origin making an angle 0 with the zero line. In the
figure it is also indicated for what value of cot the
whole work volume,

 V = Vh Vs + Vs
reaches a maximum or a minimum. These values
can'easily be determined with the help of formulae
(1) and (2).

The corresponding points in the diagram also lie
on a line through the origin, which, however, as
follows from the calculation, makes an anglesmaller
than 0 with the zero line, provided > 0, and
x < 1. This condition, as we already know, is always
cbmplied with in an air engine, and as a conse-
quence the average pressure upon transition from
Vmin to Vmax is greater than upon transition from.
V. to Vmin. From this it immediately follows
that in a full cycle 'of the engine positive work is
gained.

The result obtained may be summed up as follows.
An installation of two cylinders in open
connection with each other, each closed by
a piston with a closed quantity of air be=
tween the two pistons, one cylinder being
kept.at a constant high tempprature and
the other at a constant low temperature,
acts as an - air engine as soon as the
pistons are made to move sinusoidally with
a constant phase difference, with the varia-
tions in the. volume of the hot cylinder
preceding tlicise in the cold _cylinder.

 Power produced

When a work medium goes through a cyclic
process the work gained is in general given by the
expresiion:

p dV. . . . . (4)

. This quantity can be interpreted geometrically
as the area of the closed curve which represents the
cycle in the p -V diagram.

In our, case .V = Vh Vc ± Vs, and since Vs
is constant, we may also write foi the expression
above :

p dVh _fp dVc.

Each ,of these integrals may in the same way be
conceived as the area of a closed curve in the p -r
diagram. We must then plot, not the corresponding
vanes of p and V, but those of p and 'Vh and of p
and Vc, respectively.
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The latter two integrals can also be interpreted the work per revolution by .the number of revolu-
physically, namely as the work performed separately tions per second co/27c, and we therefore obtain :
by the hot and cold pistons respectively.

Formula (3), which represents the variation
in pressure, in combination with formulae (1) and
(2) for the variations of Vh and Vc, now enables
us to construct the three p -V diagrams and to
calculate the quantity of the work gained per
revolution.

The three p -V diagrams are shown in fig. 4
for the case that V0 = 2300 cm3, v = 1 and
Amax = 40 kg/cm2.

-co p dV = p (dVh drc) 
27c

If we substitute in this expression the values found
for. p, Vh and Vc (given by (1), (2) and (3) we
obtain after simplification:

sin p 1-a1-
N=a22p Vo v (1 - "r) A 6 kill_az

000 2000 2000 2700 3000 4000 4000
Vh Vc V = Vh Vc ± Vs

Fig.. 4. p -V diagrams for an air engine with two pistons moving sinusoidally with a
constant phase difference.

a) The diagram for the hot space (volume Vh).
b) That for the cold space (volume V.).
c) The diagram for the *hole working volume, (volume V, dead space, V.).

(
xr

= 2300 'cm3; pmax = 40 lKg/cm2, .7) = 9V.
From the cyclic direction in the diagrams it may be seen that the hot piston produces

work per revolution, that the cold piston consumes work in that time interval and that
there is a total positive surplus of work per revolution.

Fig. 4a represents the diagram for the hot air,
fig. 4b that for the cold air, fig. 4c finally giving
the diagram for the whole working volume. From
the cycle in the diagrams it can be seen that in case a
positive work is done, and in case b negative work,
while in case c (which is the sum of the amounts
of work in a and b) it is again positive.

From'the formulae given it is easily deduced that the surplus
of work is only positive if the variations in the volume
of the hot space are 'ahead in phase of those of the cold
space. If this phase difference (the quantity 9, in our
calculations) were chosen equal to zero, the p -V diagrams
would shrink to sections of curves and no work would be
gained. If ip becomes negative the engine consumes work;
this is applied in refrigerators, which are mentioned at the
end of this article.

The power N, i.e. the work produced by the work-
ing medium per second, is obtained by multiplying

(5)

46721

If all quantities are expressed in cgs units we of
course obtain N in ergs/sec. By division by 7.36 x 102
N is obtained in: the more customary unit HP. It has '

been found that the quantity N calculated in this
manner gives a good approximation of the power
actually produced by the air process. Of course
this does not mean that the amount N thus obtained
represents the effective power of the engine, be-
cause a, not inconsiderable percentage is always
consumed in the engine itself as a result of friction
of the pistons and the other moving parts and from
several other causes. In the case of small engines
this may be around 25%, whilst- in larger multi -
cylinder engines it is less 1).

1) Considerations about the variations of pressure and power
analogous to those given -above can be found in public-
ations of Schmidt of 1862 and 1871, which refer to the

 models of air engines then known, .
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In fig. 5 the, power values calculated according
to (5) are plotted as a function of the phase angle T.
(It must be kept in mind that this expression
contains p not only because the factor sin occurs
in it, but because (5 and A are also functions of 99.)

8=0,2

s=0,5
s=075
s=1

0
45 900 cp 135°

ad9.75

Fig. 5. Relation between the power N of an air engine
(calculated on the assumption of isothermal compression and
expansion), and the phase difference cp between the variations
of the volumes of hot and cold space, for different values
of the reduced dead space s. Vc, = 1 litre, pma. = 10 kg/cm2,
n = 1000 r.p.m., v = 1.

The diagram has been calculated for an engine
with maximum pressure Amax = 10 kg/cm2, a hot
volume Va = 1 litre and a speed of n = 1000 r.p.m.
It is further assumed, as is always approximately
true in practice, that the hot and cold volumes
are equal, thus v = 1. Since the power is propor-
tional to pm", Va and w, the graph can also be
used directly for engines with different values of
tho'se three parameters.

This diagram . shows that the optimum value of
the phase angle lies between 90° and 110°, while it is
important not to choose the reduced dead space
too large.

Regulation of the power produced

The formulae derived also enable us to realize
how the power of air engines can -be regulated.
In the case of an engine of given construction and
dimensions the maximum pressure occurring
depends upon the amount of air taking part in the
process. By varying that amount the maximum
pressure can therefore also be varied. Now it is
found from formulae (3) that when Amax is varied

pressurc p at every moment changes in the same
: ratio and thus also the integral f p dV and with

that the power. From this it follows, that the power
of the air engine can be varied by varying the
amount of air taking part in the process.

The necessary heat Q and the thermodynamic '

efficiency

We shall now pass on to a discussion of the ther-
modynamic efficiency n of the air engine and, in
doing so, take the opportunity to draw attention
to several points of essential importance in the
construction of such an engine.

We define the efficiency in the usual way as :

N
n _

where N is the power and Q the heat necessary
per second. Here we will quote the 'following well-
known C arnot theorem of thermodynamics: When
a system passes through a reversible process, taking
up heat from the outside only at the temperature Th
and giving off heat only at the temperature To
that process produces mechanical work with an
efficiency of:

Th --
Th

- 1 'r (6)

So far we have been assuming that the air in the
hot space always has the teMperature Th, thus
that the expansion is isothermal, and likewise that
the air in the cold space is always at the tempe7
rature Tc and thus that the compression is also
isothermal. Although this is not quite correct we
shall for the present keep to these assumptions, so
that then we may say that the efficiency of the
engine would be represented by the above formulae
as soon as the process becomes reversible. 'In
the form, in which we have so far been discUssing
the engine, however, that will certainly not' be the
case. When, as is assumed in fig. 1, the air is pressed
at a constant volume (isochoric) from the cold 'to
the hot space (11-111-) and then returned (117-I), we
are dealing with irreversible processes which are
accompanied by; loss of energy. As a result of these
processes a certain amount of heat is transferred per
revolution from the temperature Th to To which
produces no work at all. Becaue of this the value
of Q will be larger than in the theoretical case and s
correspondingly smaller. What has been observed
here for 'the schematic case of fig. 1 holds equally
so for the engine of fig. 2, which more nearly ap-
proaches the practical case.

It is, however, possible to cause the transitions
from the hot to the cold space and vice versa
to take place reversibly, at least theoretically.
For that purpose a so-called regenerator is intro-
duced between ,the two spaces, in which the
temperature of the air changes gradually from Th
to Tc as it flows through. In this way the exchange
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of heat always takes place between bodies (namely
the air and the respective part of the regenerator)
which differ only very little in temperature. Thus the
heat given off by the air remains stored in the
regenerator and as the air flows back after half a
cycle this heat is again used to bring the tempe-

 rature of the air up to Th. It is nowadays possible
to make regenerators having - an efficiency of
95% and more; by efficiency in this case is meant
the percentage of the heat contained in the air in-
flow that is stored in the regenerator and given
 back to the air as it returns. The part of the heat,
not stored, is carried off by the cooler and thus
lost for the cycle.

If we now assume that the regenerator used is
ideal and, moreover, disregard.the flow resistances,
we may say that the cyclic process applied is rever-
sible.

In that case, therefore, the efficiency is given by
the equation (6).

It is interesting to note that the process dis-
cussed, which clearly differs from the C arnot cycle,
has, nevertheless, the same efficiency. We further
call attention to the fact that the size Of the dead
space has no effect on the efficiency.

With the aid of the value found for ,, the heat
to be supplied to the work medium per second is
determined by.: -

Q = 1-
. ,

The heat to be ilisipated is :

z..1V

This is the theoretically lowest possible amount.
If the 'process is not reversible the heat to be
dissipated is greater and the mechanical work and
thereby the efficiency smaller.

We have already pointed out that the efficiency
of the engine will be considerably lower than the
efficiency of the process taking place in the engine,
since owing to mechanical frictions the engine it-
self consumes an appreciable percentage of the
power N furnished, while, moreover, the supply of
heat always involves certain losses.

The internal process, however, even in the case
of the engines already constructed, reasonably
satisfies the equation n = 12--z, so that the internal
efficiency can only be affected by the choice of the
temperature of the hot and the cold spaces.
In order to obtain a high internal efficiency it is

important to provide that t' = TT/Th is as small as
possible, which in practice means that Th should
be as high as. possible and 71, as low as possible.
For practical reasons, however, Th, is not chosen
higher than. 900 to 1000° K. Tc is usually around
300 to 350° K. Since the pressure does not occur
in the expression for the efficiency it can be chosen
quite independently, being dependent only on the
dimensions of the engine and the properties of the
materials used.

Until now we have expressly' assumed that the
air in the hot space is always at the temperature
Th and that in the cold space always at Tc.
In order to accomplish this as nearly as possible it
is not . sufficient to keep the walls of the two
spaces at the temperatures prescribed, transfer of
heat from the wall to the air not being sufficient
for that. A good air engine must therefore be
provided with a specially constructed heater and
also a specially constructed cooler. (In their con-
struction provision has to be made on the one hand
for an efficient and rapid heat transfer to the air,
while on the other hand the flow resistance may not
be too large, 'since it consumes power.) The heater
and cooler are placed between the hot space
and the regenerator and between the cold space
and the regenerator, respectively (see also fig. 2),
and their construction, to which we shall return in a
later article, is such that after passing through
them the whole volume of air is at the temperature
Th, or Tc respectively. This arrangement guarantees
that the air always flows into the hot space at the
temperature Th and into the cold 'space at Tc.

This, however, does not ensure that the air
also remains continuously at those temperatires.
Let us consider for example the expansion in
the hot space. In a high-speed engine the
expansion takes place within a fraction of a second
and consequently the parts of the air at some
distance from the wall will not receive the necessary
heat quickly enough and will therefore drop in
temperature. (Imagine here, for example, that the
heater is a ring surrounding the hot space, so
that heat may be fed to the work medium also
th-rough -the wall of the hot space.) These parts
of the air will not expand isothermally; but approxi-
mately adiabatically. Similarly for the compression
in the cold space, the air there will assume a
temperature higher than T. These adiabatic
processes mean that the whole process is no longer
reversible. At the end of the expansion the air in
the hot space has an average temperature lower
than Th. As this air leaves the hot space again it
passes the heater, which is at the temperature 
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Th: thus it passes through a finite, temperature
difference. The same is inie for the cold space,
mutatis mutandis.

The deviation from reversibility has the result
that the actual efficiency is no longer equal to the
theoretical efficiency, given by equation (6). The
effect is not large, however, (of the order of 10%),

' for two reasons. In the first place the decrease in
temperature resulting from the adiabatic expansion

- is partly compensated by the fact that during the
time of the whole expansion air at the temperature
Th-still flows from, the heater into the hot space.
While it is true that this mixing of air. of the
temperature Th with air of an average lower tempe-
rature is itself an irreversible process, it, nevertheless,
reduces the magnitude of the effect, because the
latter is determined entirely by the fall of tenipe-
rature taking place. (Here 'again a quite analogous
situation obtains in the cold space.)'

The second reason why -the effect is slight lies
in the relatively low expansion ratio (pmax :pmin):
which is employed.. in air- engines. It lies between./
2 and 2.5. . .

We shall not go here into`
-the

quantitative' deter-
mination of the effect,- for this: leads 'to rather
complicated ,calculatiOns:

This discussion 'will' now be concluded with a
brief summing up of what goes on in the motor
with respect to energy. For the sake of simplicity
we again assume that, in the hot space the tempe-
rature Th always Prevails and in the cold space Tc.
For the isothermal expansion of the hot air heat
is necessary,: and this is supplied by the heater.
In the regenerator the air is cooled, but the heat is
stored and used again 'later foi.heating the- air;-

.,
. - L

it may therefore be left out of consideration in the
balance of energy. In the expansion all the heat
taken up is converted into 'mechanical energy.
In the compression a part of it is used and again
converted into heat, which is given off in the 'cooler.
The net result of all the changes is that heat is
continually being taken up from the heater by the
work medium: and partly converted into mechanical'
work and partly given off to the cooler.

The air process -applied in a refrigerator

As already tinted, the direction.  of - the air
cyclic process can be reversed.. -This = means -that"
it can also be made to take place -in such' a way
that upon supplying a certain mechanical power
N = (1-'r) Q per sec. an amount of heat r'Q' is talLn';.
from a reservoir at the low temperature T, and an -

amount of heat Q is given off to a reservoir at the
high temperature Th. This reversion can be accom-
plished by choosing the phase difference 9) already
mentioned 'negative. Work is then -not only taken
up, aS 1;;Jehaie already'noted;..battherailkeat)'
also changes;" direction, :hot at:rioW-
fr-cim the  cold' space and given- off..7tofilie-:cof '
space. This takes place with the same _high effi-
ciency that, characterizes' the air process in . the
engine. It is clear that the air- -process, in: this
way functions as a refrigerator, arid ,it:ha's been
foand in practice, that this can in fact easily be
realised. When the' elements corresponding to
heater, regenerator and cooler are given suitable
dimensions very satisfactory refrigeraters';41if
tamed., In an experiment :bi- tivhiol xhydr`ogen; Was
used as work medium a temperature -of 80° K was
attained in :one. stags.,
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CARRIER SUPPLY IN AN INSTALLATION FOR CARRIER TELEPHONY

by D. GOEDHART and G. HEPP.

In an installation for carrier telephony AC voltages of frequencies, which are whole
multiples of 4 kc/sec, have to be supplied , to  a number of apparatus in the
different telephone channels. The requirements made of these "carrier voltages" as
to constancy of frequency and amplitude, freedom from distortion, etc. are explained
in this article. For example the carrier frequencies for one and the same channel in the
transmitting and in the receiving stations may differ by not more than about 1 c/sec.
All the carrier frequencies can be excited collectively by means of circuits which

 give a highly distorted AC voltage, for example a periodic impulse with a fundamental
frequency of 4 c/sec. This voltage also contains all the harmonics of 4 kc/sec, so that the
desired carriers can be selected by a set of filters. The fundamental frequency of the
impulse generator is kept contant by a "master oscillator", while the equality of the
fundamental frequencies in the transmitting and in the receiving stations is ensured by
synchronization of the two master oscillators by means of a transmitted synchronization
signal. In the discussion of a carrier supply equipment designed by Philips a discussion
is given of the circuits of the impulse generatOr, of the choice of impulse width,
of the avoidance of frequency division in the impulse generator and of the manner of
connecting the series of carrier filters with the impulse gendator.

In ordinary long distance telephony the alter-
nating currents from the microphone, which
contain the speech frequencies of about 100 to
4000 c/sec, are amplified and transmitted directly
over a pair of conductors of the cable between
transmitting and receiving stations.

In carrier telephony the low -frequency speech.
vibiations are first modulated in the transmitting
station, on a carrier of higher frequency, in
much the same way as in radio broadcasting.
By using a series of carriers with different fre-
quencies, "each of which "carries" a call (provides
a telephone channel); a large number of calls can
be transmitted simultaneously over each pair of
conductors.

Systems have been developed with 4,12 or even
more carriers (channels). A system designed by
Philips before the war works with 17 channels.
Compared with ordinary telephony, carrier telephony
has the advantage that for a given number, of
simultaneous calls a much smaller number of pairs
of conductors is needed, which means an appreciable 
saving of copper in the cables, although at the
expense of a more complicated apparatus in the
terminal stations.

The fundamentals of carrier telephony and several
component parts of the apparatus employed were
dealt with more or less extensively in'this periodical
in the years 1940-1942 3.). Among the details which

1) See for example Philips techn. Rev. 6, 325, 1941 (Funda-
mentals); 7, 83, 1941 (modulators); 7, 104, 1942 (filters);
7, 184, 1942 (equalization). (Volume 7 not yet published
in English).

621.395.44

were not discussed at that time was the Manner in
which the necessary carriers are excited. This forms
the subject of the present article. Other compo-
nents of a carrier -telephony installation will be
discussed in articles 'to be published in subsequent
numbers of this periodical.

With respect to the examples to be discussed
we shall keep to the apparatuS already developed,
to which the articles mentioned above apply 1),
viz. the 17 channel system with so-called single

°modulation. It has to be pointed out, however, that
in the course ,of the past few years considerable
developments have been achieved in the Philips
laboratories with respect to carrier telephony.
Systems for a large number of channels have been 
designed which differ considerably from those so
far dealt with, both fundamentally and construc-
tionally. The new developments, which have been

%

made possible mainly because .of ,the fact, that
improved materials and component, parts have
meanwhile become available, will be dealt with
in a new series of articles to follow the present
ones.

For the sake of a better understanding of what
is to be discussed here, it is desirable first to recall
the most important features of a earrier-telephony
installation. In fig. I the main parts of the apparatus
for two channels between the stations A and B
are indicated. The microphone currents with the
frequency q arriving from a subscriber A at
station A are sent through a low-pass filter (LFZ),
which, roughly speaking, has the task of suppressing
the frequencies above 3400 c/sec, to the modulator
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(Mod.), to which at the same time an AC voltage
with the higher frequency pi (the carrier) is applied.

The modulator then delivers an output voltage
which contains among other frequencies the "side -
bands" pi q and pi -q of the carrier. Following
the modulator is a bandpass filter (BFZ), whose
attenuation as a function of the frequency is of
such a character that practically only one side -band
is passed, thus only pi q if it is desired to use
the higher side -band. The AC voltage thus obtained,
which only contains components within the fre-
quency band pi q (from about pi + 300 to about

Ai{

A2{

Pt P2

are freed of any undesired frequencies still present
and finally passed on to the subscriber Bi.

The microphone currents from Bi are transmitted
to Ai in exactly the same way over a different
pair of conductors. As will be seen, a series of AC
voltages pi, p2, p3, . . . must be available at lioth
stations for supplying the modulators and demodu-
lators. The apparatus serving for the excitation of
these carrier voltages must satisfy the following
main conditions:
1. The frequencies of the carriers must be exactly

the same at the transmitting station as at

H

Pa

Station Cable Station 8

Fig. 1. Diagram of a carrier telephony connection between two stations A and B, drawn
for two channels. The parts of one channel (with the carrier pi) in which a call is taking
place between the subcribers Aland Bi are drawn with a heavy line. LFZ low-pass trans-
mitting filter, Mod modulator, BFZ transmitting bandpass filter, BFO receiving bandpass
filter, Dem demodulator, LFO low-pass receiving filter. At pi, p2, the carriers' for the
various channels are applied.

Pi ± 3400 c/sec), is combined with the similarly
obtained voltage's in the frequency bands p2 q,

p3 q, ... of calls of other subscribers, and after
amplification put on a pair of conductors of the
cable_: At the other end of the cable, at the station
B,.a series of bandpass filters (BFO) is connected
'in parallel on the same pair Pf conductors, each of
Which filters passes only one of the frequency
bands pi q, ps+ q, p3 q, . . . In this way the
different channels are separated again. The voltages
Pi + q of the call of subscriber A. are passed .by
the corresponding band filter and applied to the
demodulator (Dem). This apparatus is identical
with ' the modulitor at the transmitting end,
and, is in that case, the carrier pi .is here added.
This results in a voltage at the output of the

t".` demodulator with the frequencies pi- (pi+ g) =
q, which are the original low -frequency speech

vibrations. In a final low-pass filter. (LFO) these

1Bt

the receiving station, and must be extremely
constant;

2. the carrier voltages must be free of harmonics
and other undesired components;

3. the energy available must be sufficient for sup-
plying the numerous modulators, demodulators
and possible other apparatus 2) which may be
located at the station;

4. the amplitude of the carriers' must not vary
too much with time;

5. the apparatus must have the greatest possible
reliability when in operation.

In the folloWing we shall go deeper into these

2) For example the carrier voltage in each channel can- also
be used for signalling, i.e. for the transmission of the dialling
signals bringing about the connection with the desired
subscriber.
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conditions and explain how they are satisfied
in practice. After that we shall discuss the most
important parts of an apparatus constructed by
Philips.

Stability of the carrier frequencies

Requirements

It is easy to understand why the carrier fre-
quencies have to be exactly the same at the trans-
mitting and receiving ends. Suppose that a call
(frequencies q) is modulated in station A on a
carrier pi, but in station B it is demodulated with
a slightly different carrier frequency At the
receiving end, instead of the original frequency q, the
frequency q tip is obtained: all the frequencies q
of the speech spectrum are shifted by the same
amount AP. This shift in the spectrum is accom-
panied by a change in sound, which in the case
of speech results in the first instance in a change
in the individual voice so as to make it unrecogni-
zable, while with larger shifts the speech even
becomes unintelligible. -Experiments have shown
that a shift of 10 c/ec must already'be considered

 as prohibitive. Music is even much more sensitive
to a frequency shift: it looses its harmonic character
and becomes dissonant 3), a frequency shift of less
than 1 c/sec already being disturbing. Since in
carrier telephony installations the transmission of
music has indeed often to be taken into account,
for example for the connection of a broadcasting
studio with a concert hall or with radio distribution
centres, where channels with frequency bands two
or three times as broad are reserved, the difference
of about 1 c/sec is therefore the maximum difference
permissible between the carriers in two stations.

This same high degree of accuracy is required
both for the lowest and for the highest carrier
frequencies employed. The necessary relative
precision is therefore greatest in the case of the
highest carriers; for example with a carrier of 68
kc/sec it amounts to about 10-3 percent. In order
to comprehend what this means, imagine that this
AC voltage were used for running electric clocks:
the two clocks should then not differ by more than
about one second per day. .

Method of supplying the carriers

How then does one set to work in order to ensure

3) It may be expressed by saying that the ear has not an
arithmetic, but. a logarithmic perception of pitch. Thus
upon transposing a piece of music all the frequencies
should not be shifted by the same amount, but multiplied
by the same factor. Experiments on the effect of frequency
shifts .have been described by J. F. Schouten, The
perception of pitch, Philips techn. Rev. 5, 286, 1940.

this agreement between the carrier frequencies in
two stations? It would be technically possible to
use for the excitation of each carrier an oscillator

. whose frequency is kept extremely constant by
some suitable construction (among other methods,
by placing the frequency -determining element in a
thermostat). It would then suffice to check the
oscillators' at regular intervals with a kind of
"tuning fork" and to readjust them. Where we
have a large number of channels, however, this
becomes too laborious, so that other methods have
had to be sought. According to recommendations of
the C.C.I.F. (Comite consultatif international de
telephonie) whole multiples of 4 kc/sec should be
chosen for the carrier frequencies. Thus for example
in the 17 -channel system mentioned 'the first 17
harmonics of 4 kc/sec were taken for the carriers:
4, 8, 12, . . . 60, 64, 68 kc/sec. Now, since a strongly
distorted AC voltage with the fundamental fre-
quency '4 kc/sec in general also contains all the
harmonics thereof, it seems obvious to supply all
the carriers mentioned collectively in each station
by generating one such strongly deformed AC voltage,
and then separating the components by means of
filters. In order to obtain constant carrier fre-
quencies it is then only necessary to keep the
fundamental frequency of the composite AC voltage
sufficiently constant. This trouble, however, can
also be saved, since in the first instance it is not
actually a question of keeping the carrier frequencies
absolutely constant, provided they are identical in
the transmitting and receiving stations. If provision
is made, by the transmission of a suitable syn-
chronization signal, that the fundamental
frequency of the distorted AC voltage is exactly
the same in the two stations, then all the carriers
of the two stations automatically correspond.

The apparatus which excites the AC voltage
mentioned with all its harmonics will be dealt
with further on. Here we would only observe that
this generator of harmonics is kept at the correct
fundamental frequency by a "master oscillator"
tuned accurately to 4 ke/sec. From this generator
the signal which is sent over the cable to synchronize
the corresponding master oscillator in the other
station is also derived. As synchronization signal
the AC voltage of 4 kc/sec itself is not used, nor a
harmonic of it which coincides with one of the other
carriers, because owing to the modulation of these
carriers with speech this would . lead to interfer-
ences. It is preferable to use an unmodulated
harmonic of 4 kc/sec that is higher than the
highest carrier employed in the installation.

Summarizing we may represent the method
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outlined for the excitation of the carriers by -a
diagram as given in fig. 2.

When by means of the synchronization, of the
master oscillators .the equality of the carriers in
two stations has been ensured, a drift of the
fundamental frequency is in itself not disturbing 4).
Nevertheless, in case the synchronization should
fail, it, is desired to be able at least to transmit
speech intelligibly. Therefore measures are still taken
to keep the frequency of the master oscillator in
each station satisfactorily constant (see the ther-
mostat in fig. 9), and it is regularly checked and
readjusted so that even without synchronization
the highest carrier in each station can never -shift
more than a few c/sec.

Pt

DVL,
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BFD2I- A IMal- As
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H8FDc1

P3

P17

Station A

carrier voltage p, after being filtered out, is first
fed to an amplifier capable of supplying the necess-
ary power for all the modulatOrs, demodulators, etc.
of the channels working with p. In this amplifier
distortion may occur to a larger or smaller degree,
with the result that in additiOn to p, the harmonics
2p, 3p, etc. are also present in the output voltage".
Finally there is the fact, that all the carrier filters,
amplifiers, etc. are assembled in the same bay,
so that if there is an undesired coupling in the
apparatus one or more of the other carriers can be
induced on the circuit for the carrier p.

Such a "contamination" of the carriers may lead
to very undesirable disturbances. If a weak,
unwanted voltage with the frequency P reaches

pt
P2P3

P17

6749121-

Harms - Os

Fianna 02

ti

Cable Station B .

, Fig. 2. Diagram of a carrier supply equipnient, for instance for 17 channels at transmitting
and receiving stations. 0/ master oscillator with reserve oscillator 02; both tuned to
4 kc/sec ; Harm generator of harmonics with reserve generator Harm2, BFD1_17 carrier
filters, DV carrier amplifiers; S automatic changeover; G filter for the synchronization
signal, whose frequency lies above the highest carrier frequency used ; H apparatus with
which. a frequency of 4 kc/sec is derived from the synchronization signals and fed to the
oscillators 01 and 02.

Purity of the carrier frequencies

For, various reasons the carrier voltage with the
frequency p will never be quite Rarely- sinusoidal.
In the first place the carrier filters which have to
select the different carriers, (BFD in fig. 2), in addi-
tion to their "own" carrier, also transmit to a very
small extent the adjacent carriers p.d- 4 and p,- 4
and more distant ones. In the second place, in
large stations from which many Tairs of conductors

- go out, each, with a complete carrier system, each

4) The condition also holds that the frequency spectrum
may not be shifted too much with respect to the frequency
characteristic of the band filters, since otherwise the highest
or the lowest frequencies are more strongly attenuated
than is permissible. But the tolerance in this case (about
30 c/sec shift) is still much greater than the one actually
employed, which will be explained in the following.

the modulator in addition to the desired carrier p,
upon modulation with the speech frequency q, the
ban& P q and. P -q will also occur in addition
to the desired sideband p q. If P is the adjacent
carrier p + 4, P q p + 4 + q is suppressed
by the transmitting band filter. P -q
however, falls in the same frequency region asp -}-q.

This modulation product is thus passed in the
normal way by the transmitting and receiving band
pass filters of the channel and after demodulation with
the carrier p gives rise to a frequency 4 -q at the re-
ceiving end. All the speech frequencies q of the chan7
nel are therefore transmitted in the same channel
again with "inversion", at 4 - q, which results .in
a disturbing unintelligible noise. With some systems a
disturbance may arise when P is a carrier situated
fuitner away from p, that is to say in 'the event
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that the transmitting bandpass-filters produce ample
attenuation only immediately on either side of their
band of transmission, with but little attenuation at
greater' frequency distances 5). In such a case the
modulation products P q and P -q will be rela-
tively little attenuated when they reach the cable.
These frequencies are then passed at the receiving end
by the receiving band filters of the channels with car-
rier 'P and P -.4 in the normal way, and after
demodulation give the original speech frequency q
respectively the inverted speech - frequency
4 q belonging to the channel p. While the latter
frequency in the channel P -4 again results in
a disturbing unintelligible noise (unintelligible
cross talk), the occurrence of q in the channel P,
in addition to the frequencies Q of the call
belonging to P, leads to an int elligib 1 e repro-
duction of the call intended for channel p. This
"intelligible cross talk" is worse than the unintel-
ligible sort, since it not only causes a disturbance
of the call in channel P but also endangers the
necessary secrecy of telephone calls.

Experience has shown that all these disturbing
effects Can be =sufficiently restricted if care is taken
that the admixtures. with each carrier lie 'at least
60 db below the level of the carrier itself. This
is obtained by the use of carrier filters, with
sufficiently sharp cut off, by efficient shielding of
the parts in the carrier supply bay and by the use of
carrier amplifiers with extremely slight distortion.
Amplifies with strong back coupling are used.

Constant amplitude

If the amplitude of the carrier. voltage on a
modulator changes, and if the modulating :voltage
is small compared with the carrier voltage, the
modulated voltage obtained will vary only slightly
in intensity (in first approximation not at all).
The fluctuations which occur normally in the carrier
amplitude as a result of variations in mains or
battery voltages or of the ageing of valves, can
therefore be tolerated without difficulty as long as
they do not exceed a value of for instance 10 percent..
The effect upon the carrier amplitude of a variation
in the loading of the carrier supply equipment
- for instance when fewer 'channels are in use
at night than in the daytime - can be limited
sufficiently by keeping the internal impedance of
the outputs of the carrier supply equipment small.

Reliability during operation

Serious  consideration must be given to the

6) The attenuation necessary in these frequency regions in
the channel p is provided by the low-paSs filter "LFO.

possibility that a carrier voltage, or even the 'Whole
carrier supply may fail due to a disturbance. If .

one carrier fails, only the channel (or channels)
working with that carrier is put out of operation.
Provision must be made for an alarm signal to
warn the operators immediately, so that the defect
can be. repaired. 'however, the whole carrier
supply fails, the transmission on all the channels
of all the pairs ofnonductors domes to a standstill.
For -such a calamity it is not 'enough to warn the
operators. Therefore,  in addition' to all the pre-
cauticins; which are taken to minimize the chance of
such a disturbance, special circuits are Provided
which upon the failure of a vital piece of apparatus
automatically and without any interruption
switch over to a reserve apparatus. This holds
in particular for the master oscillator and the
generator of harmonics in the above apparatus
(fig. 2). The' only other reserve needed here is a
single reserve amplifier for all carrier amplifiers.
The fact that so little reserve apparatus is necessary
is an additional advantage of the method of com-
bined excitation of the carriers over the use of
separate oscillators, in which a' separate reserve'
oscillator would have to be provided for every
wave length.

The practical construction of an apparatus

In the discussion of the construction of an
apparatus for carrier supply we shall limit Ourselves
mainly to the most .essential parts, namely the
generator of harmonics and the filters.

Choice of the form. of voltage to be excited

There are all kinds of distorted- AC voltages
containing all the harmonics of the fundamental
frequency. The choice of the form of voltage to be
excited however, is limited by the desire, that the
different harmonics should not differ too' much in
amplitude. If one of the harmonics has a much
stronger neighbour a very complex and expensive
filter is needed  for that harmonic in . order to 
suppress this neighbour sufficiently. This holds espec-
ially for the highest harmonics -Mier° the neighbour-
ing frequencies are relatively closest together. '

A very suitable forth of voltage is the periodic
impulse, see fig. 3. If this is very narrow it contains
all the harmonics in practically the same strength,
or better, in the same weakness, because with impul-
ses of short duration the power is, of course, only
small. With a greater width of impulse the amplitude,
at least that of the lower harmonics, increases
proportionally, but at the same time with increas-
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ing order of harmonics the amplitude shows a
steadily more pronounced decrease 6). If one
considers especially the highest harmonics to be
used as carrier, it will be seen that, under the
influence of the two opposite effects they will at

,b

2nw
Fig. 3. Periodic impulse from whose harmonics the desired
carrier frequencies can be filtered out. It is characterized by
the period (27r/co). the impulse width b and the impulse height h.

first become stronger and then weaker with in-
' creasing width of impulse (fig. 4). That width of
impulse at which the amplitude of the hi gh e st
harmonic assumes its maximum value is the most
suitable one for our purpose, because in the first
place that harmonic is in any case the weakest of
the series, and in the second place it is most necess-
ary for that harmonic, to obtain a sufficiently
large amplitude, since in the corresponding carrier
filter the transmiSsion region must be relatively
the narrowest and therefore the attenuation in the
transmission region is the strongest.

The above -mentioned optimum width of impulse -
can easily be calculated. If the height of the impulses
is h and if a is the relative width of impulse (i.e.
the duration b of an impulse divided by the period
2n/co), then the variation of the voltage f(t) of the
periodiC impulse can be given by the Fourier
series:

na sin na sin 2na

2h
f(t) cos cot +

2 1 2
cos 2cot +

If in is the order of the highest harmonic to be used,
we want to choose a such that the amplitude
sin mnalm of this harmonic is a maximum. The

 condition for this is plainly that sin mna = 1, there-
fore a = 312 m.

It should be pointed out that with this width
of impulse the desire for practically equal ampli-
tudes for all the harmonics is also very satisfactorily
fUlfilled. For the highest harmonic the amplitude
is 1/m, for the lowest sin (n/2m) m. The ratio
'lietween these amplitudes is n/2, i.e. the largest
difference in level in the series of carriers amounts
to only about 4db.

6) Cf. for example: J. F. Schouten, Synthetic
Philips techn. Rev. 4, 167, 1939.

sound,

Circuits of the impulse generator

All kinds of circuits can be used to excite
periodic impulses. One of the simplest, the principle
of which, is also used in the Philips 17 -channel
system already mentioned, is shown in fig. 5. The
circuit includes an amplifier valve V strongly
back -coupled with the transformer T1. Thus when
anode current begins to flow through its primary
winding the transformer gives the control grid of
the valve a positive voltage. Due to the positive
grid voltage the anode current becomes stronger,
the grid becomes still more positive, the anode
current increases still more, and so on. The resulting
very rapid growth of the anode current may be

compared with the breakdown in gas discharge.
At a given moment the anode current can no longer

I
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Fig. 4. Frequency spectrum of a periodic impulse with a
given fundamental frequency and height. In the upper three
figures the spectrum for three different values of the impulse
width b is drawn, while in the lowest figure the 'envelopes of
these three sp'ectra are shown. It is clear that each harmonic
assumes a maximum amplitude at a given impulse width.

 The optimum width for the 12th harmonic is here indicated
by bop,.
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increase, since it is limited by the properties of the
valve. When, howeirer, the increase in the anode
current ceases, the positive grid voltage delivered
by the transformer fails, the anode current begins
to fall and the transformer then delivers a negative

Vo

Fig. 5. Circuit for the excitation of periodic impulses.
Due to the back -coupling via the transformer T,, the amplifier
valve V delivers an anode current in the form of short impulse.
The "blocking" condenser C with the leakage resistance R
provides:that these impulses follow each other with approxim-
ately the correct period, while the period is accurately regulated
by a synchronization voltage S. The periodic impulse obtained
is supplied to an output valve via the transformer T,.

voltage to the grid which accelerates the fall and
in a short time causes the anode current to cease
entirely. The anode current thus behaves as an
impulse,' whose width pan be regulated for instance

472116

vs

by a suitable choice of the transformer selfin-
ductance.

Without the "blocking condenser" C and the
leakage resistance R indicated in fig. 5 a second
impulse would immediately follow the first one and
so on. During the time that the grid was positive,
however, the condenser was being charged by the grid
current. After the interruption of the transformer
voltage making the grid positive, the charge on the
condenser causes a negative grid voltage which
continues even after the end of the impulse and
keeps the valve "blocked" until the greater part
of the charge has been equalized over the leakage
resistance. Then a new impulse follows, with a
renewed charging of the condenser, this process
repeating itself at a frequency mainly determined
by the values of R and C. But, the properties of
the valve and the supplying voltage also play a part -
here. The fundamental frequency of the periodic
impulse obtained in this way, which can be applied
to the carrier filters via the output transformer /2,
is of itself not yet very constant. In order to obtain
the required high degree of constancy, the impulse
generator is synchronized by the above -mentioned
master oscillator, which gives a very constant
frequency of 4 kc/sec. For this purpose that oscil-
lator voltage, together with a strong negative bias

-t

a)
Fig. 6. a) The synchronization of the impulses by the sinusoidal oscillator voltage v,
drawn below. Below the time -axis. (in the upper figure) the grid voltage of the valve V
in fig. 5 is plotted, above the axis -the anode current. The negative grid bias v, prevents
the valve from "breaking down", even when the blocking voltage v. of the blocking
condenser has entirely disappeared. By the superposition of v, on v,,, the bias vo is exceeded
at each positive peak of v. (for instance at B), and the valve is free to function. The
dot -dash line indicates the level of the grid voltage at which the valve breaks

; down. vl is the grid voltage contribution occurring at that moment from the transformer T,,
in fig. 5. The part of the curve v. indicated by dots would only be traced if no break -down
occurred.

b) The occurrence of frequency division. If v, is not large enough, the breakdown at
the desired moment B fails to happen and occurs only in tile next (C) or a still later
cycle of the synchronizing voltage.

c) The suppression of frequency division. By including the self-induction L, indicated
by a, dotted line, in the circuit of fig. 5 the "blocking" voltage v. assumes the character
shown here; at the monient B it -does not block, but promotes the breakdown of the valve.
If vo is so large or v. so small that the moment B still passes without breakdown, the impulse
generator fails entirely and the reserve generator goes into action.
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is applied to the grid of the amplifier valve. The bias,
prevents the valve from "breaking down" of itself;
only when that voltage is compensated by the
synchronizing voltage, thus at the positive peaks
of the latter, can "breakdown" occur, so that
it is forced into the rhythm of the synchronization
voltage (see fig. 6a).

The avoidance of frequency 'division

A fainiliar phenomenon in such circuits is the occasional
occurrence of frequency division. With insufficiently high
synchronization voltage the breakdown at the prescribed
moment sometimes fails to occur, owing to the fact, that the
necessary level has not been reached, and it then occurs only
in the next period, because on account of a further discharge
of the blocking condenser the level has then risen somewhat
(fig. 6b). In that case an impulse is obtained only once in two
cycles of the synchronization voltage, and with still lower
synchronization voltage sometimes only once in three, four
or more cycles.

When the circuits are used for carrier supply this
pheriomenon is very undesirable. With frequency division of
1 to 2 the impulses would have a fundamental frequency of
2 kc/sec instead of 4 ke/sec, and the voltage would be too low
for all carriers, but particularly the filters would be unable
to suppress the extra harmonics lying at a distance of only
2000 c/sec away, so that a loud whistling tone would occur
in all channels.

In order to prevent this, it is poisible to introduce, in series
with the -leakage resistance R, "a self-inductance L (shown
with a dotted line in fig. 5) of such dimensions that "over
discharge" (opposite charging) of the blocking condenser
occurs at the moment, at which the following breakdown
should occur. The "blocking" voltage thus changes its sign
at that moment and promotes the breakdown. If in spite
of this there is no breakdciwn, at, the following positive peak

 of the synchronization voltage there will be even less chance
of breakdown since then the "blocking" voltage, which has
in the meantime fallen again, no longer helps, or at least only
to a less. extent (see fig. 6c). The valve thus remains blocked,
i.e. the impulse generator fails entirely. This is much less
serious than if it continued to function with frequency division,
because upon its failure the reserve generator is brought into
action by the automatic switching device, and the installa-
tion continues to operate without disturbance, while at the
same time the operators are warned by an alarm signal of
the defect in the generator thrown out of action.

Connection of the carrier filters to the impulse generator

In order to obtain the necessary carrier energy,
the impulse vokage excited by the circuits
already described is amplified by an output pentode
in whose anode circuit the series of carrier filters
is included. Each separate harmOnic selected, by
one of the filters is then amplified again in the
pririonsly mentioned carrier amplifier and can
then be applied as carrier to the various apparatus
of the corresponding channel.

The connection of the filters to the output

pentode mentioned will now be considered somewhat
more closely.

The impulse voltage is, applied to the control
grid of the pentode in such a way that during each
impulse the latter reaches zero potential, and in
the intervals is strongly negative. A large anode
current then flows through the loading impedance
(the series of carrier filters) only during the impulses, ,

while in the intervals the valve can deliver no
current. This amounts to the same thing as if
between the impulses the carrier filters were
cut off by a switch from the source. A peculiar
difficulty arises from this, which we shall attempt
to explain. For the sake of simplicity we may
consider the carrier filters as a series of single
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Fig. 7. Circuit of the series of carrier filters (BFDt to BFD17),
which are here represented simply as ordinary L -C -series
circuits, with the output pentode P. The latter behaves as a
source of current, which is switched on during the voltage
impulses and off during the intervals by a switch S. The
filtered carrier voltages are drawn off at pi,

L -C series circuits, tuned to 4, 8, 12, . . . kc/sec,
each with a resonance resistance R' and all connected
in parallel, see fig. 7. One might also take a series
of L -C parallel circuits connected in series, but in
practice it is preferable, for instance because of
the greater reliability, to. work with elements
connected in parallel, thus series circuits. (Ac-

tually of course each filter is very much more
complicated than a single series circuit.) Now
suppose that we wish to select only one carrier
frequency of the impulse voltage, and thus
include only one such series circuit in the anode
circuit of the pentode: The action of that circuit
then comes to nothing. A sinusoidal current should
flow through the circuit, but during the greater
part of the time, namely in the intervals between
the impulses, no current at all can flow, since, as
we have seen, the filter is then as it were part of
an open circuit. If, however, we connect the whole
series of filters in parallel in the anode circuit the
situation is different. If the resonance resistance R
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Fig. 8. Oscillograms of the 'voltage measured on a carrier
supply bay between the points a and h in fig. 7.

I) The ideal case, obtained when there is a filter with very
small resonance resistance R for all the harmonics contained
in the impulse. (Recorded by replacing the whole series of
filters by- a resistance.)

II) The actual case in normal operation. The slight fluctu-
ations in the time between the impulses indicate that for the
higher harmonics the added extra filters and the 'correction
network represent approximately, but not exactly, the desired
low resistance R.

III) The carrier filter for the fourth harmonic has been
removed. The remaining system of filters now has a much
higher resistance for that harmonic, so that a considerable
voltage with that frequency occurs between the points a and
b. (This phenomenon can be used as a simple method of loc-
alizing any defect in one of the filters.)

IV) The carrier filters for all the even harmonics have been
removed. Analogous to the case under (III) all the correspon-
ding frequencies now occur in the voltage between a and b.
Together these form another periodic impulse, but with a fun-
damental frequency twice as high as the one supplied to
the output pentode. Thus a frequency doubling, as it were,
has been realized by the remaining set of filters, when we
take off the voltage between a and b.

is small enough so that practically all the current
of a given frequency flows through the circuit
tuned to that frequency, and if -that current can
be disregarded in all the other filters togethei, the
system behaves as- a resistance R for each of the
harmonics and therefore for the whole impulse
voltage. Thus we have a current in impulse form
flowing through the connecting wires, to the filters,
i.e. in the time between two impulses the source
need not supply any current, and it makes no
difference whether or not the source is switched
off from the filters in the time between two impulses.

The practical importance of this consideration
is easy to understand: the desired action of the filters
is ensured only when there is a filter present, in
the series for each of the harmonics occurring in
the impulse voltage. Only then do all the currents
of different frequencies flowing in the filters add

.

together in such a way that in the interval Detween
two impulses the 'total current is zero. If a number
of filters are' missing the other filters deliver less
power of their own frequency. Thus even if we
wish to use only a limited number of harmonics
of the periodic impuhe' for carriers, we 'mist have
a filter for each of the remaining harmonics. In s
practice when all the harmonics up to a certain
order are used, it is sufficient to take only a few
more circuits than those necessary for the carrier
frequencies, because, as appears from the Fourier
series given above, the higher harmonics becoine
rapidly weaker and thus have less effect; all the
circuits for the very highest harmonics -to gether
can be finally replaced by a simple correction
network.

The above can be demonstrated by means of a simple
experiment. In a carrier supply bay of a 17 -channel system
with carriers from 4 to 68 kc/sec all the filters above 56 kc/sec
are taken out of connection. The power of the carrier at the
output of the 56 kc/sec filter thereby decreases no less than
50 percent.

It is interesting to note that the whole combination of
filters behaves as a resonance circuit for an impulse voltage,
in the same way as a single L -C -circuit behaves with respect
to a sinusoidal voltage. In particular, when the attenuation
constants (R/L) of all the filters are made equal, after the
removal of the external impulse voltage the combination
can be seen to oscillate with an impulse voltage, which de-
creases according to a power of e. The output voltage of the set
of filters can also be used instead of the master oscillator to
synchronize the impulse generator. The frequency of the latter
is kept constant by the tuning of the filters in the same way
as the sinusoidal vibration of an ordinary back -coupled
oscillator is kept constant by an L -C -circuit in the anode
circuit. Finally a "frequency multiplication" can even be
realized, by removing all the filters of even order. A new
set of filters is thus obtained, which forms as it were an
"impulse resonance circuit" for double the fundamental
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frequency of the impulse applied to it, and one then indeed
obtains over the filters an impulse voltage with this double
frequency. This surprising fact is illustrated by the last of
the oscillograms in fig. 8. These oscillograms are explained
in the text below the figure.

In order to obtain the greatest possible power
out of the output pentode it is necessary here to
make the resistance R of the filters equal to the
internal resistance of the valve during the impulse.
Actually, however, part of this optimum adaptation
is sacrificed and R is made somewhat larger. The
resultant decrease in power is scarcely worth
mentioning, and the advantage is obtained that
during the impulse the voltage drop in the valve,
which is naturally small, since in a pentode a large
anode current can already flow with a very small
anode voltage, becomes still smaller, for example
only 10 V, while the rest of the total feeding
voltage, for instance 190 V, acts upon R. In this
way an impulse height is obtained and with it an
amplitude of the carriers which is affected prac-
tically only by fluctuations in the feeding voltage
(mains voltage) and hardly at all by the properties
of the valve or the magnitude of the control grid
voltage. Thus the above mentioned requirement of
constancy of the carrier amplitudes within 10
percent can easily be satisfied.

We give in fig. 9 a photograph of the master -
oscillator which determines the fundamental fre-
quency of the whole series of carriers, and the
corresponding reserve -oscillator, both mounted in
the carrier supply bay of finished installation for
carrier telephony. Some details are explained in
the text below the figures.

Fig. 9. The master oscillator with the (identical) reserve
oscillator. In each oscillator in addition to the oscillator valve
itself may be seen a second amplifier valve which serves as
coupling valve, i.e. it prevents the oscillator valve being
affected by the apparatus following it. The oscillation circuit is
placed in a thermostat under the cover to the left. The temper-
ature of this thermostat can be set by opening the window in
the cover (in the upper oscillator it is open) and it can be read
off on the thermometer beside it. With the rotating knob at
the bottom of each oscillator the frequency can be very
precisely adjusted (entire scale 1 c/sec).
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MEASUREMENT OF THE ADHESIVE FORCE OF LACQUERS
by P. KOOLE. 620.179.4 :620.198 :667.7

The adhesive force of a lacquer is defined as the force necessary to scrape off a 1 cm wide
strip of -lacquer froM an under -layer by means of a chisel. A description is given of a simple
apparatus for measuring, this force.

A layer of lacquer applied to a- metal surface
either to protect it from atmospheric influences or
for esthetic reasons must, in order to fulfil its

,function, alsohave sufficient mechanical strength.
This 'means that the lacquer must possess sufficient
elasticity and hardness so, that, when. struck, it will
not crumble or be scratched and that it must

 adhere firmly to .the underlayer so, as not to flake
off 'or be easily abraded. The mechanical properties
first mentioned, elasticity and hardness, can be
measured fairly simply by the usual methods, but
when judging the quality of a layer of a lacquer
it is of no less importance to know the other property
mentioned,' the adhesive force of the lacquer, and
there is as yet no generally accepted method ,of
measuring this property. To begin with, there is
no general agreement about what should be regarded
as a measure of the adhesive power. One would be
inclined to define the adhesive power as the force
acting perpendicular to the surface of the lacquer
which is necessary to remove 1 cm2 of the lacquer
film from its under -layer. In practice, however, this
'definition has no value, since an appropriate method
of measuring such a force involves very great
difficulties and, moreover, a lacquer film is in practice
never subjected to such a treatment. The- adhesive
power can more appropriately be measured by the
force which has to be exerted on a knife or chisel
to scrape off, for example, a strip of lacquer 1 cm
wide from its underlayer. It is of course true that
in this force, besides the adhesive force proper
determined by the nature of the lacquer and
of the under -layer, the strength properties of
the lacquer itself are discounted, and it depends
therefore partially on the thickness of the layer
of lacquer. Nevertheless, this force lends itself well
to measurements on a large scale and corresponds
somewhat to the forces occurring in practice which
may cause mechanical injury to the lacquer film.

The simplest method of measurement based upon
this definition consists in drawing a plate with a
1 cm wide lacquer film along a guide under a chisel
slightly more than 1 cm wide and -measuring the
force which has to be exerted on the plate (see fig. I).

,According to the sharpness of the chisel, a certain ,
pressure on it is necessary in order to prevent it
from sliding over the lacquer film. Due to this

pressure, not only does a frictional force occur
betWeen the chisel and the under -layer - this could
be determined, together with the frictional force
between the plate and the guide, by repeating the
experiment without the lacquer film - but at
the same time the chisel has a tendency to penetrate
into the base material,
no  matter how small
the angle of inclination
(a in fig. 1) is chosen.

In order to avoid
this, the chisel must be
fixed rigidly and before
each test the cutting
edge must be so adjust-
ed that it just shaves
over the surface of the
metal. The surface of
the metal, however,
must be perfectly smooth and flat, as otherwise the
chisel will cut into the under -layer at some points
and at others leave a thin- layer of lacquer behind.
It is therefore obvious that one cannot use any
arbitrary lacquered plate for this test, but rather the
lacquer film should be applied to a smooth under -
layer specially prepared for the purpose. The
requirements with regard to flatness of the under -
layer prove to be so severe that in the set-up
according to fig. 1 it was not even possible to grind
the plate used as under -layer to a sufficienly accurate
degree of flatness. We therefore decided to measure
the adhesive force of the lacquer film on  a
cylindrical surface, which it is possible to grind
without any great difficulty to a degree of accuracy
within 1 micron, which proved to be sufficient
for our purpose.

With a cylindrical surface as under -layer it is,
moreover, possible to apply a very simple method
of operation. The relative motion between lacquer
film and chisel can then be brought about by
fixing the chisel to a lever rotating about the same
axis as that- of the cylinder with the lacquer film:
In this way we arrived at the arrangement shown
in fig. 2. The cylindrical surface is formed .by the
rim of a disc 1 cm thick, upon which the lacquer
is applied with the aid of a spray stencil, the sides
and a narrow strip of the cylindrical surface itself

.46171

Fig. 1. The adhesive force of
the lacquer film on the plate P
Can be measured by drawing
the plate along a guide under
'the chisel B in such a way that
the lacquer film is just scraped
off the metal.
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Fig. 2. Arrangement for
the measurement of the
adhesive force. S steel
disc, accurately ground
to circular shape, L
lacquer film, H lever
carrying the hard steel
chisel B, G counter-
weight.

being left bare. This bare
strip serves as starting plane
for the chisel, which is so
adjusted that it just scrapes
over the metal. The disc is
now rotated slowly by means
of a motor (at about 1 r.
p.m.) in a direction opposite
to the cutting direction of the
chisel. The lacquer film tends
to carry the chisel along
with it, but to do so it must
raise a counter -weight on the
chisel lever. The largest
couple that the lacquer film
can exert on the lever is the
product of the adhesive force
and the radius of the disc.
The couple of the counter-

weight (C  x) increases with increasing movement
of the lever and at a given point the adhesive force
is overcome and the lacquer is scraped off the disc.
At this angle, which can be read off on a graduated
arc, the lever remains in equilibrium during the
rotation of the disc. The graduated arc can be cali-
brated directly in units of adhesive force (kg/cm).

Since the chisel also experiences a frictional
resistance along the metal, and since a frictional
force also occurs at the fulcrum of the lever, the
experiment has to be repeated without the lac-
quer film on the disc. The difference between these
two measured forces gives the adhesive force.

Fig. 3 is a photograph of an apparatus which
has been in use for some time and has proved very
satisfactory. With the regulatory resistance, which
may be seen below, the number of revolutions of
the motor can be adjusted to a suitable value. It
may also be seen in the photograph that three
different counter -weights can be used with the
apparatus. This makes it possible to cover a wide
range of measurements, since the adhesive forces
of different kinds of lacquer vary considerably.

As has already been noted, the adhesive force
according to our definition depends also on the
thickness of the lacquer film. In order to obtain
comparable values, therefore, it is necessary always
to measure with the same thickness of lacquer, for
instance 0.05 mm. The inevitable slight variations
in thickness of the layer obtained by spraying on
the lacquer - even for an experienced worker it
will not be possible to keep to the thickness ment-
ioned to within less than 0.01 mm - can in this
set-up be eliminated very simply by applying a
somewhat thicker layer and then, after it has dried,

turning it to exactly the required thickness by means
of the chisel. The necessary adjustment of the chisel
is obtained by placing a metal strip of the required
thickness under the chisel at the starting place.

The true adhesive force between lacquer and
under -layer will not depend upon the thickness of
the lacquer, but it will undoubtedly depend upon
the nature of the surface of the under -layer. In
our measurements, as has been seen, a smoothly
ground under -layer must always be used, while in
practice the surface to be covered will always be
more or less rough.

It will sometimes even be roughened purposely,
because the adhesion of the lacquer is then better.
It is not a priori certain whether two kinds of
lacquer, which adhere equally well to the smooth
surface, will also adhere equally well to the rough
surface. If, however, the adhesive force of a series
of different lacquers is determined in the manner
described, an order of evaluation is obtained which
agrees perfectly with practical experience. Thus
even although the relation between the adhesive
force measured with the apparatus and the adhesion
to be expected in practice is not entirely certain
the values measured are quite useful as comparative
figures for the quality of the lacquers to be used.

Fig. 3. Model of the adhesive -force meter. At the upper left
may be seen the steel disc from which the lacquer film is
scraped off, and the scale on which the necessary force is
read off. At the upper right are the motor and the tooth -
wheeled transmission for driving the disc. At the bottom a
counter -weight may be seen suspended on the lever, and two
counter -weights for different measuring ranges.
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FLAT CAVITIES AS ELECTRICAL RESONATORS

 by C. G. A. von LINDERN t and G. de VRIES.

After some introductory remarks about the characteristic vibrations which may occur
in Lecher systems which are short-circuited at one end, this article deals with conical
flat, cavity resonators short-circuited around their outer edge and whose behaviour,
as regards the rotation -symmetrical vibrations, corresponds entirely to that of the
Lecher systems first mentioned. Subsequently the rotation -symmetrical characteristic
vibrations of flat cavity resonators of more general forms are discuised and the variation
of current and. voltage with the radius is drawn for a flat cavity resonator. Resonance
resistance and quality factor are calculated., Further it is indicated how the quality
factor and the resonance resistance can be improved, by making the cavity resonators
thicker than those for which the theory given here applies unconditionally. In conclusion
some examples are given of flat cavity resonators and their employment in high-

frequency technique, for example for frequency stabilization and as output and input
electrodes for short-wave transmitting valves.

In the excitation of high -frequency oscillations in
radio transmitters, especially for very short waves,
use is made of specially formed resonators; because
at very high frequencies the ordinary oscillation
circuits 'consisting of concentrated capacities and
self -inductions possess too low a resonance resis-
tance and too small a quality factor 1). In addition
to the so-called resonance cavities, Lecher systems
consisting of two parallel conductors of uniform
diameter as well as empty spaces with metal walls,
which we call cavity resonators, are oftenused
in high -frequency technology. In a Lecher system
of a given length / stationary waves can be
generated having a wave length of 41, provided
the Lecher system is excLed at one end by an
electromagn.etic oscillation, while the other end is
short-circuited 2). We shall 'now examine the free
oscillations which:may- occur in cavity resonators
of a general form,: but in this articlvshall confine
ourselves to flat. cavity. resonator's, which
have one dimension much smaller than the other two.
When such flat cavity resonators are constructed
in the form of solids of revolution,' electromagnetic
vibrations may occur in them which do not depend
upon the angle 'of revolution; but only upon the
radius. Such rotation -symmetrical oscillations thus
actually depend upon only one coordinate. They can
therefore still be treated in practically the same way
as the oscillations of a Lecher system, which are
of course also considered as depending exclusively
on one coordinate, namely the length, since the
transverse dimensions may be neglected compared
with the length.
1) See for example our article "Resonance circuits for very

high frequencies", Philips techn. Rev. 6, 217, 1941, in
which, inter alia, different equivalent definitions of the
quality factor are explained in more detail.

2) The behaviour of a Lecher system with respect. to
travelling and stationary waves was discussed extensively,
by us in Philips techn. Rev. ,6, 241, 1941.

538.565:538.566.5

We shall first discuss -the characteristic vibrations
which may occur in a homogeneous Le cher
system short-circuited at one end. Then we shall
extend our discussion to include flat cavity
resonators with double conic cross-section,
after which we shall have something to Say about
the characteristic vibrations of flat cavity resonators
of more general forms. After that we shall examine
the influence of the resistance, giving values for
resonance resistance and quality factor. These
theoretical considerations will then be concluded
with a discussion of the possibility of building up
cavity' resonators not having one dimension much
smaller than the others, by piling up flat cavity reson-.
ators one upon another. Finally some examples are
given of the practical use made of the cavity reson-
ators 'here discussed in high -frequency technology.

.. -
'

Characteristic vibrations of Lecher ''systems

Let us consider a section of a Lecher system
consisting of two parallel conductore of uniform
cross-section and a given length 1, which are con-
nected at one end. We shall ignore the energy losbes
for the present, while for the capacity and self-
induction per unit of length we introduce the symbols
Cr and Li. For -the current 'and the voltage V as
functions of the time t and the coordinate of
length x, the following equations hold:

oV av ai
ox at at (1)

=. - and

By differentiating these equations with respect to
x and t four equations are obtained:

62i a2v a2i a2v -
axe xot ; axat = t2

a2v a2i '"a2V
a2i

 ax2 - . oxot oxot  at2

(2).
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from which by combination two corresponding
differential equations of the second order (the so-
called vibration equations) for i and V can be
derived:

r 162i -

axe+ L C - and a2v
L . (3)

If now for the sake of simplicity we assign the
coordinate x = 0 to the short-circuited end of the
Lecher system ( fig. 1) and to the open end x = 1,

/1
1.0

x-0 x.1
t t

V.1

4/307

Fig. 1. Behaviour of current i and voltage V along a Lecher
system short-circuited at x = 0 and open at x = 1, while it
vibrates at the fundamental frequency. '

we require only those solutions of the vibration
equations (3) for which the voltage V is zero for

= 0. For the characteristic vibrations of the
short-circuited section of Lecher system there is
the additional condition that at the open end x = 1
the current i must be zero. The simplest stationary
wave, which satisfies the vibration equations (3)

and also these two conditions, is, except for a con-
stant factor, the following 9:

sin
yet 7C Xcos -

2 /1/ VC' 21

- cos sinVV. grtV = -
 C

21yLicr s
21

The variation of current and voltage along the
Lecher system according to (4) is represented
in fig. 1.

The coefficient of the time t in the expression (4)
is the angular frequency w = 2nv. For the fre-
quency v1 of the simplest characteristic vibration
the following thus holds:

(4)

1
vi_- (5)

4 /1/.LICI

Inthe same way it may be seen from the expressions
(4) that the length 2, of the largest stationary wave
along the Lecher system short-circuited at one
end is four times as great as the length 1. The
dependence of x on 'current and voltage can be

3) The magnitude and sign of the coefficient in the expression
for the voltage V is of course so chosen that the expressions
(4) also satisfy the differential equations (1) of the first
order for current and voltage from which we started in
this discussion. LICI is often called the "wave resistance"
(cf. Philips techn. Rev. 6, 241, 194.1).

represented by a cos or sine of 27cx/21, so that from
(4) it does indeed follow that:

= 4 / (6)

If (5) and (6) are multiplied by each other the
well-known result follows that the product of the
characteristic frequency v1 and the corresponding
wave length 2/ is equal to 1/4/C, and this is the
velocity of propagation v of the travelling waves
which may occur along the Lecher system:

= v = 1/1/
3 103.°-rCI= cm/sec. .

Y

The expressions represented by (4) for current
and voltage of the short-circuited Lecher system
represent the so-called fundamenial vibration
of the latter. In addition to this, overtones also occur
as characteristic vibrations of the same Lecher
system ( fig. 2), which also satisfy the vibration
equations (3) and the conditions for voltage and
current mentioned:

(2k+ 1) at (2k+1)7rx
i = sin cos

2l 1 I VC' 21

(7)

iLi (2k+1)nt (2k+1)7LX'
(8)

V= - CI 005 2 / VLICI 21

where may assume the values of the whole
numbers. The characteristic frequencies v2k+1 of
these overtones lie harmonically and are the odd
multiples of the fundamental frequency namely:

2k+
=

4 /1/17-0
1 - (2k + 1) . . (9)

The corresponding wave lengths are:

41
A2k+1 = 2k+1 = 2k+1

so that the length 1 of the Lecher system is
equal to an odd number of quarter wave lengths.
In the case of homogeneous Lecher systems we
are therefore only concerned with the familiar
harmonic overtones which also occur with a
vibrating string. This, however, is no longer the

I

4.X mU -X1
V

V.0

i.0 -  1.0

-.

.P. 1

1

t'1 t .

V.0

it it

(10)

e'608

Fig. 2. Behaviour of current i and voltage V for the third
'characteristic vibration A of a Lecher system short-cir-
cuited at one end. (k = 2 in equations (8), (9) and (10)),
in the case of fundamental vibration.
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case when the capacity and the self-induction depend
upon the position, i.e. when the Lecher system is
not homogeneous.

Then the position of the overt ones is anhar-
monic, as we shall see later in this article.

Conical flat cavity resonators

If we were to imagine the homogeneous Lecher
system short-circuited at one end, which we have
considered until now, to be rotated so as to form a
flat box, with or without a hole in it (fig. 3), we

zL
T rf

ro

4180.9

Fig. 3. Flat cavity resonator with thickness a and radius
of the short-circuited outer edge. The radius of the hole is r0.
The flat cavety resonator originates by the revolution of a
homogenious Lecher System, short-circuited at one end.

might expect that the rotatory -symmetrical charac-
teristic vibrations of such a flat cavity reso-
nator would exhibit a far-reaching similarity with
those of a Lecher system short-circuited at one
end. However, this does not give us the two-dimen-
sional cavity resonator with the simplest charac-
teristic vibrations, since in the vibration equations
for current and voltage as functions of the radius r,
the capacity and self-induction per ring of 1 cm
width play a part in this rotatory -symmetrical
case and these quantities, which we shall again
call CI and LI, are not constant as in the homo-
geneous Lecher system, but depend upon the radius
r of the ring being considered. It will be obvious
that, CI is directly proportional to r, while LI is
inversely proportional to it; the expreisions are as
follows:

C = 2zand V = -2z , . (11)
z c2r

where z represents the thickness of the flat cavity
resonator, the dielectric is a vacuum and c is the
velocity of light.

A case, which is indeed mathematically entirely
analogous to the homogeneous Lecher system, is
a conical flat cavityresonator, for which the
distance z between the two conductors is propor-
tional to the radius r of the ring being considered
(fig. 4). According to the ratios (11) CI and V
then do indeed again become independent of r.
For the conical flat cavity resonator, therefore, we
obtain exactly the same harmonic characteristic

vibrations as for the homogeneous Lecher system,
only in this case we are not dealing with a coordinate
x which pasies from x = 0 at the short-circuited

r1

. 41910

Fig. 4. Conical flat cavity resonator with thickness rat radius r.
Outer radius r1, inner radius r0.

end to .x = 1 at the open end, but with a coordinate
r which passes from r = 7-0 at the open inner edge
to r = r1 at the short-circuited outer edge. Because
of this the solutions of the vibration equations be-
come somewhat more complicated than (4) and (8),
but one is still dealing with an odd number of
quarter sine waves of current and voltage ' (fig. 5),
which now lie along the radius of the conical flat
cavity resonator' nstead of along the length of the
homogeneous Lecher system, so that in general
the following is valid:

2k+1
7-1 -

4
22k+1, (12)

'which is quite analogous 'to relation (10) for the
homogeneous Lecher system.

Characteristic vibrations of other_ flat cavityi reso-
nators

' Flat cavity resonators whose' thickness z depends
in any arbitrary manner on r do not behave, as far
as the electrdmagnetic characteristic vibrations are
concerned, entirely like a Lecher system of uni-
form cross-section, as is the case for the conical
flat cavity resonator just discussed.

In order to describe the axially symmetrical

r

J

V

41769

Fig. 5. Variation of current i and voltage V with the radius
for a conical flat cavity resonator i: r0 inner radius, r1 outer
radius.
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characteristic vibrations which may occur in a flat
'cavity resonator with a given cross-section, we refer
to the treatment of the characteristic vibrations of a
so-called non -homogeneous Lecher system 4), for
which the cross-section and/or the distance between
the two conductors depends upon the' position
(fig. 6). With Heaviside we shall now assume

a) bf c)
4/SFI

Fig. 6. Different forms of generalized Lecher systems con-
sisting of:

a) two parallel strips of varying width,
b) two strips of uniform width at varying distance apart

and
c) two strips which not only become wider but also diverge.

that the quantities Ci and L1 vary only slowly
with the coordinate, which for the sake of simplicity'

' we shall' immediately call r, in order to obtain equa-
tions, which are also valid for the flat cavity reso-
nators. We then obtain the following for the varia-
tions of current i and voltage V:

67.

,,av av- and = (13)
at at

These equations (13) are now again differentiated
with respect to r and t :

a2i . a ci av 02 y- 02, a2V
Cr

arat
and - -Cr

ar2 = ar at arat ate

02 -v. aLI a 7:. 02i 02v 02,
LI and .= -LI - 

ar2 ar at arat arat at2
, .

By combination of these equations, in which (13)
has to be substituted for the first derivatives, about
the same differential equations of the second order can
again be found as vibration equations for i and V:

a2i 1 a ci ai
ar2 CI ar ar

02-v- 1 av af/-
ar2 LI ar Or

02i

ate

02 V- LICI -=
0,2

. (14)

It' may be seen that compared with the vibration
equations (3) there is a middle term added due to the
slow change of CT and L1. with the coordinate r.

In order to obtain closed solutions of (14) we
shall now assume as a special case that the thickness

4) Foi a recent review of the theory of non -homogeneous
Lecher systems see K. W. Wagner, Die Theorie un-

- gleichfiirmiger Leitungen, Arch. Elektrotechn. 36, 69, 1942.

z of our flat cavity resonator is proportional to an
arbitrary power n of the radius r (fig. 7):

T n
z =-L. h

ri)
(15)

According to (11) capacity and, self-induction per
ring 1 cm wide in a vacuum are:

CI
2h

n
nh r

and LI - (16)
c T

thus, respectively, inversely and directly propor- 
tional to rn-1. For this special case therefore the
vibration equations (14) for current and voltage
become:

a2i n-1. az: 1 a2i
0,2 + r o r e2 0,2

aw 1-n av 1 a2v
art r ar c2 at2

. . . (17)

Just as for the. simple vibration equations (3),
we now look for solutions of (17) which are harmonic
in the time t. For current i and voltage V we again'
take as variation with time sin and cos 2actl
respectively. For the amplitudes of current (im)
and voltage (Vm), which depend only upon the
coordinate r, when we introduce x = 27tr12 as new
independent variable we obtain the following
equations:

a2im n-1. aim ,

ax? -x ax im

1-rt a vm
axe x ax

-t- vm

For the case where n = 1 the middle term becomes
equal to zero, so that the vibration equation (3) is
again obtained for current and voltage. For n = 1
we have in fact the simple case, already discussed,
of the conical flat cavity resonator with i and V
varying harmonically in t and r.

Just as it is well known that the solution of (18)
without the middle term are sines and cosines of

4!8F2

Fig. 7. Flat cavity resonator with thickness h at the outer
eege, outer radius r, and inner radius 7.0.
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x, it is also known that Bess el. functions of the'
first and second sorts (Jp and Np, where p denotes
the "order" of the Bess el function) multiplied by
powers of the coordinate x are solutions of (18).
It is clear that not all solutions of (18) also satisfy
the differential equations (13) with which we be-
gan. Those, for 'which this is indeed the case, are
given by the following expressions:

xl-n/2 [A 412-1(x) B Nn/2-1 (x)],

V.- - ix1-n/2 [./14/2 (x)+BN,12 (x)];

A and B are arbitrary constants here and is the
wave resistance (cf. footnote 4)):

/LI 60 h= -= - rn--- ohm .
CI rin

We must now choose A and B in (19) such that
their expressions satisfy the boundary conditions.

In the first place the voltage must be zero at the
short-circuited outer edge of the flat cavity reso-
nator, i.e. Vm = 0 for r or x = 2n ri./A = b.
This boundary condition thus gives :

2AJ7,12 (b) BN742 (b) = 0 . . . (20)

moreover equal tozero. In- order to attain this for
n = 1, -1, -3, .. ., instead of (23), the condition
must .be fulfilled that

Nap (b) = 0. (24)

Now since a = 27rrovIc and b = 27cr1vIc and re,
r1 and n are fixed for a given flat cavity resonator,
equation (22) (resonator with hole) or (23) or (24)
(without bole) are 'only satisfied for certain values of
the frequency v. These special values of v, which are
thus the roots of equations (22) (23) or (24), res-
pectively, represent the series of characteristic
frequencies of the flat cavity resonator in question.
The smallest positive root represents the funda-
mental tone.

It remains to be mentioned, that the values
of the characteristic frequencies calculated from
(22) pass over continuously into those calculated'
from (23) or (24) when a in (22), i.e. the radius
of the hole, is allowed to approach zero.

..By filling in the value of B from (20) in (19) we
obtain: .

A 1-n/2 [N12 (b) (x)- 412 (b)Nn12-1- (1)],
. . (21a)

n/2ak )
Vm -11 A x1-n/2 [Nn/2lb\ T (x) 7-  412 (b) Nr,12(x)]

. (21b)

In the second place in the case of a flat cavity
resonator with a hole in it (i.e. ro > 0) the cur-
rent must be zero at the inner edge.. This gives us
the relation

Nn/2 (b)Jnii_i (a) - 4/2 (b) Nn/2-1 (a) = 0, (22)

where a = 2=01 A. In. the case of a flat cavity reso-
nator without a hole (i.e. re 0), the current in.
the centre (i = 0) for 7i > 0 need not be zero be-
cause the top and bottom planes do not, then touch
each other. It certainly cannot, however, be infinite
at that point, as would follow for x = 0 and n Z 2
from expression (21a).

It is found by closer inspection of this expression
that the current remains finite for. x = 0 and
n Z 2 provided -

4;2 (b) -0 (23)

For n < 2, except for n. = 1, -1, -3, .. ., the same
condition (23) results in the fact that the current
(21a) at the centre not only remains finite but is

n.-45 -

. :

n.0 const

n.Q5

0.1

n.2

n.3 r3 .51

Q05 0f Q5 0,2

'b/'s
. 4770

Fig. 8. The quantity b = 2=1/A, which is proportional to the
characteristic frequency, as a function of the ratio rolri of
the radii with different values of n for flat cavity resonators.
For n 1 and r0 = 0 the quantity b becomes n12, so that
the wave length A is then equal to four times the outer radius r1.

In fig: 8 it is now shown how at different values of
n according to (22) the value .of 270-312 for the
fundamental tone varies with the quotient of
inner and outer' radii: ro/r1= a/b. In the limiting
case of a conical flat cavity resonator the wave
length 21 of the fundamentals tone is four times the
difference between outer radius r1 and inner radius
ro. It is evident from fig. 8 that this diffeierice

.
r1-ro is, however, in general by no means equal to a
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quarter wave length. For instance in the case of
a flat cavity resonator (fig. 3) with no hole (n = 0
and r0 = 0), for which at the fundamental tone the
following holds: b = 2nr1/21 =.2.405, the wave
length becomes

2 nr
A = = 2.61

2.405

If we now wish to know the wave lengths of
several overtones for such' a flat cavity resonator
we can easily find them from the higher roots of
equation (23) where n must be set equal to zero,
so that we obtain:

J0 (2nr1/2) = 0. (23')

The first three zero points of (Jo) lie respectively
at 2nr1/2 = 2.405; 5.520; 8.653 (cf. fig. 9), from
which then follow for the three longest wave lengths
at which a flat cavity resonator with no hole can.
execute characteristic vibrations:

=-- 2.61 r1; 22 = 1.14 r1; 2.3 = 0.73 (25)

The quotient of 22 and .13 is 1.56, which is not much
smaller than 5/3 = 1.67, which would be the ratio
with a harmonic position of the characteristic
frequencies. The frequencies of the higher overtones
for the flat cavity resonator with no hole are indeed
found to be progressively more nearly in the ratios
of the successive odd numbers. Thus for example
23/24 = 1.36 and 24/23 = 1.27 while 7/5 = 1.40
and 9/7 = 1.29. It is only the ratio of the fundamen-,
tal tone to' the overtones which is far from har-
monic, since 21/22 = 2.29, which differs very much
from 31

In conclusion, for the simple case of the flat

vm.jo( irr)I

6 8
2.1tr

4/0/.3

Fig. 9. Variation of the current amplitude i, and the voltage
amplitude V, with the radius r of a flat cavity resonator.
The behaviour from x = 0 to 2.405 gives current and voltage
of the fundamental tone, from x = 0 to 5.520 the same for the
second cbarticteristic vibration, from x = 0 to 8.653.for the
third characteristic vibration, and so on. In the same way at
the ,zero points of the current curve x11 lie the maxima for
the voltage Jo.

cavity resonator with no hole (n -= 0; r1 = 0) we
shall examine the way in which the current and
voltage are distributed along the radius on the
basis of equations (21) and (23'). When we make use
of the relation j 1 (x) = -J1 (x) and omit the con-
stant factors: we obtain the following:

im = x (x) ,

Vm = ,J0 (x) .

The variation of current and voltage with the radius
according to (26) is drawn in fig. 9. In the variation
of the voltage we find the zero points of J0 already
mentioned in the derivation of the Characteristic
frequencies 5), which are at the same time the
points of the maxima of the current curve x,13..

The formulae given here lose their physical signi-
ficance as soon as the absolute value of n becomes
too large. The quantities Cr and .L/ can then no
longer be considered as varying slowly with r (cf.
(16)), so that the assumption for which the initial
equations (13) were derived is no longer satisfied.

Resonance resistance and quality factor

In the foregoing considerations we have assumed
-;that we were concerned with flat cavity resonators
having no ohmic resistance. Upon resonance no
current then flows at the open inner edge, indepen-
dent of the voltage acting on it, so that we would be
dealing with an infinite resonance resistance. Now,
however, we wish to calculate the resonance resis-
tance and the quality factoi which can be obtained
in practice with flat cavity resonators, in which
case, therefore, the energy  losses should actually
be taken into account.

The quality factor Q of a resonance circuit, except
for a factor n, is the reciprocal of the logarithmic
decrement and is thus a measure of the time in
which a free vibration dies . out in that circuit.
The energy losses can'now be taken into account by
first determining the distribution of current and
voltage as if there were no losses, and afterwards
calculating the corresponding losses with  this
current and voltage distribution, without allowing
them to influence that distribution. We shall follow
the same method for the flat cavity resonators.

Like the self-induction V and the capacity Cr
per cm width of ring (cf. fig. 7), the resistance R1
per cm width of ring now depends upon the radius r
of the ring in question. It becomes

R- 1
(27)

2nrcro

(26)

The short-circuited outer edge of the flat cavity resonator
may of course be situated at each of these zero points.
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 where a is the specific conductivity and d 'the depth
of penetration due to the skin effect for the fre-
quency in question, which is given by the following
expression:

1

2n a

It is evident from this that for a conical flat cavity
resonator also the resistance is by no means con-
stant, but varies along the radius. The analogy with
the homegeneous Lecher system thus indeed holds

.2

mn -0,5
--n.0
-n.0,5n.t-not

0
0 0 5 01 05 02

ro/r1
a)

Fig. 10. The auxiliary

except for a factor. 2n, 'is itself the quotient of
the field energy and the quality factor Q, the
resonance resistance (in ohms) becomes :

1 Q V2 h
. (29)Z-

2n field energy-
120 Q -

where [13 again represents a numerical factor
which is shown in fig. 10c for different values of
n as a function of ro/ri.

In fig. 11 for the case of a flat cavity resonator
(n = 0) the quality factor Q is shown as a function

0,05

n.2

n.t

n.0
n.-615

01 015. 02
-1"

AI

3

113

quantities u. 2 and g3 for different values of n

for the character of the vibrations and waves, but
not for the energy consumption by the conical flat
cavity resonator. Upon Calculating the quality
factor Q complicated formulae are obtained. For
the fundamental Vibration the quality factor
can be written in the following form: 

1..11

Q -
h

h
EL2 -

r 1

(28)

v./ and 1.t2 here represent numerical factors which we
have represented in fig. 10a and b for different
values of n, as functions of Tarr

In the derivation of equation (28) we began
with the fact that the quality factor Q is equal to
2n times the quotient of field energy and energy
dissipated per period (see footnote 1)). -

The resonance resistance of the flat cavity
resonator may be considered as the quotient of the
square of the effective voltage V for r = r0 and the

 heat deVeloped in it per second. Since the latter,

0
0 005 0,1. 0, 5 0,2

-" ro
C,r 41771

as functions of ro/ri.

n. -0,5

n.0

n.f.

n.2

of the ratio ro/ri of the radii. The continuous (almost)
straight line which is nearly horizontal is calculated
according to equation (28). The small circles indi-
cate the values determined experimentally. They

Ol 0,2
--)40

Fig. 11. The quality factor Q as a function of the ratio rolri
of the two radii of a flat cavity resonator (n = 0) with a
thickness of 4 cm and an outer radius' of 40 cm. For large
holes it is found that smaller values of Q'are measured than
those calculated.
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are derived from the resonance widths tico and the
resonance frequencies c5: the quality factor may
also be defined as coddco. It may be seen that for
large holes the theory yield's too large values of Q.
This need not be surprising because in the preceding
discussion the radiation losses were comple-
tely ignored.

The influence of the radiation losses, like that
of the heat development, could now be taken into
account beginning with the assumption that the
radiation, like the ordinary ohmic resistance, does
not change the established current distribution for
a loss -free flat cavity resonator. It would, however,
be necessary to take into account that the currents
on the outside of the flat cavity resonator can no
longer be disregarded as soon as the hole becomes
larger. In the foregoing we have only considered
the field inside the resonator. There the electric
field is fairly. honiogeneouri-and has a vertical
direction: Around the hole in the 'resonator, however,
the lines of force are somewhat bent (fig. 12a) so
th'at a small part of them even passes from the
loiver outside surface to the upper outside surtace.
There. are therefore - also 'charges. on the outside of
the resonator and their intensity. varies at the same
frequency-ai'that at Which the resonator vibrate's.
Conseciaently :cuirePts occur: which flow: on the
outside` but also continue on the inside- (fig. 12b).

our calculation of the current distribution in the
resonator, however, we assumed that i = 0 when
r =. r0, so that a correction must actually be intro-
duced here. This results not only in corrections
of the characteristic frequency but also in an in-
crease ' in the radiation loSs:es; We shall .not,discuSs
this 'rather : complex 'problem 'any further ' here.

. -

hnprovement of the quality factor and the resonance

. As, may be seen from formula (28).for the quality
factor (Q), this quantity is in the first instance
proportional to the ratio between the thicIFness
of the flat cavity resonator and the depth of pene-

- 41776

., Fig. 12. a) Paths of the electrical lines of force between the
' plates of a flat cavity resonator. b)'Electric currents induced

in the vicinity.of the hole as a result of the bending of the lines
of forde. .

tration a due to the skin effect. Our previous
considerations always referred to very thin cavity
resonators for which h< r. If h is taken small
enough to justify this treatment the quality factor,
will often be inadequate. This is not an insurmount-
able difficulty, since the cavity resonator can as
required be made somewhat thicker and then be
constructed as being built up of a number of thin 
resonators, for which the foregoing considerations
are immediately yalid. By such a piling up of
flat cavity resonators, therefore, it is possible to
deal also with thicker cavity resonators, without it
being necessary to pass over to the general theory
of cavity resonators of three dimensions.

Fig. 13. By the stacking of thin cavity
general resonators can be built up (b).

b) ,

41776

resonators (a) more

As is shown diagrammatically in fig. 13, for the
case where n = 0 a cylindrical cavity resonator can
very easily be obtained by the piling up of thin
flat cavity resonators, the height of the final reso
nator no longer being small compared with' the
radius. In this cylinder, however, there are still
partitions which are at the same time the top
surface Of one of the thin cavities and the bottom
surface of the next. Since all these flat cavity
resonators vibrate with the same characteristic
frequency and all possess an equally intense vertical
electric field, the situation is now simply that the
currents belonging to the upper and lower cavities
in such a partition are everywhere equal and oppo-
site, so that the partitions could be removed from
the cylindrical cavity resonator. One point will,
however, then be, altered; the heat development,
which the electric currents in the partitions of the
piled up thin cavities would produce, no longer
occurs! This reduction of the losses by the removal
of partitions is not merely an imaginary experi-
ment but a true fact: as long as the partitions still'
remain in our cylindrical cavity resonator the heat
losses will occur in it, because as a result of the
skin effect the currents then actually flow only
in the top and bottom layers of such a partition,
so that they will by no means cancel each other as
far as the development of heat is concerned.

-Thus by the removal of the partitions we reduce
the energy losses due to heat development compared
with the total vibration energy, and it is therefore
understandable that for such a more general cavity'
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resonator obtained by "stacking" we can obtain
better values for the quality factor Q and the impe-
dance Z than were possessed by the flat cavity
resonator with which we began. If we calculate Q
for a cylinder of height h and radius r, we obtain

h h
=

8 r1 + h

a) 4/8/4

Fig. 14. Thin cavity resonators in the shape of conical shells
can also be stacked.

(30)

b)

In a similar way, by the stacking of the thin
cavity resonators shown in fig. 14a in the form of
conical shells, we can obtain the cavity resonator
shown in fig. 14b, which has become very important
in short-wave technology. In the discussion of
several practical examples we shall also encounter
such a cavity resonator (see fig. 20).

Several practical examples

For a copper conical flat cavity resonator (fig. 15)
with n = 1, a thickness h = 10 cm at the outside
edge and radii r0 = 0.6 cm and r1 = 30 cm, at a
wave length of 122 cm, we measured a quality
factor Q = 10 200, while the value 11 400 was
calculated. For the impedance Z a value of 273 600
ohms was calculated. If in this flat cavity resonator
a power of 25 watts is developed in the form of heat,
the current at the outer edge is i = 130 A, the volt-
age on the inner edge of the cavity amounts to
Vro = 2600 V, while the magnetic field strengths
at the inner and outer edges are 13,0 = 1.4 gauss
and Hn. = 0.9 gauss. It was actually found that a
small transmitter which could deliver a power of
25 W gave a current of about 100 A in the short-
circuit ring, which could be concluded from the
voltage generated in a loop.

10[

0,6

30

41018

Fig. 15. Conical flat cavity resonator constructed with n =-
The dimensions are given in centimeters.

1.

For the case of a flat cavity resonator (n = 0)
with a thickness h = 4 cm and an outer radius
r1 = 40 cm and different radii of the hole: r0 = 0;
3; 4 cm, measurements gave the following values of
the quality factor: Q = 10 350; 7 700; 6 100.

Frequency stabilization with flat cavity resonators

Since a satisfactory quality factor Q can be ob-
tained with flat cavity resonators, they can very
well be used for keeping the frequencies of oscillators
constant. The cavity resonator is then loosely cou-
pled with the oscillator, so that in certain frequency
regions the wave length is determined much more by
the tuning of the resonator than by the rest of the
connections joined to it. In fig. 16 a conical fl a t
cavity resonator is shown coupled with a
Lecher system of variable length ll. In fig. 17 the

41016

Fig. 16. A conical flat cavity resonator is coupled with a
Lecher system of variable length 4, in order to keep the
frequency of the oscillator constant. In the photograph the
loop by means of which the current it is measured can just
be seen on the upper right-hand edge of the flat resonator.
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wave length A at which this system vibrates and the
amplitude it of the current flowing in the short-cir-
cuit ring of the resonator are plotted as functions of

487
Fig. 17. The wave length A and the current it occurring with
the connections shown in fig. 16 as functions of the length 4
of the Lecher system. The figures represent a portion of
the A-11 plane and the 4-11 plane, respectively, the points
A = k = 0 'and h = /, = 0 falling outside the figures.
Over a wide range the influence of /, on the wave length is
found to be only slight, since the latter is mainly determined
by the wave length Ao of the conical flat resonator. It is further
evident from the figure that the state of oscillation is not
determined unambiguously by the length 4, but that it also
depends upon the way in which a given tuning is reached.

the length ll of the Lecher system. Over a wide
range the length 1, of the Lecher system is found
to have only very little effect on the wave length A
at which the whole system vibrates. The latter
wave length is then determined almost exclusively
by the wave length A0 of the free vibration of the

alone but also depends upon the way in which the
momentary state of the circuits was reached, so
that the previous history of the state at a given
moment also plays a part. This is a result of the
non -linearity of the transmitting valves used 6).

Cavity resonators as output and input electrodes
with short-wave transmitting valves

When the high -frequency oscillation energy is
taken from radio valves by means of the anode
upon which the electrons must themselves finally
impinge with high velocities, in the case of high -
power valves a large amount of heat is developed
in the anode. In the construction of such valves this
should be taken into account, be it at some cost of
considerations connected with high frequency.
For this reason transmitting valves for very short
wave lengths are at present often constructed so
that the electrons pass along a pair of rings in which
they induce charges. They then give off high -
frequency oscillation energy to the rings without
themselves striking the rings. The collision energy,
however, is taken up by the anode, which is earthed
for high frequency and may thus have any desired
large dimensions.

In fig. 18 such a so-called induction tube oscil-
lator is shown. A beam of electrons whose intensity
is controlled in a high -frequency rhythm (fig. 19)
by a grid (hf) passes through a slit in a flat cavity

conical flat cavity resonator. In this figure the dis-
advantage is also evident that the oscillator fre-
quency is not wholly determined by the circuits

Fig. 18. Induction tube oscill-
ator for waves of 65 cm, equip-
ped with a vertically placed,
rectangular flat cavity reson-
ator for taking off the high -
frequency oscillation energy.
On the left-hand side of the flat
resonator may be seen one of
the magnetic coils which serve
to keep the electron beam
concentrated. The Lecher sys-
tem extending to the left serves
for tuning the grid circuit, while
the Lecher system extend-
ing toward the rear conducts
part of the oscillation energy
excited in the flat resonator
back to the grid, so that the
electrical oscillations are main-
tained. The Lecher system to
the right takes from the
resonator the energy dissipated
in the lamp serving as loading
impedance.

0) Cf. for example Balth. van der P ol, Trillingshysteresis
bij de triodegenerator met twee graden van vrijheid
(Vibration hysteresis in the triode generator with two
degrees of freedom). T. Ned. Radio Gen. 1, 125, 1921.
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resonator (S), upon which electric charges are
induced, while the electrons of the beam themselves
finally impinge on the anode (a). Seen from the
point of view of the cavity resonator, the induction
tube seems to possess a fairly high adaptation
resistance. In order to ensure a good transmission

hf

ANT

a

41811

Fig. 19. Diagrammatic representation of an induction tube
amplifier with a fiat cavity resonator S as output electrode.
The electrons are controlled by the high -frequency grid hf
and move toward the anode a. The aerial (ANT) is coupled
to the resonator, which is excited by the pulsating electron
current passing through it.

Us

of the high -frequency energy to the aerial, the impe-
dance of the unloaded oscillation circuit must be
high compared with the adaptation resistance.
Therefore a cavity resonator with its large impe-
dance is especially suitable to play the part of
oscillator circuit here. The high -frequency energy
is thereby taken from the cavity resonator by cou-
pling the aerial to it with the help of a loop.

The resonator then functions mainly as trans-
former between the high -frequency electron beam
supplying the energy and the aerial radiating it.

If it is impossible to obtain an adequate quality
factor and resonance resistance with the thin,
flat cavity resonator shown in figs. 18 and 19 in the
induction tube oscillator, these quantities cannot be
easily increased by using a somewhat thicker,
flat resonator, since in order to keep the electron
beam in the correct direction magnetic coils are
situated along it at fairly short intervals and a
resonator has to be fitted between the coils. It is,
however, possible to obtain a larger quality factor
and a higher resonance resistance by using a reso-
nator like the one shown in fig. 14b whose thickness
at the centre remains sufficiently small while at
distances farther away from the electron beam the
resonator becomes  much thicker. In fig. 20 an
induction tube amplifier with such a thicker reso-
nator is shown.

For the generation of high powers at very high
frequencies much use is being made at present of a
control mechanism with which the velocities of the
electrons allowed to pass are varied and not the num-
ber. In their further progress the faster electrons
will then overtake the slower ones, so that accumu-
lations occur whereby the same effect is attained
as with amplitude control. In the application of
such so-called velocity modulator valves different
cavity resonators must be introduced around the

Fig. 20. Induction tube amplifier for 45 cm waves, equipped
with a thicker cavity resonator like that shown in fig. 14b
with which a larger quality factor and higher resonance
resistance can be obtained than is possible with thinner
resonators. In the cylinder on top of the cavity resonator is
an artificial aerial in the form of an incandescent lamp. The
coil below the resonator provides the magnetic field which
keeps the electron beam concentrated.

path followed by the electrons from cathode to anode.
Therefore thin, flat cavity resonators are
often used here.

In fig. 21 a velocity modulator amplifier
is shown diagrammatically. In this case instead of
being controlled by the grid hf of fig. 19 the elec-
tron beam is controlled by the slit of the input
resonator S1. Some distance farther along the path
of the electrons is the output resonator S2, so that

ANT

4/0/.0

Fig. 21. Diagrammatic representation of a velocity modulating
valve amplifier with flat input and output cavity resonators:
S, and S2. The electrons, on their path to the anode a, are
controlled in a high -frequency rhythm by Si, while then in
passing S2 they excite it in a high -frequency rhythm. The latter
resonator passes on its oscillation energy to the aerial (ANT).
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the electrons will arrive there with a variation
in density sufficient to excite oscillations in S2
with reasonable efficiency. The electrons themselves
finally reach the anode a, while the flat resonator
S2 gives off its high -frequency oscillation energy
to the aerial coupled with it.

ANT

Cl El

Hs,sz[] []s3
I--- a

411100

Fig. 22. The flat input and output cavity resonators S1 and S2
are coupled to each other in order to make it possible for the
system to oscillate independently. The high -frequency oscilla-
tion energy for the aerial (ANT) is obtained from the pulsating
electron current on its way toward the anode a by means a
third flat cavity resonator S3.

If the flat input and output resonators (S1 and S2)
are coupled with each other, this system can be made
to oscillate independently (fig. 22). The high -
frequency oscillation energy is then finally taken
from this velocity modulator oscillator

with the help of a third flat resonator S3 coupled
with the aerial. A demonstration model of such a
generator for very short waves is shown in fig. 23.

Fig. 23. Velocity modulator for waves of 40 cm in which use
is made of three flat cavity resonators (cf. diagram of fig. 22).
The cathode is on the left and the anode on the right. The
size of the opening in the cavity resonator at the right S
can be regulated by turning the spokes visible in the photo-
graph in order to change the characteristic frequency. The
magnetic coils serve to keep the electron beam concentrated.

Thelastnumber of Philips Research Reports (No. 3 of volume 1, April 1946)
contains following articles:

R12 : K. F. N ie s s en: On the error in the determination of the median
plane of a radiobeacon in a tilted airplane.

R13: B. D. H. Telle gen: Network synthesis, especially the synthesis
of resistanceless four -terminal networks.

R14: H. B. G. Casimir: On Ons a ge r's principle of microscopic rever-
sibility.

R15: M. Gevers: The relation between the power factor and the tempe-
rature coefficient of the dielectric constant of solid dielectrics.

R16: T. Jurriaanse, F. M. Penning and J. H. A. Moubis: The
cathode fall for molybdenum and zirconium in the rare gases.

R17 : G. W. Rathenau and J. L. Snoek: Apparatus for measuring
magnetic moments.

Anyone interested in these articles can apply to the Administration of
the "Natuurkundig Laboratorium" Kastanjelaan, Eindhoven, Holland,
where a limited number of reprints are available for distribution gratis.
For subscription to Philips Research Reports application should be made
to the publishers of "Philips Technical Review".
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CONTACT ARC -WELDING

by P. C. van der WILLIGEN.

One  of the difficulties in electric arc -welding has always been the fact, that the
distance between the -electrode and the workpiece must be kept constant. It is, however,
possible to make electrodes, which can be kept resting on the workpiece, so that the welding
can be done by dragging the rod over the workpiece.. Philips_ have now developed a
method of touchwelding, whereby the arc is automatically ignited and if necessary
reignited. ,This is achieved by transferring a large part of the metal from the core wire in .

-the form of a fine powder to the originally insulating coating, which thereby becomes
more or less. conductive. Since the electrode -can be kept resting on the workpiece right
from the start and, during the welding, is continuously in contact with it both mechanically
and electrically, we speak of contact arc -welding and contact electrodes. With
these contact electrodes welds can be made quicker and more reliable, than with
ordinary electrodes. Furthermore it is also possible to use the free arc with these electrodes.

 The method of electric arc -welding widely used
to -day, where. the deposited material comes from the
electrode, which is held close to the workpiece,
was first introduced by' Slavianoff in 1892.
In those days direct current was - used exclu-
sively, since, with alternating current of a safe
voltage, the arc between the iron electrode and the
workpiece was always being extinguished. Only after
1908, after Kj ellb er g had introduced a coating
of slag -forming -substances around the rod, was it
possible to use alternating current for welding.
The coating emits so many electrons, that the wel-
ding arc, which with A.C. of 50 cycles is extinguish-
ed 100 times per second, continues to burn; or,
more accurately, it is reignited 100 times per second.
The coating, however, has a still more important
function, a metallurgical one. It improves very
much the mechanical properties of the deposited
metal, which properties are poor when uncoated
wire is used. In the course of years this improve-
ment has proceeded so far- that the Mech'ariical
properties of the deposited material of 'the most
modern electrodes, such as the Philips type Ph 55,
are equal to those of the best kinds of structural steel.

As far as welding with A.C. and the mechanical
properties are concerned, the introduction of the
coating has meant a great advance. Arc welding,
however, has always remained  an "art", which

621.791.753.41

can only be mastered by much practice. The
introduction of the coating has indeed made it
easier to do overhead welding. The cup -formed
during the welding serves to  direct the molten
drops of metal, just as the barrel of a gun directs
the projectile 1). As to welding in the down -hand
positions, however, the coating has scarcely made,
it any easier. While on the one hand the welder
has the convenience of being able to check' the
speed of travel by following the slag behind the
arc, on the other hand the coating and the slag
hide the melting -down process and the melting
pool from his view.

,Touch -welding

The great difficulty in free arc welding has always
been in maintaining the arc. The welder must
continually take care, that the distance between
electrode and workpiece is only a few millimeters
and that it remains constant.

When the distance is too Anal' the rod "free-
zes" to the workpiece, i.e. the solidifying drops
form a rigid connection. When the distance is too
large, the arc burns irregularly and the quality of
the work suffers, and with A.C. there is much chance
of the arc being extinguished.
1) Cf. for example J. Sack, Philips Techn. Rev. I, 26, 1936

and 4, 9, 1939. _
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" In the course of years, however, it has been noticed
that with certain types  of electrodes the coating
can rest on the workpiece during the welding; this
is called touch -welding.

.It was found that this procedure was only possible
with heavily coated electrodes. This can be under-
stood, when one considers that in welding with a
rod with a thinner coating only a short cup is
usually formed around the arc. When the edge of
such a cup is allowed to rest on the workpiece, the
drops of metal flowing from the core wire short
circuit and freeze the rod to the workpiece.

VOL. 8, No. 6,

only would this, however, be an expensive method,
but at the same time difficulties would occur in
the welding because of the larger amount of slag.

It is to be pointed out that fig. 1 is only a rough
sketch; for instance the formation of the crater
(a small dimple in the workpiece underneath the
arc) has been disregarded. When high currents
are used this crater is rather deep and in that case
touch -welding with electrodes of type Ph 50 and
55 easily succeeds. It has never been possible'to arrive
at a general application of touch -welding because
of the limitations just mentioned and some others.

46990

Fig. 1. Diagrammatic representation of the possibility or impossibility of touch -welding
for different kinds of electrodes manufaCtured by Philips. The diameter of the iron core
is d; d is that of the droplet. For the method of determining the size of the droplets see
J. Sack, The Welding Industry, July 1939. '

If one tries to determine the relation between
the thickness of the core wire and that of the coating
necessary to prevent this, it is found that it depends
upon various factors. If we assume that the welding
is done at an angle of 45° to the workpiece and that
the cup is formed at an angle of 45° to the axis of the
electrode, we see from fig. /ft that the relation
between the size of drop of the molten metal and
the dimensions of the cup is such, for instance
with the electrode type Ph 50, that touch -welding
is just possible, while with type Ph 48 (see fig. lb)
it will be quite impossible.

From this the conclusion might be drawn, that
to make touch -welding possible it would be suf-
ficient to give the electrodes a heavy coating; Not

The new development: contact arc -welding
For all these reasons, research work was carried out 

in this laboratory with the object of perfecting the
properties necessary for touch -welding, to such a .

point, that welding could be done with much less
trouble and that practically no errors could be made -
in welding. This included the requirement that the
weld- bead should. have, a flat and unifoim appear-
ance. This investigation has now led to a new
method of welding for which the name "contact
arc -welding" was chosen, for the reasons which
will be explained. We will first sketch the devel-
opment of this method. Although, in principle,
other types of electrodes could have been used in
this development, we chose in fact the Ph 55 as
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starting point, because its mechanical properties great as the diameter of the core, so that the coating
surpass those of other types of electrodes (i.a. is extremely heavy. For the sake of comparison we
because it has a low oxygen and nitrogen content). have shown in fig. ld an ordinary electrode Ph 55,
Ductility and impact value 2) are very high. By using which has the same external diameter and the
the Ph 55, therefore the chance of cracks in the weld same weight. These two electrodes depOsit the
is small, which is especially important in welding same amount of iron in the same time.
hard steels and also dynamically heavily loaded Different kinds of electrodes are distinguished
structures. For welding hard steels and steel con- not only according to their type, but also according
taining much sulphur it is, moreover, important to the thickness of their core; which follows the name
that the electrode Ph 55 is insensitive within wide of the type. This thickness_ determines the arc
limits to the content of carbon and sulphur of the current and in the case of ordinary electrodes also
workpiece 3). . the amount of metal deposited per second. It must

The fact that, in spite of all these good properties, be borne in mind that, in the case of the new con -
the electrode Ph 55 is not universally employed is tact electrode, only half-the.molten metal comes
due to the fact, that much care is required to make from the core, the other half being supplied by the
good welds with this type of electrode. If, for coating. In the case of the electrode Contact 15,
instance, the welder uses too long an arc, porosity therefore, the diameter of the core is -a times
may result in the weld. If a welding transformer smaller than that of an electrode Ph 55 depositing
is used with a low open voltage (< 60 V) difficulty the smile, amount of metal. The new electrode'
is experienced fr6m the 'extinguishing of the arc. Contact 15-5, therefore, corresponds to-the'ordinary
The welding is thereby interrupted and has to be electrode Ph 55-7.
started again,- which leads to inhomogeneities in With the electrode Contact 15 the ignition of
the weld. the arc has also becoine ,much easier. It is not

Therefore, the electrode Ph 55 had to be altered done in the usual way by tapping and breaking off
in such, a way as to overcome these objections, the cup, but entirely automatically. 'This sim-
while still retaining the important advantages  plification in starting is closely connected with the
mentioned. The first step in this direction was to new composition of the coating.
try to perfect the quality necessary for good touch- In the development of the contact electrodes,
ing, without increasing the' quantity of slag -forming as we have seen, much metal has been transferred
coating material. This was achieved by applying from the core to the coating.. When the amount
the principle of making the coating heavier,- of metal, transferred to the coating, is'approximately
(which principle, of course, is by no means , the same as that remaining in the core, the conduc-
confined to the use of the Ph 55 rod) by tivity of the coating is found to have become so
transferring part of tbT metal of the core high that when. the coating, under tension, is
in a finely divided forp to the coating. brushed over the workpiece  sparking occurs,
The ratio of metal to slag in the welding such as takes place from the trolleys or shoes in
rod may remain the same. A limit is set, to the electrical traction when there is icing. A current
transfer of metal from the core to the coating of the t is then flowing of the order of magnitude of 0.1 A.
rod, by the consideration that the core, which has When the coating is not brushed over the edge, but
to carry the current, may not be too thin, as other- is held against a definite spot on the workpiece, the
wise the resistance becomes too high and the per- current will rise rapidly and at a value of about 1 A
missible arc current too low. will suddenly pass to an arc: the welding arc is

In the case of the newly developed electrodes, then automatically ignited. The oscillogiam
which are denoted by the *word "Contact" (thus of the current flowing with Contact 15 is illustrated
for example: Contact 15), since they are in coati- in fig. 2; the arc is usually ignited within one
nuous contact with the workpiece, about half of second. When in the 'hot condition, ignition takes
the metal of the core is transferred in scattered place even more quickly, and obviously the voltage
form to the coating. In fig. lc it is indicated dia- applied also has some influence on the speed of
grammatically that, with electrode Contact 15, ignition.
touch -welding should be quite easy. The external Thus the. electrode Contact 15 has been made
diameter of the electrode is: more than twice' as s elf- st arting. Not only has it become unnecessary

for the welder to start by tapping, but the reig-
2) P. C. van der Willigen, Philips Techn. Rev. 6, 97-104, nition, after an interruption 'of a few cycles, also1941. -

8) J. ter Berg, Philips Techn. Rev. 7, 91:93, 1942. takes place automatically. Such an' interruption
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sec

Fig. 2. Oscillogram of the current trend when the arc of
Contact 15 is being ignited. The arc is struck at approxim-
ately 1 amp. and 1 sec.

may take place accidentally and result in the ex-
tinction of the arc, when a welding transformer is
used with a low open voltage. The conductivity
of the coating of the new electrodes then ensures,
that the arc is immediately reignited. As a result
with electrodes of the type Contact 15, which have a
core diameter of less than 5 mm, it is possible even
to touch -weld with open voltages of the welding
transformer lower than for the corresponding elec-
trodes Ph 55, i.e. they need not be so far above
the arc voltages. The contact electrodes 15-3.25
and 15-4, which have core diameters respectively
of 3.25 and 4 mm, have for example an arc voltage
of 25-30 V, and it has actually been found that
touch -welding can, very succesfully, be done with
them at an open voltage of 60 V. In some cases,
it is found possible to work succesfully at lower
open voltages (to 50 V) at which, if the correspon-
ding normal electrodes were used, there would
naturally be trouble from extinction. For the new
electrodes with core diameters of at least 5 mm (thus
corresponding to normal electrodes of at least 7 mm
core diameter), however, higher voltages are
necessary.

The new electrode Contact 15-5, for instance, has
an arc voltage of 40 V. If a welding transformer
is used with an open voltage, which lies only
slightly above this, the transformer works too much
in the flat part of its characteristic, which means,
that only small variations in the voltage will al-
ready result in large current fluctuations.

The best results are obtained, when the open
voltage of the welding transformer lies about
30 V higher than the arc voltages, thus, for the
electrodes Contact 15-5, this will be 70 V. Welding

4) These two new electrodes would correspond in weight to
normal electrodes of the type Ph 55 with core diameters
of 4.7 and 5.6 mm respectively, which, however, are
not manufactured.

then takes place in the steep part of the charac-
teristic, i.e. in the part, where the voltage depends
closely on the current, so that any variation in the
arc voltage scarcely affects the current.

The advantage of contact arc -welding therefore
lies in the possibility of easy touch -welding and the
automatic ignition and re -ignition of the arc.
Moreover, with a given current the amount of metal
deposited per unit of time is considerably greater,
as will be discussed in a -subsequent article.

It has been found, that these new contact
electrodes are not only suitable for contact arc -
welding, for which purpose they were developed,
but that they also offer important advantages for
welding with the free arc. The contact electrode
gives much less extinguishing of the arc, even
when the open voltage of the welding transformer
is lower than normal. This is probably the result
of the great conductivity of the coating, which now
and then touches the pool when the cup is so long.

The use of contact electrodes

It is remarkable, how easy it is to weld with
the contact electrodes. This is due not only
to the ease of touch -welding, but also to the
self-starting. If one must start at a precisely
fixed point it is a great convenience, if the starting
is automatic, especially when using holders with a
push-button mechanism. The welder places his
electrode tip on the predetermined spot, puts the
shield before his eyes and presses the button (see

Fig. 3. Photograph of electrode holder specially designed for
contact arc -welding. Starting is by pressing the button under
the thumb, which closes the circuit.

fig. 3). It is a great convenience for beginners too
that there is no longer the trouble of tapping and
striking the arc.

As we have already stated, practice is necessary
in order to maintain the proper distance between
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core and workpiece when welding with the free arc,
and it is found, that this even presents difficulties
for experienced welders, when welding has to be done
in difficult positions, so that they too may then have
trouble with freezing. With the newly developed
electrodes, however, the coating has been made so
thick that the cup of the rod is always deep and
strong enough to keep the core in touch -welding,
at such a distance from the workpiece, that it
cannot freeze 5).

The mechanical properties of the material,
deposited 6) by these new electrodes Contact 15 and
Contact 18, are found to be similar to those of the
corresponding normal electrodes Ph 55 and Ph 48.
The fact that, in the case of the contact rods, the
arc is for the greater part surrounded by the deep
cup is a favourable factor, diminishing the
absorption of oxygen and nitrogen from the air.

While it is usual to weld from left to right,
welding from right to left also often occurs in practice,
and left-handed welders were desired for such work.
With contact electrodes this work, which is no more
difficult than melting a candle at a uniform rate
against a hot plate, can also be done by right-handed
welders, namely with the back of the hand turned
towards the workpiece, called "backhand" welding,
or by holding the holder in the left hand, which, in
the case of the more difficult normal welding can,
only be done succesfully by left-handed welders.

Just as with normal electrodes, with contact rods
care must also be taken to prevent the slag running
ahead of the arc. To accomplish this, in contact
arc -welding, the angle between electrode and work -
piece must not be too large. In the down -hand
position an angle of 40 to 45° is best. If a smaller
angle is chosen there is more sputter. Another
disadvantage of a very small angle is, that the
arc does not "dig" so well into the root of the
weld, which is often of importance, when using
these rods with deep cups. In practice, it sometimes
happens that it is impossible to maintain the
desired angle of 40 to 45°; for instance because of the
proximity of a transverse partition. It is then
possible, to weld from right to left or to use the free
arc. One can then weld in such a way that the slag
remains behind the arc, although the rod makes
a large angle with the workpiece.

The most convenient position for making a
welded joint is the flat position, where the surface

5) In the special case, where the electrode is cooled after
being partly used, it may happen that non -conducting
slag is formed on the edge of the cup and prevents the
arc from starting. This slag can, however, very easily be
broken off by tapping.

6) See the article cited in footnotes 1) and 2).

Fig. 4. This photograph shows two fillet welds made in the flat
position with Contact 15-5 that on the right, made with D.C.,
has a smoother surface than that on the left made with A.C.

of the bead is in the horizontal plane (fig. 4).
In this position the heaviest electrodes can be
used without difficulty. This is true, not only
for the methods of welding so far commonly applied,
but also for contact arc -welding, with which very
fine results can be obtained. Fig. 4 shows two fillet
welds made with Contact 15-5, on the left with
360 amp. A.C. on the right with 310 amp. D.C.

For fillet welds, made in the horizontal position,
where one plate is horizontal and the other
perpendicular to it, Contacts 15-3.25 and 15-4
can be used. With heavier electrodes the weld is
strongly convex in form.

A most remarkable achievement is the ease
with which overhead welding can be done 7), with
Contacts 15-3.25 and 15-4. This is the most difficult
position for welding, and, as far as is known, it was
never possible to apply touch -welding with success
in this position. Overhead contact arc -welding,
however, is found to be very easy. Fig. 5 is a photo-
graph of a weld made in this position with Contact
15-3.25 and using 140 amp. D.C. In overhead welding
experienced welders sometimes prefer to use the
free arc, for instance in order to make the weld

Fig. 5. Overhead weld made with Contact 15-3-25.

7) Cf. for example Philips Techn. Rev. 4, 9, 1939.
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somewhat wider by means of a weaving motion.
Also in this respect Contact 15 offers advantages
over the normal coated electrodes, the most impor-
tant of which results from the deep cup of Contact
15, which gives better direction to the drops; conse-
quently very little material falls to the ground.
When, however, Contact 15-5 and larger sizes are
used, the pool becomes too large and the molten
iron falls out of it, so that Contact 15-4 is the
heaviest electrode that can be used for overhead
welding.

In work on ships it is often necessary to make a
horizontal weld in the vertical plane (the ship's side).
This work can be done very well with Contacts 15-3.25
and 15-4. In vertical -up positions the electrode
should, in general, be moved sideways (weaving)
perpendicular to the direction of the weld, in order
to obtain a sufficiently wide bead, the fused mate-
rial being left to solidify at the desired spot; thus
the great advantage of contact arc welding, namely
that no precisely regulated motions need be made,
does not apply in this case. In vertical -up welding,
therefore the free arc will always be used, but the
electrodes already mentioned can be used here to

4 o 8 0 4

Fig. 6 Fig. 7

Fig. 6. Vertical -up weld made with the electrode Contact
15-3.25. In this case the free arc was used, since contact
arc -welding offers no advantage here, where the welding has
to be done with a weaving motion. The open voltage of
the welding transformer was only 50 V.
Fig. 7. Vertical -down weld made with Contact 18-4, which
has a thinner coating.

advantage. Fig. 6 shows a good vertically -up weld
made with the free arc using Contact 15-3.25
and a welding transformer with an open voltage of
only 50 V. In vertical -down welding Contact 15
generally gives rise to an excessive amount of
slag. The welder must try to keep the slag
above the welding arc, because, if it is allowed to
run down, it pushes the arc and the molten metal
aside, resulting in faults in the surface of the weld.
For these reasons a contact electrode has been
developed with a thinner coating, namely Contact
18. Taking as basis Ph 48, which is very much
used for vertical -down welding, the same principle
has been applied here as in Contact 15. Thanks
to the small amount of rapidly solidifying slag,
it is easy with Contact 18 to keep the slag above
the welding arc. Welds made in this manner have a
particularly good appearance. Since the surface of
the bead is very smooth, the slag often loosens of
itself. This contact electrode, like Contact 15, is
suitable not only for D.C. but also for A.C. The weld
of fig. 7 was made with the help of Contact 18-4.

In conclusion, we shall make a few remarks about
welding with high currents, where heavy wel-
ding rods are used, and which in the United States
is called "hot welding". The currents used are
higher than 600 amp. and the diameters of the
electrodes greater than about 7 mm. As yet, however,
this method has not met with much success, for the
following reasons:
a) Handling heavy electrodes becomes fatiguing

for the welder.
b) There is much spatter with these rods.
c) Heat radiation becomes troublesome, especially

in, hot weather.
d) Difficulty is very often experienced from un-

dercut, the plate material being burnt away
along the toe of the weld.

If Contact 15-6, 15-8 or 15-10 is used for this
purpose (the last corresponds to Ph 55-14 and is
used with 900-1200 amp.), the first difficulty
is overcome, since in contact arc -welding the elec-
trode rests on the workpiece. Due to the deep cup
shielding the arc, also spatter is considerably reduced;
tests showed spatter losses only one-third of those
obtained with the corresponding electrode Ph 55.
For the same reason, heat radiation from the
arc is lowered, especially in the direction of the
weld, since in that direction the cup almost
completely shields the arc. Finally with Contact 15
undercut is eliminated as a result of the special
form of the penetration, to be discussed in a
later article.
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SERIAL GROUP FOR THE MANUFACTURE OF INCANDESCENT LAMPS

An incandescent lamp factory originally com-
prised a number of departments housed in large
workshops, where the various stages of the manufac-
turing process were entirely separate from each
other. The stages were: the construction and moun-
ting of the stem, i.e. the internal glass part with
current leads, pump tube and filament; the sealing
of the base in the bulb along the lower flanged rim;
the lamp thus built up then has to be evacuated
or filled with gas (Arg9n), during which process
the lamp was heated to degas the component parts;
finally in a fourth department the base was cemen-
ted to the lamp.

Obviously, in course of time these processes be-
came highly mechanised. There were certain advan-
tages attaching to the separation of manufacture
among different workshops, owing to the specializa-
tion of certain parts of the processes. The draw-
backs, however, among which was the transport
problem, were much weightier; for instance a great
deal of administrative work and care was required
in order to keep together the various parts of a cer-

tain type of lamp in passing from one shop to
another.

The photograph reproduced here shows how all
this has been changed. All the processes mentioned
are combined in this one single unit, called the
serial group. The conveyor, clearly seen in the fore-
ground, brings in the bulbs. Mechanical hands
automatically pick up a bulb and a mounted stem
and place them together on the sealing machine.
This machine rotates and takes up a number of
positions, in each of which a certain part of the
sealing of stem to bulb takes place on the turntable
immediately underneath the lamp. The part of the
machinery on the left of the photograph is where
the pumping, gas -filling and further finishing is
done.

Such a serial group turns out a complete lamp of
a certain type with the minimum of manual labour,
all the component parts being assembled together
automatically, while the various operations are
arranged in the proper sequence by a very care-
fully studied timing.
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SIGNALLING IN CARRIER TELEPHONY

by F. A. de GROOT. 621.395.63:621.395.44

The establishing of a connection between two subscribers of a telephone network requires
the transmission of different signals from the subscribers' instruments to the, exchange
and vice versa. In local networks this signalling is done partly with direct current. Since,
however, in the case of long trunk lines, and especially in the case of carrier connections,
this is impossible, other methods had to be developed. After a short discussion of signalling
with alternating current of audio -frequency, the Philips system of signalling with the
carrier waves is considered. In the description of the practical execution of this method
of signalling special attention is devoted to the manner, in which interferences with the
signal and by the signal are avoided, and how ,the distortions, which the signals may
experience uport transmission, can be counteracted.

In order to carry on a telephone conversation, it is
not enough to have available an installation which
is capable of transmitting speech clearly and with-
out interferences. Each subscriber must also be
able to ring up any other subscriber. To do this, he
must be able to inform the telephone exchange,
that" he wishes a call to be put through;
the exchange' must prepare the connection, warn
the subscriber called, inform the subscriber calling,
whether or not the desired line is already engaged,
etc.; finally after the conclusion of the conversation
the exchange must be warned, so that everything
can be"returned to a position of rest.

- All these and any other warnings and communi-
- cations are accomplished by certain signals, and the
complex system of aids, which serve for the exci-
tation and transmission of these signals, is called the
signalling system.

A signalling system is necessary, not only for
local, but also for trunk connections. The problems
thereby involved, especially when carrier telephony
is used for the trunk connection, will be discussed
in this article. We shall deal especially with a sig-
nalling system, developed by Philips, in which the
carrier Waves themselves are used for the signalling.
We shall begin with a simplified de.scription of what
happens, in a local telephone conversation, between
two subscribers on an automatic exchange.

Signalling in a local connection with automatic
exchange

In fig. I the circuit diagram is given of the con-
nection between two subscribers a and b,,omitting
all non -essential details.

In the state of rest, the telephones of the two
subscribers hang on their hooks, the contacts Ha
and Hb are then open, the lines carry no current,
the relays Ra and' Rb are ,released. Upon a lifting
up the. receiver, the contact Ha is closed and a
direct current ./a, furnished by the battery E, be-

gins to' flow through the line and the apparatus.
This direct current (which, moreover, also serves
to feed the carbon Microphone M) energizes the
relay Ra and the exchange is by this means in-
formed, that a wishes to make a call. The exchange,.
by means of a switching process, which may be

a exchange

Fig. 1.,Simplified diagram of the signalling system in a local
telephone connection with automatic exchange. M microphone,
T telephone, H. and HI, hook contacts, B bell, C condenser,
N cam disc, K contact of dial, "gild lb line currents, Ra
and R6 relays, S selectors.

disregarded here, now makes itself ready to "hear",
with whom a wishes to speak. The fact, that the
exchange is ready for, this, is communicated to a
by a so-called dialling tone-, which is sent over the
line,by the exchange. Upon hearing this, the sub-
scriber begins to dial, i.e. he turns his dial and lets
it run back; during this running back the line current
is interrupted (by means' of the cam N and the
contact K), ;this being repeated as many times as
there are figures in the number dialled. Upon each
interruption, the relay Ra releases and thus passes
the impulses through to the automatic selectors
set up at the exchange, which thus select the line
of the subscriber being called. As soon as this line
has been found, it is, ascertained, whether it is'
freefree (by whether its relay Rb is "up" or not). If it is
not free, the exchange sends over the line to a the
"engaged" signal. If the line is free, the exchange
sends an alternating current with a fundamental
frequency of 16 C/sec to b, the so-called ringing
current. The hook contact of this subscriber is of
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course open, but the alternating current passes the
condenser C, which is tuned with the self-induction
of the bell to 16 c/sec and causes the bell to ring.
At the same time the exchange sends a ringing tone
over the line to subscriber a, as a sign, that b's bell
is ringing. As soon as b removes the receiver direct
current also begins to flow in his line, the ringing is
stopped by the operation of the relay Rb and the
conversation can take place. When the conver-
sation is ended, the subscribers hang up their receiv-
ers again, the direct current in the two lines is
thereby interrupted, the relays Ra and Rb are
released and as a consequence the selectors and the
various relays in the exchange return to their
positicM of rest.

In fig. 2 all these happenings are represented
graphiCally, by the variation with time of the

/a
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b)
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Fig. 2. BehaViour of the line currents and ./b during a
telephone call, a) Line of the subscriber making the call, b)
line of the subscriber called. 1 Calling signal, 2 dialling signal,
3 dialling impulses, 4 ringing current, 5 ringing tone, 6 an-
swering signal, 7 speech currents, 8 and 9 clearing signals.

currents la and h on the lines of the subscriber
calling and the subscriber called respectively. It is
seen that the signalling comprises the following
signals 1):

The calling signal (1) switching on the direct
current /a).

The dialling tone (2).
The dialling impulses (3) interrupting the direct

current -ra -
The ringing current of 16 c/sec (4).
The ringing tone or engaged tone (5).
The answering signal (6) switching on the direct

current -rb-
The clearing signal (8-9) switching off /,, and /b.

Signalling in trunk traffic

More and more use is being made of automatic'

1) In addition to those mentioned here, there are other
signals, such as those for counting the calls, measuring
the duration of a call, etc. Since these do not involve
anything new in the problems to be considered here,
they will be left out of consideration.
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dialling, also for trunk traffic. In the Netherlands,
for example, the 'telephone network in important
parts of the country has already been made auto-
matic. In principle, the manner of establishing the
connection is the same, as described above, for
a local call. Suppose, that the subscriber a in A
wishes to speak with subscriber d in D. He lifts:
up the receiver, waits until he hears the dialling
tone of his local exchange A and then dials a cer-
tain number, upon which the local exchange
connects him with the trunk exchange B (see fig. 3).

41716

Fig. 3. Diagram of a trunk connection between subscriber a
connected with the local exchange A And subscriber d connec-
ted with the local exchange D. Various neighbouring local
exchanges are connected with a trunk exchange (B and C).
The line, between local exchange and trunk exchange, is still
considered as "local" line. Between the trunk exchanges B
and C, which are far apart, lies the trunk line proper.

In this exchange, as a result of new dialling impulses,
the selectors find a line to the trunk exchange C.
As soon as this line is found, a warning is sent to C
(a new calling signal). The subscriber now con-
tinues to dial and the impulses, then following,
have to be transmitted over the trunk line to C,
to cause the selectors there to transmit to a line,
connecting C with the local exchange D. This
exchange now sends the dialling tone back to
subscriber a, who now with his dial sends impulses
over the whole connection to the selectors in' D,
which find the line of subscriber d. The exchange, D
then sends the ringing current to d in the manner
already described and at the same time the ring-
ing tone or the engaged tone, as the case may be,
is sent back to a. After the conclusion of the call; a
clearing signal from B to C (or vice versa) is again
necessary to break the connection and bring the
apparatus back to the position of rest 2).

It is thus clear, that practically all of the signals
mentioned for local connections have to be trans-
mitted also over the trunk line: calling signal,
dialling impulses and clearing signal as signals
intended for the apparatus, further dialling tone
and ringing or engaged tone as signals intended

2) The course of events sketched here is characteristic of
the so-called direct system. There exist also other dialling
systems (registering systems), but the signals they require
are in principle the same as those with the direct system.
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for the ear of the caller, to let him know what the
situation is 3).

Different methods of signalling

We have seen that for signalling on the local
line, as far as the signals intended for the apparatus
are concerned, use is made of direct current,
which is in any case required for the microphone.
Direct current is also used for short -distance trunk
connections. For long-distance connections, how-

. ever, it is difficult to obtain a satisfactory solution
in this way: the transformers and any necessary

- repeaters in the line cannot transmit the direct
current directly, so that every transformer and
amplifier would have to be shunted by a relay
system. Through coil -loaded cables, which are often
used for long distances, no direct current at all
may be transmitted, because the magnetization
thereby caused is detrimental to the properties
of the loading coils.

In carrier telephony too, direct current cannot be
used for signalling, because here a number of calls
are sent through one pair of conductors and only
one direct current can be sent through a pair of
conductdrs. The signals therefore have to be trans-
mitted in some other way, and, for every speech
channel, there has to be a signal path independent
of the other channels.

The method so far commonly used in these cases
is.voice-frequency signalling.. The D.C. sig-

, nals occurring on the local line are converted in the
trunk exchange into A.C. signals with a frequency
in the audible region, between 300 and 2800 c/sec;
Since the trunk line must in any case transmit
this frequency region, either directly or modulated
on a carrier wave, the A.C. signals can be imme-
diately passed 'on over the trunk line. At the receiv-
ing end the signals are converted back into D.C.
signals by filtering out the signal frequency and
activating a relay with the signal. voltage.

In voice -frequency signalling the calling and
clearing signals, which occur on the local line,
when the direct current is switched on and off
respectively, cannot be transmitted in the form in
which they occur as the result of the switching on
and off of the alternating current, because this
alternating current would then have to be main -

3) A 'connection between two manual exchanges, as far
as the signalling is concerned, is often simpler than one
between two automatic exchanges, since there are no
dialling impulses nor signals-intended for the ear of the
subscriber calling. The calling and clearing signals are
still necessary, since it is impossible to have an operator
listening on each line all the time. It is the dialling impulses,
however, that cause the greatest technical difficulties, as
we shall see.

tained during the whole conversation and would
be heard by the subscribers as a disturbing whistle.
Calling and clearing signals are therefore now given
by A.C.- impulses of a certain length. One speaks
in this case of impulse signalling in contrast
to continuous signalling with a direct current,
where the signal current continues to flow during

a) ring L.f
3

1 2

3
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Fig. 4. Transition from continuous signalling with direct
current (a) to impulse signalling with voice -frequency alter-
nating current (b). 1 Calling signal, 2 dialling impulses, 3
clearing signal.

the whole call. The, dialling impulses, which in
continuous signalling consist of interruptions, of the
signal current, are passed on in impulse signalling
by A.C. impulses, like the calling and clearing
signals. The transition from continuous signalling
to impulse signalling is illustrated in fig. 4. In
practice, it is realized by a combination of a number
of relays, a relay grOup.

The relay groups make the signalling more compli-
cated and increase the chance of interferences.
Besides this complication, hoNirever, there is also
a fundamental difficulty in the method of voice -
frequency signalling. Owing to the fact, that the
signalling frequency is chosen in the frequency
region of speech, it is possible that the signalling

Fig. 5. Signalling receiver for voice -frequency signalling.
The instrument has to distinguish, whether an input voltage
with the signalling frequency originates from, a signal, from
speech or from interferences. For this purpose the input
voltage is fed to two filters F, and Fd connected in parallel.
F, passes the signalling frequency through and damps the
other frequencies, Fd damping the signalling frequency and
passing the others through. The output voltages of the Uro
filters are rectified and fed with opposite polarity to the control
grid of the amplifier valve B. Due to the negative bias from
the battery E, the amplifier valve does not transmit any anode
current, so that the relay Re is released. When a current with
the signalling frequency arrives, a positive voltage occurs
over Rl, the valve, begins to carry current and Re reacts.
If, however, other frequencies arrive, simultaneously with the
signalling frequency, a negative voltage will occur on R2, and
if this is equal to or greater than the voltage on R1 the valve
B remains "overbiased" and Re does not operate.



JUNE 1946 SIGNALLING IN CARRIER TELEPHONY 171

receiver also reacts to the speech voltages them-
,

selves: if the signalling frequency occurs in any
intensity in a speech sound the receiver may, for
instance, construe this as a clearing signal and break
the connection prematurely. In order to prevent
this, the signalling receiver must be so constructed,
that it can distinguish, whether a voltage with the
signalling frequency originates from signal or from
some other source. Use is often made here of the
fact that in speech different frequencies always

,occur at the same time, whereas, in signalling only
the signalling. frequency occurs. The voltages with
other frequencies are then used to put the signalling
receiver out of action with the help of connections,
which are shown in fig. 5 and explained in the text
underneath. This arrangement works satisfactorily,
but it has the great drawback, that current surges
or loud speech may cause the signalling receiver
to be. blocked, as a result of which impulses are lost
or distorted.

Carrier wave 'signalling

While the method of voice -frequency signalling
described, can be used for normal (low -frequency)
as_ well as for carrier telephone connections, the
method, about to be discussed, is especially intended
for carrier telephony.. With this method, which
was developed by Philips several years ago, reaction
to speech is out of the question.

In carrier telephony the speech vibrations of
each call are fed to a modulator, together with a
carrier wave of higher frequency. The modulator
converts the speech vibrations into side bands of
the carrier wave, but; thanks to suitable connections,
does not allow the carrier wave itself to pass, or
at least not to any extent worth mentioning 4).
The carrier wave itself is thus not transmitted over
the line. In order to be able to bring the transmitted
side band - only one is transmitted since the other
is suppressed in the transmission band filter -
back into the original frequency region, the carrier
wave is added again in the demodulator at the
receiving end.

In the new method of signalling, the carrier wave
frequency of each telephone channel is used for
signalling in that channel. Separate oscillators for
the excitation of the carrier wave frequencies are
not required, as the carrier waves are also neces-

, sary for the modulators (and demodulators) and
are therefore already excited in' the exchange 5).

4) See: F. A. de Groot and P. J. den Haan, Modulators
for carrier wave telephony, Philips Techn. Rev. 7, 83, 1942.

5) See: D. Goedhart and G. Hepp, Philips Teem Rev. 8,
137, 1946.

By means of a transmission relay, the carrier wave
can be applied in each channel to the line behind
the modulator. At the receiving end a selective
receiver is connected in parallel with the demodu-
lator, which receiver amplifies and rectifies the car-
rier wave. A receiving relay is operated by the D.C.
voltage obtained, and this relay passes the signals
to the respective apparatus in the automatic
exchange.

For this method, therefore, a frequency is used,
which does not occur in the. modulated speech
spectrum, and which gives no audible tone after
demodulation. In the first place, this makes it
possible to use continuous signalling as is done
in local telephony by means of direct current (the
carrier wave itself may in fact also be considered as
"displaced direct current" of the corresponding
channel). As a result the above -mentioned relay
groups are -made much simpler. On the other hand,
continuous signalling, as we shall see later, is also
accompanied by drawbacks connected with the
necessary limitation of the permissible  signal
intensity. If, for this reason, impulse signalling is
after all preferred, there still remains the important
advantage, that the reaction of the signalling re-
ceiver to speech need not be feared in principle,
since the carrier Wave frequency does not occur
in the modulated speech. (The speech currents of
the neighbouring channels, which, in pririciple,
may contain the carrier frequency of the channel
first considered, are already kept out of the channel
by the filters in order to prevent cross talk, and so
they cannot disturb the signalling receiver either.)

In the practical realization of carrier wave sig-
nalling, the following requirements must be kept
in mind:

'1). The signalling must not cause any disturbance
of the speech (or the signals) of other channels.

2) The signals must be transmitted undistorted.
The second requirement is especially, important

in connection with the dialling impulses. These
impulses are given, for instance, at a rate of 10 per
second, each impulse lasting twice as long as the
interval between two impulses (see fig. 4). In order
to ensure reliable functioning of the selectors
in the automatic exchange, only certain deviations
from the nominal duration of the impulses are
permissible. These tolerances, however, are for
the greater part already consumed by the rest of
the apparatus, for example by the variations in the
turning of the dial of the subscriber's instrument.
Thus, for trunk connection, it is essential that the
length of the dialling impulses supplied at the be-
ginning should be reproduced 'in the receiving
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station, with not more than several thousandths
of a second deviation.

On the basis of the requirements mentioned, we
shall now discuss the practical realization of carrier
signalling.

station I

lower channels after demodulation a tone of 1 500
c/sec, lies about 50 dB below the speech level. This
of itself is not very disturbing, but, due to the fact,
that several hundred of these harmonics fall within
the speech band, there occurs in the aggregate an

C>
LV OV

KVV

Re

station II "
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Fig. 6. Siniplified cliadram of one channel of a carrier telephone connection between two
- stations I and II. The components, added for signalling, and the path of the signals are

indicated with heavy lines. At a (or d) the "local" line comes in. Re relay group. Vfour-wire
fermination, -B limiter, HF high-pass filter, LF low-pass filter, Mod modulator, Osc

_ generator for the carrier. wave, Cl_transmitting relay, P potentiometer for regulating
the intensity of the carrier signal, ZBF transmitting band filter, ZV transmitting amplifier,
LV line repeaters. OV receiving amplifier, OBF receiving band filter, SO signal receiver,
C2 receiving relay, Dem demodulator, KV channel amplifier.

Practical execution of carrier signalling

Avoidance of interferences

Fig. 6 represents, in the form of a block diagram,
the apparatus for one channel of a carrier telephone
connection, the heavy lines indicating the path of
the signals and the components added for the sig-
nalling.

As may be seenin the diagram, the carrier signals
are not fed directly' to the common line but (with
the help of the relay C1) to the input of the trans-

- mission band filter. This, is necessary, in order to
avoid interferences in other 'channels. The dialling
impulses, which are sent through the relay, may be
considered as a carrier wave, modulated with a sort
of block -shaped curve with a fundamental frequency
of 10 c/sec. The harmonics of this frequency, of
which the block -shaped Fourier curve is built up,
occur as side -band frequencies of the carrier
wave and these side -band frequencies fall partially
in neighbouring channels (fig. 7). A closer exami-
nation shows that, for instance the 250th harmonic
(2 500 cieec) which, with a carrier spacing of 4 000
c/sec between two' adjacent channels, gives in the

d

intolerably strong interference. All the side -band
frequencies, which would fall in other channels,
are now damped by the transmission band filter,
as may be seen from the filter curve in fig. 7.

At the receiving end may be seen in fig. 6 the
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Fig. 7. Damping curve F of the transmission band filter of a
channel, D carrier wave, K frequency region, that, has to be
transmitted for the speech in this channel; in addition the
corresponding frequency regions and the carrier waves of
several neighbouring channels are indicated. S amplitude
of the harmonics of the dialling impulses for the channel in
question K; the harmonics have, a spacing of 10 cfsec. Each
third harmonic has the intensity zero, but this fine structure
cannot be seen in the drawing.
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signalling receiver (SO), which upon reception of a
signal activates the relay C2. In order to prevent
the receiver from reacting also to the speech vol-
tages, it must contain a sharp filter for the sig-
nalling frequency. So as to avoid having to con-
struct a receiver with a different filter for every
channel, which is not very well feasible either for

+200V
4/ TN

Fig. 8. Connections of the signalling receiver SO. P2 potentio-
meter for regulating the intensity of the input signal, Mod
modulator, SF filter for 8 kc/sec, B1 amplifier valve, 132
detector valve.

the designing, for the manufacture or the operation
of the installation, the incoming signal (frequency p)
is modulated in the receiver with an 8 kc/sec
higher or lower frequency (p ± 8), this giving rise,
i.a., to a difference frequency of 8 kc/sec. This
is filtered out and fed to an amplifier and recti-
fier (fig. 8). In this way the same filter, namely for
8 kc/sec, can be used for all channels. This filter
has the damping curve reproduced in fig. 9. It is
seen, that already at a distance of 300 c/sec from the
signalling frequency the damping amounts to more
than 30 dB, while the speech band proper only
begins here.

The reason why a frequency of 8 kc/sec is used is
easy to understand. In the first place the frequencies
p ± 8, necessary for modulation, coincide with the
carrier waves of other channels and are thus avail-
able in terminal stations of the installation without
further auxiliary apparatus. In the second place it is
an advantage to choose the difference frequency

db

40

7 a 11 12 kcisee

Fig. 9. Damping curve of the filter for 8 kc/sec in the signalling
receiver. K is the frequency band of the corresponding speech
channel. The broken line curve is the damping characteristic
of the high-pass filter to be described later, shifted to 8 kc/sec.

low, as the filter curve can then be made relatively
less narrow: an absolute width of the transmission
region of 600 c/sec at a signalling frequency of
60 kc/sec means a relative width of 1 percent,
whereas at 8 kc/sec it means a relative width of
7.4 percent, which is much easier to realize.

Since the carrier spacing normally amounts to
4 kc/sec, it might really have been better to use a
difference frequency of 4 kc/sec, but this was not
done for the following reason. The carrier frequency
p, after modulation with p+ 8, gives in the signal-
ling receiver the difference frequency 8 kc/sec.
But the carrier frequency p + 16 ("mirror fre-
quency"), which belongs to the speech channel
lying four channels higher and which transmits
the signals for that channel, also gives in the re -

Fig. 10. Signalling receiver. On the left the modulator and the
filter, on the right at the rear the two valves.

ceiver, first considered, the difference frequency
8 kc/sec, so that the receiver would also react to
that. In order to prevent this, the signalling
receiver is not connected directly with the line,
but is placed behind the receiving band filter
of its channel (see the diagram of fig. 6) or, more
precisely, behind the first sections of the receiving
band filter, in order not to expose the signals to
the full damping, which that filter produces for
the carrier frequency. The filter has, in the main,
the same damping curve as the transmission
band filter (fig. 7). The damping of the sections
in question at p + 8 is not yet so great as to
preclude entirely reaction of the receiving relay
to a signal with this frequency, which danger
threatens, when a difference frequency of 4 kc/sec
is used. At p + 16, however, the damping is so
great, that there is no danger of this.

In fig. 10 a photograph is shown of the signall-
ing receiver described, while fig. 11 shows a bay
with signalling receivers and appurtenances, for a
carrier installation for 17 channels.
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Distortion of the signals

We have seen that the carrier signals must pass through the
transmission band filter and the receiving band filter, among others.
These filters suppress the side -band frequencies, which fall in their
damping region, and also cause a relative attenuation of those
frequencies, which fall in the transition region between damping and
transmission, namely the carrier wave itself and the 30 lowest har-
monics of the dialling impulses. This results in a certain (slight)
distortion of the dialling impulses, as may be seen in the oscillo-
grams of fig. 12. The first oscillogram shows the dialling impulses, as
given with direct current (point 1 in fig. 6). The second oscillogram
gives the voltage in front of the transmission band filter; during the
time that the incoming line is not carrying current the carrier wave
is transmitted (transition from the continuous to impulse signalling).
These carrier impulses are practically rectangular. The third picture
shows the impulses behind the transmission band filter, amplified
in the transmission amplifier. Some rounding off has taken place.
In the case of the input signal of the signalling receiver, oscillogram
no. 4, the rounding off has become somewhat greater, owing to the
influence of the receiving band filter.

The most important distortion, however, occurs in the following
step: the filtering out of the 8 kc/sec frequency by the sharp filter in
the signalling receiver. Here, since it is a question of eliminating the
speech frequencies, the higher harmonics of the dialling impulses
are attenuated. At 300 c/sec, i.e. the 30th harmonic, the damping
of this filter, as already mentioned, is 30 dB; but also the 5th
harmonic, for instance, is already attenuated by 6 dB. The resultant
considerable rounding off of the impulse may be seen in the fifth
oscillogram of fig. 12.

What is in fact of importance with dialling impulses is the need to
keep to their correct length. A closer examination of the func-
tioning of the signalling receiver (fig. 8) shows, to what extent errors
may occur in this length, as a result of the rounding off of the impulses.
After passing the filter the signals are amplified and fed to a valve
(B2) acting as anode detector. The ./0- Vg characteristic of the valve
(anode direct current as a function of the grid A.C. voltage amplitude)
is drawn in fig. 13. The fixed negative bias -V0 of the grid is chosen
so large, that plate current only begins to flow at several volts signal
voltage. (This threshold voltage, below which the receiver does not
work at all, gives an extra security against slight interferences, such
as the carrier leak of the modulator at the transmitting end.)

With a sufficiently intense signal, plate current begins to flow;
the relay C2 will react as soon as the plate direct current has
reached a value of 3 mA. The impulse transmitted thus becomes
rectangular again in any case, but what about its length? In
fig. 13 the variation of the grid A.C. voltage amplitude is 'drawn
for the case, where the rounded off dialling impulses, reaching the
grid, have the form of oscillogram no. 5, dialling impulses of three
different intensities being assumed. The length of the origin al
impulse is AR in all three cases. In the case of the weak sig-

Fig. 11. Bay with signalling receivers and relays of a carrier installation for 17
channels (11 of the 18 receivers are mounted on the back of the bay; one receiver
serves as reserve).
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3

4

7

Fig. 12. Oscillograms of the dialling impulses
recorded at points 1-7 of the diagram of fig. 6.

nal 1 the relay will react at C and release
at D; the impulse, passed on by the relay
C2, is thus considerably shorter (length
CD) than the original impulse. With the
6) See the article referred to in footnote 4).

stronger signal 2 the relay operates from E to F, which is
equal in length to the time AB. In the case of the very
strong signal 3, the relay operates from G to H, and the
impulse passed on is thus longer than the original one.

If the signal intensity received were always the same,
then, by a suitable choice of the bias V0, it could be ensured,
that the impulses, passed on, have the correct length. Ac-
tually, however, one must count on signals of different
intensities. The cause of this lies for a large part in the
dependence on temperature of the damping of the transmit-
ting and receiving band filters. Temperature changes cause
the values of the capacities and self -inductions in the filter to
vary somewhat, so that the whole damping characteristic
is shifted slightly in frequency. Since the carrier wave lies
just in the region, where the damping curve mounts quite
steeply, a slight shift in the damping curve quickly causes a
considerable change in the damping for the carrier wave.

By means of a simple device, it is possible to neutralize
almost completely this distortion caused by the variation
in intensity. Provision is made that the weakest signal
occurring has the shape of curve 2, with which no grid cur-
rents yet occur. With larger signals, like that of curve 3,
grid current begins to flow. By now including in the grid
circuit, as may be seen in fig. 8, a grid condenser C and a
leakage resistance R of suitable value, the grid current is
made to increase the negative bias, by such an amount
( V0' in fig. 13), that the operation and release of C2 takes place
at points I and K (instead of G and H), which with the
signal in the form of curve 3 have exactly the desired time
interval. At a different signal intensity the correction will
not be quite exact, but a good approximation is obtained
in the whole practically important range of variation of the
signal intensity.

In the sixth oscillogram of fig. 12, the variation of the
anode current of the detector valve is shown, in the seventh
oscillogram, the impulses set up by the contact of the relay
C2. It is seen that here, apart from the inversion, which is
cancelled in the relay group, a faithful image of the original
impulses is obtained.

In addition to the distortion by the various filters dis-
cussed here, there is still another sort of distortion, requiring
special measures. Let us return to the diagram of fig. 6.
The relay C1, that puts the carrier wave on the line, is con-
trolled, via the relay group Re, by the D.C. impulses
arriving at a. The direct current is now passed on to the
modulator by the transformers situated in the four -wire
termination V. The D.C. impulses, however, are built up
not only from the direct current, but also from a series of
A.C. components, which are allowed to pass and which are
modulated on the carrier wave in the modulator, like the
ordinary speech frequencies. This takes place practically
without any retardation, calculated from a to the output
of the modulator. The relays, however, which transmit the
signals proper, work with a certain lag. The relay in the
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relay group Re, for instance, needs 0.01 sec to react,
while C1, an especially high-speed relay of special
construction 7), still needs 0.002 sec. Therefore,
the A.C. components of the D.C. impulses
reach .the signalling receiver 0.012 sec before the

Fig. 13. Ii -VV diagram of.the detector valve in the signalling
receiver. I, 2, 3 behaviour with time of the grid A.C. voltage
amplitude at - three different intensities of the incoming
dialling impulsei.

signal proper; in as far as the freViencies of these
components lie below about 300 c/sec, they can
pass the filter in the signalling receiver without
too great attenuation and cause relay C2 to operate.
As a result, a short surge precedes the impulse
proper and the grid voltage of the detector valve

. may become so strongly negative, that the succeeding
impulse is not" received

The effect is counteracted, to some extent, by the

7) This is done also because of. the distortion. Of itself An
operating time and a releasing time of for instance 0.01 sec.
is no objection, since it means only a slight retardation
of all the impulses. If, however, the operating time and
the releasing time of the relay C, are not exactly the same,
the impulses become too long or too short. The unavoidable
differences between the two times, -taken absolutely, will
be smaller, the shorter the two are taken.

limiter connected behind the four -wire termination,
cutting off all peak voltages above a certain value
(level for example 6 mW). This is not enough
however. In order to dissipate the effect entirely,
another filter is connected here in the speech channel,
which causes a reasonable attenuation, namely at
least 35 dB for frequencies below 300 c/sec (i.e.
below the frequency band necessary for speech).
The damping curve of this high-pass filter is shown
as a broken line in fig. 9 for the modulated vibra-
tions at the input of the 8 kc/sec filter in the sig-
nalling receiver.

The high-pass filter is also important for ren-
dering the lowest frequencies in the speech currents
absolutely harmless, and also to prevent any other
signals, such as dialling tone or ringing tone, sent
over the speech channel and also having compo-
nents in the low -frequency region from acting
upon the signalling receiver.

Finally a few words must be added about the
intensity of the signals. The higher the intensity,
the less the trouble experienced from all kinds of
interferences, stich as the carrier leak of the Modu-
lators. On the other hand, the signalling intensity
may not be so high that the amplifiers common
to all channels are overloaded. When only impulses
are transmitted, which have a very short duration
compared with the total duration of the call, this

 danger is only slight. Thus in the case .of the
system for carrier telephony with 17 channels,
formerly developed by Philips, a level can be
used for signalling, which corresponds to 1.5 raW,
measured at the input of the four -wire termination.
This corresponds, approximately, to the average
level of the conversation  itself and lies 30 dB, or
more, above the possible carrier leak..If, however,
it is desired to signal continuously and not with
impulses, either the signal intensity must be chosen
considerably lower or the amplifiers must have
larger dimensions. It will depend upon the circum-
stances, whether the above -mentioned advantages
of continuous signalling carry more weight than
these disadvantages.
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THE "INFRAPHIL"
AN APPARATUS FOR INFRA -RED THERAPY

by Th. J. J. A. MANDERS.

The therapeutic action of infra -red rays lies mainly in the temperature increase in the
irradiated tissue. It is important, that the radiation should penetrate into the body as
deeply as possible.
A study has therefore been made of the spectral distribution of the radiation necessary,
in order that, with the given reflection and absorptiOn of the skin, this requiremeni may
be satisfied. An irradiator is then described, which emits rays with a spectral distribution,
corresponding quite satisfactorily with the optimum distribution.

For several years already the therapeutic action
of infra -red rays has been a subject of interest
to the medical profession. At first, little was known
about the way, 'in which the rays act, and very,
diverse sources of radiation were employed. On the
one hand neon tubes* were used, which emit the
greater part of their radiation in the long -wave
visible region; on the other hand electric heaters
were used, whose radiation is mainly far in the
infra -red: Research in recent years, however, has
shown, that the curative effect of the radiation is,
for the most part, to be accounted for by the
heating of the tissue. From this it follows, that the
wave length of the radiation is not of primary
importance, the heating effect being entirely deter-
mined by the amount of radiant energy absorbed.
But the spectral distribution of the radiation is by
no means unimportant. From the investigations
'referred to, it has also been found, that the most
favourable effect is obtained, when the radiation
penetrates, as- deeply as possible, into the tissues.
A radiation must therefoie be used, which is ab-
sorbed as little as possible by the skin.

Further it is obvious, that the rays emitted should
be reflected as little as possible by the skin, thereby
increasing the efficiency of the irradiation. By these
requirements the spectral distribution of the
radiation, to be used, is to a large extent fixed.

In this article we will describe the "Infraphil"
irradiator, an apparatus of such simple construction,
that under a doctor's directions, it can be used
by laymen, for instance for alleviating rheumatic
pains, for the treatmant of inflammations, etc.
By a suitable construction of the radiator proper,
it has been ensured, that a high percentage of the
energy emitted, is converted into heat in the
deeper -lying layers of the tissue.

The properties of the skin

Tn the foregoingrit has been shown, that the pro-
perties of the skin almost completely determine the

615.831.7:621.384

spectral distribution of the radiation. Those pro-
perties will therefore be examined ,in some detail.

Reflection

The reflectivity of the skin has been determined
by various investigators, among whom are
Schultze, Bode, Hardy and Muschenheim
and Buttner. It has been found, that the reflec-
tivity for infra -red rays, contrary to that for visible
light, depends little on the intensity of the pigmen-
tation of the skin. The reflection has a maximum
between 0.6 and 0.7 t and decreases rapidly.towards
the ini;:a-red. In fig. 1 the variation of the reflecti-
vity is shown for a moderately pigmented skin, as
found by the investigators mentioned.
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Fig. 1. Reflectivity of the skin as a function of the wave length
in 1.r. a Ultra -violet region, b Visible region, c Infra -red region.

Translucency of the skin

As already noted, the red and especially the infra-,
red rays are relatively little reflected. The greater
part of this radiation, therefore, penetrates into. the
skin. The depth of penetration will depend upon the
scattering and absorption by the skin.

Little is known of the scattering power of the
skin. P1 o tnik ow found, that it is dependent on the
wave length of the radiation and further on the
thickness of the different skin layers. The
investigators, mentioned below, have attempted
to take this into account in the determination of
the absorption.
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The absorption of the skin, for different wave
lengths, has been measured by various investigators,
among whom Hardy and Muschenheim and
Hen schk e. Their results are reproduced in fig. 2,
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Fig. 2. Translucency of the skin as a function of the wave length
in 1.1., for a skin thickness of 1.0 and 1.4 mm respectively.

from which it may be seen that, especially with a
rather thick skin, practically only the wave length
region from 0.6 to 1.4 IL is to be considered. The
maximum translucency lies at about 1.2 v.. The shape
of the translucency curve can be explained satis-
factorily from the corresponding curves for the
substances mainly responsible for the absorption
in the skin, namely water and oxyhaemoglobin.
Its shape above 1.2 especially is mainly determined
by the water, while the sharp limit at 0.5 t is to be
ascribed to the action of the oxyhaemoglobin.

Furthermore B a che m has ascertained, that the
region of greatest translucency for the more deeply
lying parts of the skin is shifted towards long
wave lengths. This phenomenon too is to be as-
cribed to the oxyhaemoglobin. The more deeply
lying parts of the skin (i.e. the corium) are richer in
blood than the epidermis and therefore contain
relatively more oxyhaemoglobin.

For the rest no exaggerated ideas of the depth,
to which the radiation penetrates, can be enter-
tained, even for the most favourable wave lengths.
From experiments by Henschke, Heald and
Hofmann it has been found, that the intensity
of radiation, in the region between 0.7 and 1.1
is reduced to 0.1 percent of the original intensity,
already at a depth of 2 cm. This is confirmed
by measurements of the temperature distribution
in the skin by Henschke. His results from expe-
riments carried out with radiation in the region
of 0.6-1.3 tt are reproduced in fig. 3, from
which it may be seen, that considerable increases
of temperature may occur at the surface of the skin,
whereas at depths greater than 1 cm practically
no increase can be detected.

From the foregoing it may be deduced, that a
radiation in the wave -length region of 0.6 ix -

1.4 is most suitable for irradiation. Radiation,
in the region outside this interval, must be sup-
pressed as much as possible, since it is mainly
absorbed in the outer layers of the skin and heats
it intensely, thereby limiting the amount of energy
that can be irradiated on the skin per cm2. This
maximum energy per unit of area, the so-called
loading capacity, is determined by the pain limit.
If the intensity of the radiation is too high, a strong
heating effect is first experienced, then an irri-
tation, which finally becomes an intolerable pain.
With all irradiations, therefore, there is a limit to
the intensity that can be tolerated for a long time.
This limit depends naturally on the spectral
composition of the rays emitted. In choosing the
dimensions of the irradiation apparatus, to be
described farther on, it is therefore important, as

TEMPERATURE OF TISSUE °C
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Fig. 3. Temperature of the tissue at different depths in the
skin, when the surface of the skin is kept at 44 °C by irradia-
tion (in the region between 0.6 and 1.3 ti.).

Hens chke found, that the limit in question should
vary but little (about 5%) for different people.
Van Wijk 1) determined the loading capacity
for heat irradiators of different temperatures
mounted in glass bulbs (wall thickness about
1 mm). His results are shown in fig. 4. It is found,
that the loading capacity increases considerably
with rising temperature of the radiating body.

1) Philips techn. Rev. 6, 202, 1941.
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Fig. 4. Time, during:which an irradiation can be tolerated, as a
function of the intensity of irradiation for different tempera-
tures" of the incandescent body of the irradiator. The time is
measured in seconds, the irradiation intensity in W/cm2 and
the temperature of the incandescent body in degrees K.
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Physical properties of the apparatus

From the foregoing, it has become evident, that
an apparatus for irradiation with infra -red rays

, 'must satisfy the requirement, that the largest
possible part of the rays should lie in the wavelength
region 0.6 i-1.4 t. Confining ourselves to heat
irradiators, the maximum of the radiation curve
should therefore lie in this interval, and since these
curves fall off much more rapidly towards the
short wive side than towards the other side, the
maximum must lie quite close to 0.6 v. With the
help of Wien's displacement laW, it may already
be deduced that the temperature of the irradiator
has to be very high. If we express the wave -length
A in t and the temperature T in degrees K, Wien's
law is as follows:

Amax  T = 2880.

For Amax = 6 v, it follows, that T 2880 °K.

Fig. 5. The part of the total radiation of a tungsten coil, which
falls in the region 0.7 II at different temperatures
expressed in degrees K.

In fig. 5 the part of the energy from a tungsten coil,
*hich is emitted in the region in question, is indi-
cated for different temperatures. It may be seen
that, in good agreement with the above, the part,
falling in the region from 0.6 t to 1.4.1,, increases
up to about 3400 °K.

In the case of the "Infraphil" apparatus, a twig-
sten coil is actually used, which, when in operation,
consumes 150 W and reaches a temperature of
2800 °K. Although this is about the same tempe-
rature as is reached in an ordinary electric lamp of
the same power, it is impossible to go much higher,
because the tungsten would then evaporate at
such a rate, that the lifetime of the irradiator would
become far too short, to be of any practical use.
At the temperature mentioned, therefore, the maxi-
mum yield of radiation in the region 0.6 v. to 1.4 t
is not obtained. Since, however, as is shown in
figs. 1 and 2, the shortwave radiation in that
region is more strongly absorbed by the skin, and
especially more strongly reflected, a very satis-
factory result is, nevertheless, ultimately obtained.
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Fig. 6. Spectral distribution of the radiation
coil at 2800 °K, represented in accumulated form.
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In fig. 6 the spectral distribution is given of the
radiation of a tungsten coil at a temperature of
2800 °K (curve A). The diagram is given in an
accumulated form, so that it is possible, to read off
directly,' what part of the radiation is emitted
in the regi9n from zero to a given wave length (and
by subtraction, therefore, also the part in a region
between any two wave lengths; with a non -accu-
mulated distribution curve these percentages would
have to be determined, for instance, by planimetry).

As tungsten readily oxidizes, especially. at high
temperatures, the incandescent body has to be
fused into, a glass bulb. The socket end of this
bulb, has the shape of a paraboloid and is mirrored
on the .inside; thus concentrating the energy. The
greatest diameter of the bulb is 125 mm (see fig. 7).
' The internally deposited aluminium mirror offers

many advantages over an externally applied re-
flector. In the first place the rays have, to pass only
once through the wall of the bulb, whereas with an
external reflector at least the central portion of the
beam has to pass through the glass three times.
The absorption is therefore less. Further, the inter-
nal mirror is less exposed to damage and is protec-

.
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ig. 7. The radiator of the "Infraphil" apparatus, showing
the frosted front and the mirrored back of the bulb.

ted against contamination; finally it occupies no
extra space.

The mirror is applied by evaporation of aluminium
on the inside of the bulb. In fig. 8 the reflection of
aluminium, deposited by evaporation, is given as a
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Fig. 8. Reflectivity of aluminium deposited by evaporation
for different wave lengths (in p.).

function of the wavelength. In the whole region in
question, aluminium is found to be a good reflector,
so that the mirror causes practically no changes
in the spectral composition of the ray beam
emitted.

A second factor of influence on the radiation
emitted through the bulb is the translucency of the
glass. This is represented graphically in fig. 9.
The transmission is very good in the region that
counts. Only at 2.5 [2. does absorption clearly begin
to occur. This, however, is an advantage, because
part of the undesired radiation with a wave length
greater than 1.4 p, is thereby removed.

After what has been stated in the foregoing, it
will not be surprizing that in the region with which
we are concerned, the spectral distribution of the
beam leaving the bulb differs little from that of the

radiation from the filament, shown in fig. 7. Notwith-
standing the above -mentioned absorption effect, a
not inconsiderable part of the radiation emitted has a
wave length greater than 1.4 p. By applying a
water filter (see the article by van W ij k already
referred to) this radiation could practically be
eliminated. It would thereby be possible to increase
the loading capacity from 0.27 W/cm2 (see fig. 4) to
about 0.45 W/cm2. For an apparatus mainly intended
to be used by laymen, however, this would be
too complicated and also make it too expensive.
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Fig. 9. Translucency of calcium glass for different wave lengths
(in (2). Thickness of glass 1 mm.

The front of the bulb is frosted, in order to render
the intensity at the centre of the beam equal at all
points. If this were not done, local irradiation
maxima would occur on the part of the skin irra-
diated. This has an unfavourable effect, because the
total radiation, that can be tolerated, is finally
determined by the loading capacity of the most
intensely irradiated area of the skin.

Finally in fig. 10, the irradiation intensity is
shown on a plane perpendicular to the axis of the
irradiator, at different distances from the axis.
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Fig. 10. Intensity of the irradiation as a function of the
distance from the centre of the beam, measured in a flat
plane perpendicular to the axis at 25 cm distance from the
front of the irradiator.

Details of the apparatus

In fig. II the complete "Infraphil" apparatus is
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Fig. 11. The complete "Infraphil" apparatus. The bracket, in
which the irradiator is hung, can he translated and rotated
with respect to the base. The irradiator can therefore be placed
in any desired position.

shown. The irradiator, already discussed, is con-
tained in a metal housing held in a bracket.

The bracket is made movable by means of a
grooved clamp, so that the beam is adjustable within

Fig. 12. The "Infraphil" apparatus with stand.

the plane of the bracket. Moreover, the clamp can
be rotated about the axis of the base, so that when
the apparatus is hung on the wall -- an eyelet is
provided for this purpose underneath the base -
the beam can be adjusted in every desired direction.
For use by a medical practitioner, the apparatus
is supplied with a stand, providings till wider possi-
bilities of adjustment ( fig. 12). Here the radiator
with bracket is attached to a tube, instead of to the
base. This tube passes through a clamp, in which it
can be rotated, and also moved in a horizontal
direction. The clamp itself can, moreover, be moved
along a vertical tube and rotated about it.
A switch is mounted between bracket and tube.

In certain cases it is desirable to be able to
administer very local irradiation. For this purpose,

Fig. 13. Various forms of localizers, designed for very local
irradiation. On the left in the foreground, is the ring, with which
the localizers are attached to the housing.

a number of localizers have been designed (fig. 13),
which can be attached to the apparatus very simply,
with the help of a ring. The apparatus with a loca-
lizer is shown in fig. 14.

Applying the apparatus

It can be taken that infra -red rays have no
injurious effect upon the eyes, during the short
time, that irradiation is usually applied. In fact,
the visible radiation is so intense, that one automa-
tically shuts the eyes, if the beam falls upon them.
Nevertheless, in the latter case it is desirable to
protect the eyes, as much as possible. Care must
be taken, when using goggles, because they may
absorb so much heat that, they may burn the skin,
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where the frame touches it. Readily inflammable
objects, such as combs, etc., must be kept out of
the field of radiation.

In general, the intensity of irradiation should be
as high as possible. The distance from the skin
must therefore be as short as possible, but not so

short as to be painful. The heat should be comfort-
ably bearable. From this, it follows, that care must
be taken, when irradiating places which for some
reason or other have become insensitive, for then
there is no feeling of pain to give warning, if the
beam becomes too intensive, and burns may result.

Fig. 14. The "Infraphil" apparatus on a stand, with a localizer in place.
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ELIMINATING SCATTERED RADIATION IN MEDICAL X-RAY PHOTOGRAPHS

by W. J. OOSTERKAMP.

The scattered radiation, occurring in the diagnostical X-ray examination of the human
body, produces a uniform secondary exposure of the X-ray film (or secondary illumination
of the fluoroscope), thereby considerably reducinethe sharpness of the contrasts. Various
methods have therefore been developed, to eliminate scattered radiation or to reduce
its effect on the film or screen.The criterion for the value of each method is the "selectivity",
i.e. the ratio between the attenuation factor for the scattered rays and that for the primary
radiation, producing the desired X-ray shadow picture. The present'article first gives a
survey of the usual methods of eliminating scattered rays and then proceeds to deal in
more detail with one of the most: important of them, the so-called Potter -Bucky
diaphragm. Various forms of slid] diaphragms are compared as to selectivity and Other
properties, from which indications are deduced for their most efficient construction.
In most of the methods of counteracting scattered radiation, there is some disadvantage
or other,i hat has to be taken into the bargain, such as a distortion, further Tack of definition,
etc. The doctor must therefore decide for himself, which method or combination of methods
is most suitable for a certain examination:

Introduction

The familiar shadow image of the internal,
organs and skeletal parts, obtained in X-ray photo-,
graphy (or fluoroscopy) of the human body is
brought about by the difference in degree of atte-
nuation of the X-rays, while passing through the
various parts of the body. According as the inten-
sity of the primary radiation, propagated rectiline-
arly from the focus of the X-ray tube, varies from
place to place, so certain contrasts are formed in the
blackening of the X-ray film.

Actually, however, the contrasts are always less
defined, than would be expected from the above.
The reason for -this lies in the scattering -of
X -rays. The attenuation of the primary X-rays
in matter is caused partly by absorption and partly
by scattering, i.e. a change in the direction of the
rays (accompanied by a certain loss of energy,
which, however, with the tube voltage used in X-ray
diagnostics is only slight). Owing to the fact, that
the scattered rays from every .particle of the body
exposed to the primary radiation travel in rela-
tively random directions, they cause a more or less
diffuse exposure of the film, which leads to fogging
and, consequently, diminishes the contrasts.

It Will be seen from the following, that this effect
is very important in X-ray photographing of the
human body. In the case of elements with a
high atomic weight, the attenuation of the X-rays
is mainly due to absorption, for example in
the bones, which consist for a large part of cal-
careous matter (with 'the relatively heavy element
calcium). The other human tissues, however, are
-composed almost entirely of elements with a low
atomic weight (hydrogen, carbon, nitrogen, oxygen),

778.33:535.361.2

and in them, with the usual tube voltages employed,
the attenuation due to scattering is of the same order
of magnitude, as that due to absorption. Since in
diagnostics, it is in many Cases a question of dis-
tinguishing very slight _contrasts in the X-iay
picture, various methods have been developed for
neutralizing or eliminating the scattered rays.
These methods will be described in this article and
as far as possible considered quantitatively. The
striking improvement in contrast, sometimes ob-
tained by counteracting ,'scattered rays, is demon-
strated by fig. 1, in which two X-ray photographs
of the pelvic region are reproduced. The first was
taken without any special measures for, the eli-
mination of scattered, rays, whereas, in the second
a large part of the ?catered radiaton was inter-
cepted by means of a so-called POtfer-.Bucky
diaphragm.

We shall begin with a somewhat more detailed
consideration of the influence of scattered rays on'
the formation of the X-ray picture.'

Influence" of scattered rays on the X-ray picture

Radiation contrast

We assume, for the 'sake of simplicity, that the
object irradiated is of a homogeneous composition
with the exception of a small part M, in which the
attenuation of the primary days is slightly greater,
than in the remaining part (see' fig: 2).

This part M then appears on the negative as a
spot M', which is slightly lighter than the surround-
ings. However, M' is struck not only by the direct
rays but also by scattered rays, coming from
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all the points of the object irradiated. The intensity
of these scattered rays is practically the same, all
over the film.

What effect does this have on the contrast? To
be precise, we must here distinguish between
radiation contrast, i.e. the relative difference
in radiation intensity, and the resultant photo-
graphic contrast, i.e. the relative difference in black-
ening of the film. As to the first, we assume, that
in the example mentioned, the primary radiation has

contrast is changed and becomes :

Ks
(Ip ± Is) - (Ip -- Alp + A/p- -

/p Ip ± Is 

It is thus clear, that the radiation contrast is
diminished by the scattered radiation, the decrease
being in the ratio of:

Kp 1p + Is
Ks

a
Fig. 1. X-ray photograph of the pelvic region, a) taken without measures to eliminate
scattered radiation, b) taken with a diaphragm to reduce the scattered radiation
(Po tter-Bucky diaphragm).

the intensity Ip all over the film, except for the
spot M', where the intensity is Ip-Alp. The radia-
tion contrast Kp between M' and the rest of the

Fig. 2. In the body P there is an
inhomogeniety M. This causes
a somewhat greater attenuation
of the primary X-rays Rp, coming
from the focus F, and thus throws
a shadow M' on the film C. Scat-
tered rays R,, which originate at
every point Q of the body P, also
strike the film at M'.

film, which would be obtained, if there were no
scattered radiation, then amounts to :

K - P ) AIP
134'

Actually, there is a scattered radiation all over the
film, the intensity of which we shall call Is. As a
consequence, the total intensity on M' is Ip-Alp+
Is, and on the rest of the film Ip + Is. Thus, under
the influence of the scattered rays, the radiation

For the sake of orientation, it may be stated that, in a
photograph of the lung, the intensity of the scattered
radiation is approximately equal to that of the pri-
mary radiation, while, in photographs of the abdo-
minal organs, Is may be three or four times
or even more. In lung photographs therefore
Kp/Ks = 2, thus the radiation contrast is reduced
to one half by the scattered radiation, and in
abdomen photographs Kp/Ks = 4 or 5, the con-
trast thus being reduced to 1/4 or 1/5 of the value,
which would be obtained without scattered
radiation.

Photographic contrast

With the total radiation Ip Is acting upon the
photographic film, one could imagine the situation
being such, that the film is first exposed, for the pre-
scribed time, only with the direct radiation
which forms the picture, and then re -exposed once
more for the same time, without the patient, to
a uniform radiation /s//p times as intense. The dis-
astrous effect of such a uniform after -exposure is
obvious. Upon closer examination, however, it is
seen, that in reality the situation is more compli-
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cated. The reduction in contrast on the film, due
to the scattered rays, will only be of the same order
as that of the radiation contrast, when one is working
on the linear part of the blackening curve, both
with and without scattered rays. This condition
will certainly not be satisfied, if by applying some
means or other the scattered radiation were entirely
eliminated and a photograph were then made with
the same exposure time, as was first used with
scattered radiation present. '

Especially, in the case of moving objects (heart,
lungs, etc), having regard to the lack of definition
of the movement, the. exposure time is chosen as
-short as ,is compatible with the requirement of
sufficient blackening density, and if that density
is_ only just sufficient with scattered radiation, it
will certainly be insufficient without it. Since this
means, that one works in a less favourable part of
the blackening density curve and consequently
with a given radiation contrast, one obtains a smaller
phiStographic contrast, it is to be concluded that in
an ordinary X-ray photograph the uniformly
distributed exposure by the scattered rays  does
indeed spoil the radiation contrast, but in the photo-

. graphic contrast partially makes up.for that effect,
by shifting all the amounts of radiation to a more
favourable part of the density curve.

This need not, however, prevent us from elimi-
nating the scattered rays, because, in order to reach
the most favourable part of the density curve, there
' are other means available, which have no such
prohibitive drawbacks. In principle, the essence of
these methods lies' in an increasing of the quantity
of the primary radiation itself, so as to obtain the
original blackening.

Increasing the quantity of primary radiation

The quantity of primary radiation can be most
simply increased by lengthening the exposure time.
If 'the scattered radiation Is is entirely:eliminated
and the intensity Ip of the primary radiation re-
mains unchanged, the total radiation is decreased
by a factor /p/(/p Is). In order, therefore, to ob-
tain the same blackening density, the exposure time
must be increased by the factor 1).

In an abdomen photograph, therefore, the expo-
sure time would have to be four to five times as
long.

Actually, in almost all methods of eliminating
scattered radiation, on the one hand also Ip is
decreased and on the other Is is not reduced exactly
1) If we assume, for the sake of simplicity, that the blackening

is determined entirely by the quantity, of radiation. This
is a slight deviation from the actual fact. (S chwarz s child
effect.)

to zero. If we denote the intensities, to .which the
primary and the scattered radiations are reduced,
by and ./.; respectively, the required factor of -
increase of exposure time becomes:

I
P

Ip ± is '

When sO-called Potter-Bucky diaphragms are
used to eliminate scattered radiation, which we
shall presently discuss in detail, B is called the
"Bucky factor".

We have already alluded to the fact that, in-
creasing the exposure time in .the case of moving
objects increases- the lack' of definition, due to the
movement. It is possible" to' retain .the "original
exposure time and instead: 1) increase the iniensity
of the primary radiation' by expandirig the area 'of
the foCus of the X-ray tube, or 2) nse.more,sensitive
intensifying screens, at 'the front and back of the
X-ray" filni, in order to convert the primary X-radia-
tion into a forni of radiation 'more fairourable for
the blackening. By -the ',first method, the :geome-
trical blurring (width . of .:,the half -shadow caused
by the finite .focus .width)is increased,- whilst the
second is accompanied, by a greater blurring due to
the screens, since more sensitive screens give in
general a poorer definition 2). Thus in any case
part of the definition must be sacrificed. The best
course to follow is determined by the so-called
uniformity condition, i.e. the three components of the
blurring (that caused by the moving of the Object,
that dile to the screen and the geometrical blurring)
should be approximately equal.

There is ,also another possibility of compen-
sating for the loss of intensity; caused by eliminating
the scattered radiation, namely by increasing the
voltage on the X-iay tube, thereby obtaining a
more intensive but, also particularly, a harder
radiation, which .is less 'attenuated in the patient's
body, so that much more radiation reaches the -
film. Although it is true that, in consequence of this
reduhed attenuation of the primary rays, a somewhat
reduced radiation contrast is obtained, usually the
gain in contrast for the total radiation, resulting
front the removal of the scattered rays, more than
compe,nsates for that.

Review of the methods of eliminating scattered
radiation '

When discussing the different methods of counter -

2) For an explanation of this see for example Philips Techn.
Rev. 5, 266, 1940. It is in any case assumed, that the highest
possible value permissible in connection with the focus
temperature. is chosen for the tube 3;oltage,. which ii one
of the factors determining ,.the X-ray intensity.-
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acting scattered radiation and comparing them with
each other, we must have a measure, by which to
express the value of a method quantitatively.
The attenuation factor for the scattered rays,
which we shall call S (S. = .1; lIs), is not suitable
for the purpose, because if S is small, but at the
same time the primary radiation is also very much
attenuated (attenuation factor P = 4'14), the
method has little or no _value. The requirement is
rather that the scattered rays should be much more
strongly attenuated than the primary radiatidn,
in other words, that the method should have a
selective attenuating effect on the scattered rays.
The value of a method can therefore be judged
according to the ratio PIS = E, the so-called selec-
tivity, which was first introduced by de Waard
The larger E, the more closely the ultimate object
is approached. At the same time, however, there is
the condition, that P itself may not be very much
smaller than unity, since a large loss of direct radia-
tion necessitates a further increase of the exposure
time (in addition to the already mentioned increase
necessary as a result of -the elimination of the
scattered radiation).

a C

Fig. 3. Three simple methods of limiting the scattered rays.
a) Reducing the size of the field by means of a diaphragm

D. There are then many Piiintl5 Q in the body, which contri-
bute less to the scattered radintion.

b) Pushing aside as' uch body tissue as possible by corn-,
pression. The method can best be combined with that of c).
- c) Increasing the distance between patient and film. In
the position C of the film it is, struck by all the scattered
radiation from Q within the solid angle AQB; in position C'
only by the scattered radiation within the angle A'QB'.

Apart from the selectivity, there are also other
factors', which are not so easily expressed in nuin-
hers and which are' likewise of importance in esti-
mating the usefulness of a method for counteracting
the scattered radiation. These factors will be dealt

3) R. H. de Waard, Fortschr. Rontgenstr. 49, 415, 1934
and 50, 606, 1934.

with, as they arisein the discussion of the different
methods.
ok
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Fig. 4. Influence of the size of the field on the scattered radia-
tion. With the help of a. phantom P, consisting of "Philite",
with a total thickness of 16 cm and intermediate layers of air
totally 5 cm in thickness; a stomach examination was imi-
tated, while the intensity of the scattered radiation was deter-
mined with a Hammer thimble dosemeter H for different
openings of the square diaphragm 13, at 100 kV tube voltage
.(DC Voltage with a ripple of 30 kV) and 30 mA tube current.
The scattered radiation, in percent of the direct radiation, is
plotted, as a function of the area of the diaphragm in cm2.

1) Limitation of the size of the field

The amount of scattered radiation increases
with the size of the mass of tissue, exposed to the
primary beam, since each particle- of this mass plays
its part. Sometimes, a very considerable diminution
of the scattered radiation can be obtained, by chosing'
the primary .beam 'of rays no 'wider, i.e. the field,
irradiated no_ larger, than is absolutely necessary
for the examination (fig. 3a). Fig. 4 shows, how the
scattered radiation depends upon the size of the
field in the case of a stomach examination (imitated
for the experiments by the irradiation of a so-called
"phantom" made of "Philite"). The reduction of the
field has no effect on the intensity of the primary
radiation, thus ,P = 1. The selectivity E is therefore
in this case equal to 1/S, the reciprocal of the atten-
uation factoi for the scattered rays. Fig. 5 indi-
cates the selectivity of the field -reduction method,
relative to a field of -35 x 35 cm, where E is set
equal to 1.

2) Compression

The mass of tissue, through which the primary
radiation has to 'pass, can sometimes be further
reduced, by local  compression of the patient's
body, pareof the tissue, being pushed to one side
(fig. 3b). This" method is .particularly important
in the examination of the abdomen. It only helps
of course when, according to method 1), the field
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c has been limited to the compressed part and when
actual parts of the tissue are pushed aside out of the
field irradiated; pressing the air out of organs filled
with air has no effect, since it is not the volume, but

0 10 20 30 40cm

Fig. 5. The selectivity L. (ratio between the, attenuation factor
for the direct radiation and that for the scattered radiation)
of the method of reduction of the field. The reference field was
35 cm -square. Same set-up as indicated in fig. 4. _

the ma'ss radiated, which determines the amount
of scattered radiation. The advantage of this
method is only fully realized, when it is combined
With the following method.

3) Increasing the distance between film and object

If the film is placed not directly behind the object,
but at some distance from it, it is withdrawn from
the influence of a part of the scattered radiation,
as may be seen from fig. 3c4). If the film is at C,
all the scattered radiation from the point Q, within
the angle contained between QA and QB, reaches
the film; witlithe film at C' the angle, now between
QA' and QB', is much smaller. The selectivity of
this method is better, the smaller the field chosen.
This may be seen from fig. 6, where the selectivity,
measured in experiments with the same phantom
as used for fig. 4, is plotted as a fuhction of the
distance betweeh film and object, for a large and
for a small field.

A great objection to this method is, that an increase
of the distance betWeen film and object results in a
rapid increase of the geometrical blurring. If, for
example, the patient's body is 20 cm thick, then
with a distance 10 cm between film and patient the
geometrical blurring ug of a point in the centre
of the patient's body is twice as great, as that with

4) H. L aur ell, Acta Radiologica, 12, 574, 1931:

immediate contact between film and patient.
Since the other two components of blurring, men;
tioned in the foregoing, remain the same, when we
disregard for the present the increase in exposure
time necessary, due to the decrease in the total
intensity . of radiation, the increase in the total -

blurring is smaller; in the example given, it amounts
to about 30%. In fig. 7 the geometrical and the total
blurring are plotted as functions of the distance
betweenl film and object, for a normal stomach
examination, with a focus width of 2.0 mm (full -
line curves). The broken lines indicate analogous
curves for the smaller focus width 1.2 mm and the
necessarily longer exposure --dole. It may be seen,
that with large distances between film and- object
the latter curves become more favourable, because
the geometrical blurring, which then constitutes
the 'major part of the total blurring, is less.

It may therefore be concluded, that the method
discussed here is only suitable, when an X-ray tube
with a small focus but with a high permissible load
is used.

4) Filters
-

A certain attenuation of the scattered radiation
can be obtained, by placing between patient and film
a plane foil of some kind of highly absorbent metal,
for instance copper or tin. The scattered rays pasd
through' the foil for the most part obliquely, and
thus cover longer distances in it, than the primary
radiation. Moreover, the scattered radiation, is
somewhat softer, but with the normal tube voltages,
used diagnoitics, this is not of much importance.
In order_to obtain any effect, the filter must be made

z

6

oo

H

10 20 30 cm

Fig. 6. The selectivity L' of the method of increasing the
distance between patient and film. The measurements were
carried out with the same arrangement as that of fig. 4. Along
the abscissa is'plotted the distance from the phantom to the
dose -meter. Curve I is for a field of 30 x 30 cm2, curve //
for 8 X 8 cm2, on the tube side of the phantom.
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rather thick and this weakens also the primary
'radiation very much.. For a selectivity of only 2,
for example, the filter has to be so thick, that the

mm
1,5

1,0

0
cm

Fig. 7. The geometrical blurring us and the total blurring u,,
as functions of the distance in cm between patient and film,
for a point in the middle of patient's body 20 cm thick. It is
assumed, that there is a blurring due to the intensifying screens
of 0.4 mm and a blurring due to movement of 0.3 mm for the
full -line curves and 0.5 mm, for the broken -line curves. The

' full -line curves are for a focus of 2.0 mm width, the broken -
line curves for one of 1.2 mm. (The fact, that the broken -line
curve u; crosses the, analogous full -line curve, is due to the
uniformity condition on the left of the diagram, being approxi-
mately satisfied in the case of the full -line curves, and not _
on the right, while it is just the reverse in the case of the
broken -line curves.)

-
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intensity of the primary beam is reduced to 20%.
In general, therefore, the eniployment of this method
Offers little advantage in diagnostics 5).

5) Method of slit diaphragms

A very effective method is ; that sketched in
fig. 8 6). A slit diaphragm, with a slit of at most a
few centimeters in width, is placed above and below
the patient. The slits are .moved along the patient,
M a direction perpendicular to the slit, in such a way,
that the lower slit allows the beam to pass; which has
just passed through the upper slit: The adjacent
parts of the object are thus exposed successively
and the effect is the same, ai if 'a number of photo-
graphs were made with a very narrow field, according
to the principle of fig. 3a.

By making the slits narrow enough, the amount
of scattered radiation can be reduced to any desired
low value. A serious objection to the method,
however, is the fact that 'the slits must move so

6) To a small extent the filter effect is also obtained by the
absorptfon of the intensifying screen placed in front of the

-film (see above). The filter method shows to better advan-
tage and is therefore frequently applied in the technical :7) This effect is entirely analogous to the familiar distortion
examination of materials (rather than for diagnostic) where effect, which can be obtained upon photographing rapidly
usually much higher, voltages are used. . moving objects, such as race -cars, with a camera with slit

6) Ch a Tar aine, Rontgenpraxis 11, 37, 1939. - shutter.

slowly, that each strip of the film receives just as
much radiation as in an ordinary exposure. The total
exposure time is thus increased in the ratio of the
width of the film to the width of the slit., This does
not, of course, in itself lead to greater lack of
definition due to movement, but the different strips
of the object are photographed at appreciably
different moments, so that the contours of rapidly
moving organs, such as 'the 'heart or stomach, are
seriously distorted 7). Moreover, owing to the longer
total time of exposure, the X-ray: tube may not be
loaded so heavily (for instance only by one half the
power, which can be used for very short times),
so that the exposure time for each strip has to be
longer than for an ordinary photograph, which thus
does, indeed, lead to an increase' in the .blurring.

Fig. 8. Method of slit diaphragms.
The two 'slits in the diaphragm
L, and L, are moved along .the
object in such a way, that all parts
of the latter, are successively -pro-
jected on to the film C. Thanks
to the strict limitation of the field,
each part of the film receives only
little scattered radiation.

6)' The Potter-Bucky diaphreigm

One of the most important aids in counteracting
scattered radiation is the Potter-Bucky dia-
p hr a gm. In its simplest form it consists of a number
of thin strips of lead, standing on their narrow edges,
and placed in such a way between- patient and film,
.that, seen from the position of the focus, each strip is
. as narrow as possible, see fig. 9. The scattered rays,
in as far as their .direction- is not at too small an
angle to that of the primary rays, strike the lead
lamellae and, are thereby very, much attenuated.
.The primary rays on the other hand, thanks to the
.focussing effect of the lamellae, are allowed to pass
quite freely except, where they strike the narrow
edge of the lamellae, and except for a slight atte-
nuation by' the. material between the lamellae.
In order to preserve the distances between the
lamellae and keep them, in the correct position, they
are placed in a filling material, like wood, organic
synthethic material or in some cases a light metal,
which is 'readily permeable for X-rays.

The .value of this method is illustrated in: fig..io
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by four photographs of a special object with and
without a Potter-Bucky diaphragm.

Because of its practical importance and the not
uninteresting particulars of the technique of this
method, we shall now go somewhat deeper into the
subject of the Potter- Bucky diaphragm.

Fig. 9. Diagrammatic representation
of a Pot t er-Bucky diaphragm. The
lead lamellae 1 standing on their
narrow edges and embedded in a fil-
ler, which absorbs only little X-radia-
tion are so placed with respect to the
focal spot F that the rays from the
latter in their passage to the film C
strike as much as possible of the open
space between the lammelae. The
scattered radiation from any point Q
on the other hand is in most directions
opposed by one or more lamellae.

Closer consideration of the Potter-Bucky diaphragm

Movement and focussing, of the lamellae

In order to prevent the lead lamellae from produc-
ing disturbing shadow stripes in the X-ray photo-
graph, the diaphragm is moved during the exposure
in the direction perpendicular to the lamellae. The
distance, over which the diaphragm must be moved,
to render the shadows of the lamellae so faint as to
be invisible is smaller the finer the diaphragm. In
fluor oscopy, a continuous rapid movement of the
diaphragm would be necessary to prevent shadow

stripes on the image. Since, however, the fluoros-
cope screen itself causes considerable blurring of
the image, diaphragms with sufficiently fine
lamellae (the so-called fine -grid diaphragms with a
lamellae separation of 0.5 mm or less) can be used
stationary for fluoroscopy, without the stripes
being disturbing.

It should be noted, that even with a moving
diaphragm stripes may still appear on the X-ray
photograph, namely when an X-ray apparatus
with pulsating high -voltage is used, and when the
frequency of the pulsations of the high voltage and
the frequency with which a point of the film is
shielded, owing to lead lamellae being passed at
regular intervals, occur, in respect to each other,
approximately in the order of whole numbers. By a
suitable choice of the velocity of the motion this
"stroboscopic" effect can be avoided.

In the case of a plane grid of lamellae, it will
be moved in its own plane perpendicular to the
direction of the lamellae. The diaphragm is then
accurately "focussed" at its centre position, see
fig. lla. If the movement amounts to only a few
centimeters to the right and left, the deviation of
the focussing at the two extreme positions is not
serious.

There are two methods of construction of dia-
phragms in which the lamellae always remain
focussed, even during motion. In the one case, the
lamellae are not placed on a flat plane, but along

Fig. 10. X-ray photographs of a lead and an aluminium strip on a block of paraffin. a)
The strips lay on the side of the block closest to the X-ray tube; the shadow picture is
quite spoiled by the scattered rays. b) The strips lay between the block and the film;
the shadows of the strips are now sharp. since the scattered rays, which arise in the paraffin
help, as it were, to cast the shadows. The structure of the paraffin block itself, however,
remains practically invisible, owing to the scattered radiation. c) The same as (a) but now
with a moving Po tt er-B uck y diaphragm and the same exposure time. The two strips
are sharp, but the picture is under -exposed. d) The same as (c) with an exposure time
three times as long. Here, due to the limitation of the scattered radiation, the structure
of the paraffin, characterized by numerous air bubbles, is also visible.
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describing lines on the surface of a horizontal cylin-
der, whose axis passes through the focus (fig. llb)
and which can rotate about its axis. The disad-
vantage of this cylindrical diaphragm is, that a
fairly large distance is necessary between patient
and film, which increases the geometrical lack of
definition, a disadvantage which also occurs with
the plane diaphragms, although to a smaller
extent, and which necessitates making the dia-
phragms as thin as possible. In the case of the second

F Fll

7 -

a

Dimensions of the lamellae

In order to be able to give some guidance for the:
choice of thickness, height and distance between
the lamellae, the action of the P otter-Bucky
diaphragm must be considered in rather more detail.

. For the sake of simplicity, we shall confine ourselves
to, the consideration of a plane diaphragm with
parallel, vertical lamellae, seefig. 12.

The part of the priniary radiation Rp, falling be -

F

1 v.",aiiiI IoC

%r72
46916

Fig. 11. Three forms of moving Potter-Bucky diaphragms. a) Lamellae in one
plane with movement of the whole in that plane. In the position to the right or left the
lamellae are focussed toward points F' and F" respectively, instead of the focus F. The
primitry radiation from F is therefore more attenuated at those moments than when
they are in the intermediate position. b) Lamellae mounted on the surface of a cylinder
whose axis passes through the focus, with a swinging motion around this axis. The lamellae
are alwais in the correct position. c) Lamellae placed radially in the same plane as in (a),
about' an axis of symmetry through the focus F about which the whole can rotate. The
lamellae are always in the correct position.

method of construction with permanent focussing,
the lamellae are placed in the same plane as in
fig. 11a, but radially, with the axis of symmetry
through the focus, instead of parallel to each other
(fig. lle). During the exposure, the diaphragm
rotates about that axis. A disadvantage, in this case,

- is that a white spot appears on the photograph at
the position of the axis of rotation. An advantage,
on the other hand, is that the diaphragm is suitable
for every distance from the focus. The cylindrical
diaphragm is, of course, only to be used for one dis-
tance, and the same is true of the simple plane
diaphragms with parallel lamellae (even in the
stationary condition). This distance is usually
from 70 to 100 cm. In the case of the plane dia-
phragm, where a slight defocussing occurs in any
case -upon movement, small deviations from this
distance are permissible; the transmission for the

'primary rays is then smaller at the edges than in the
middle.

tween the lamellae, is transmitted almOst without
any weakening. But also a more or less large part
of the oblique scattered rays R, is passed unweak-
ened, if the angle a with the primary rays is smaller,
than the limiting angle ag. With larger values of
the angle a, the scattered rays would be entirely
cut off, if the lead lamellae were absolutely imper-,
meable for them. The transmission of the diaphragm,
as a function of the angle of incidence of the rays,
would then be as represented by curve I in fig. 13a.
Actually, the lead lamellae may not be considered
as entirely impermeable, especially as they may be
very thin. With angles a > ag, therefore, scattered
radiation is indeed transmitted, though very much
attenuated. The larger the angle of incidence, the
,more lamellae are struck by the radiation; the path -
in each lamellae, however, becomes shorter. The
result is, that the scattered radiation transmitted at
a > ag first decreases slowly with increasing value
of a and then more rapidly. This can be represented
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diagrammatically by curve II in fig. 13a. This
curve will, of course, also depend very much
upon the tube voltage used, since the 'absorption

e L

in the lead decreases rapidly with increasing hard -

Fig. 12.,Simplified Potter-Bucky diaphragm. Beams of
rays striking the diaphragm at different angles are attenuated
to different degrees. At angles larger than the limiting angle a,
no ray can pass through the diaphragm without attenuation.

ness of the rays. In fig. 13b the measured trans-
mission of a fine -grid diaphragm is given for two
different tube voltages. It may be seen, that these
curves are not actually so smooth as the theoretical
curve in fig. 13a, and, that they show slight maxima
and minima.

From the curves of fig. 13, it is possible to deduce
the selectivity E, to be obtained with a P ott er
Bucky diaphragm. In this case, the selectivity can
be set equal to the ratio between the transmission
for the primary rays (a = 0) and the average
transmission for the scattered rays (a 0). A
measure of the latter is simply the area of the
surface below the transmission curve (cross
hatched in the case of curve II in fig. 13a). Thus
the smaller this surface the greater the selectivity 8).

The surface below the curve becomes smaller,
according as the limiting angle ag is smaller and the
more or less horizontal part of the transmission
curve lies lower. Calculation shows, that the height
of the flat part is determined -by the amount of
lead used per square cm of surface of the diaphragm,
regardless, whether that lead is used in the form of
thick or thin, high or low, many or few lamellae.
Much lead and small limiting angle (high lamellae
with narrow, spaces between) are thus favourable
for selectivity. But, as already stated, the trans-
mission for the primary rays may not be reduced
2) This is not strictly correct. It would only he true, if the

scattered radiation were distributed spherically sym-
metrically, arid thus the intensity of the scattered
radiation falling on the diaphragm were the same from all
directions. Actually, the intensity of the scattered radiation
in the forward direction (small value of a) is the greatest,
so that the attenuation of the scattered rays at larger
angles a is of less relative importance and the actual
selectivity becomes smaller than that calculated on the
assumption, that all parts of the crosshatched area are of
the same value. For simplicity's, sake, we will adhere to
this -assumption;' the discrepancies have no effect on the
validity of the conclusions to be drawn.
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too much. In order to make more precise conclusions
possible, we have calculated the transmission curves
for several configurations of lamellae at a tube
voltage nf 105 kV, and they maybe seen in fig. 14.
Fig. 14a refers to the same type of diaphragms,
as that with which the measurements 'of fig. 13
were made. The transmission curve is identical
with curve:// in fig. 13a. The selectivity calculated
from this is. E = 6.3 and the transmission for the
primary radiation 72%. In fig. 14b the thickness of

' and distance between the lamellae are halved. The
amount of lead has thus remained the same, but

the limiting angle is half as large. The selectivity has
. now risen to 7.8, while the transmission for the
primry rays remains unchanged at 72 %. The
greater the subdivision of the lead lamellae the
greater the selectivity. In the case of the diaphragm

. of fig. 24c the distance between the lamellae and
their thickness are the same as in a, but their height
has been doubled. The limiting angle is thus equal
to that in b but, thanks to the doubling of the amount
of lead, the selectivity is; considerably improved, to'
E = 17.- The transmission for the direct radiation
is slightly decreased, to 68%, due to the greater
attenuation in the material between the lamellae
(thicker layer). From the above it follows, that
diaphragms a and b do not by any means represent
the most favourable possibility for 105 kV, but that
more lead is desirable for that voltage; forlower vol-
tages, however, a and b may be quite suitable. In this
way, for every tube voltage, the minimum amount of
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-40° -20° 0 20°
- .

80%
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-80° -60 _400 -20°

40 60 *a X°
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Fig. 13. The transmission of a Potter-Bucky diaphragm
according to fig. 12, in percent, as a function of the angle a
between the beam in question and the primary beam. a) Cal-
culated for an extremely soft radiation ("zero" kV, complete
absorption in the lead, curve I) and a hard radiation (105 kV,
curve II). b) Measured, for a diaphragm with the same limiting 
angle a, (ideal curve I), at 80 kV and at 105 kV. The total
area, below each curve, is a measure of the amount of scattered
radiation. - -
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lead can be calculated, which a scattered ray dia-
phragm should contain. The condition, thus deduced,
is always easily satisfied in the case of coarse dia-
phragms, where the lamellae must be rather high
in order to obtain a sufficiently small limiting angle. 
In the case of fine diaphragms, however, this condi-
tion must certainly be taken into account. Given a
certain amount then, according to the above, the
rule for increasing selectivity is, that the lamellae
should be as thin as possible. The extra advantage
is then obtained, that the disturbances due to stripes

ag

a

150%

phragm is used, the field irradiated can always be
made as small as possible. In connection with the*
method 'of compressing the tissue, it has already
been stated, that a combination with the method

100%

ag

i00%

---- --0 20 60 80- -40 -23 0 40 W E0 -60. -40 -20. 0 2T 400 60°-tea-4- a - -3. a

Fig. 14. Diagram of the form and spacing of the lamellae for three different Pott er-Bucky
diaphragms, and:corresponding transmission curves for 105 kV. While a) and b) do not
differ very much in quality, diaphragTn c) proves to be considerably better. The calculated
selectivity L' is for a) 6.3, for b) 7.8 and for c) 17, while the primary radiation is attenuated
to 72, 72 and 68 percent respectively.

on the picture are less troublesome and easier to
avoid. A limit is set to the reduction in'the thickness
of the lamellae mainly by difficulties in constructing
the diaphragm.

Concluding remark

It is of importance for practical application to
note, that none of the methods considered, is able
to eliminate the scattered radiation entirely, but
that, on the other hand, most of the methods can be
used in combination with each other to obtain
better results than with one alone. Thus, for
example, even when . a P otter -B ucky dia-

of increased distance between object and film' is
desired. The method of the two moving slits can
very well be combined with the application of the
P otter -B u cky diaphragm, with the lamellae
perpendicular to the direction of the slits, etc.
Having regard to the drawbacks attaching to some
of the methods, such as possible stripes with the
P otter -B ucky diaphragm, increased blurring,
when increasing the distance between object and
film, distortion with the moving slits, etc., the doctor
must decide from case to case, which combination of
methods for eliminating scattered radiation is most
suitable.
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A description is given of a superheterodyne receiver for frequency -modulated signals, which
forms part of an experimental ultra -short-wave radio telephony link on wave lengths in
the neighbourhood of 1 m. This link was designed for the simultaneous transmission of
48 calls ("channels") and is therefore able to handle modulation frequencies up to
about 200 kc/sec. The most interesting detail of the receiver is the push-pull
mixing stage, equipped with triodes, which is made self -oscillating by introducing, in
addition to the normal symmetric push-pull input circuit tuned to the signal frequency,
an "asymmetric" input circuit tuned to the local oscillator frequency, which is generated
in the same circuit as a consequence of the coupling between anode and grid circuits.
As no separate oscillator valve is necessary, an appreciable part of the fluctuation noise is
eliminated. As a consequence of the favourable properties of the mixing stage, as far as the
noise is concerned, a high -frequency amplifier stage would give only little improvement in
the ratio between intensity of signal and noise. The receiver, therefore, does not possess
a high -frequency amplifier stage. The provisions for automatic volume control, usually
found in receivers for amplitude -modulated signals, could also be omitted in this frequency -
modulated receiver, thanks to the large suppression factor of the limiter.

A new transmitting -receiving apparatus has
been developed for the experimental ultra -short-..
wave radio -telephonic link between the Philips fac-
tories in Eindhoven and those in Tilburg, which
link has been in existence for a number of years
already. After having described the transmitter in a
previous. article 1), we shall now discuss the receiver.
For the convenience of the reader we shall repeat
briefly the most important facts about the instal-
lation. For the connection in one direction a wave.
length of 90.5 cm is used, in the other direction
99 cm. The transmitter and receiver function as
link in a carrier telephony system with which 48
channels can be transmitted at the same time on
one pair of conductors (in this case, on one radio
wave). For this purpose both the transmitter and
the receiver must be able to handle modulation
frequencies up to about 200 kc/sec. ,For this link
frequency -modulation is employed. The maximum
frequency swing, i.e. the largest deviation of the
frequency emitted, compared with the average
transmitter frequency (332.1 Mc/sec for one direc-

.

1) A. van Weel, Philips Techn. Rev. 8, 121, 1946.

tion, 303.0 Mc/sec for the other), amounts to 0.6
Me/sec.

General construction. of the receiver

The receiver winks on .the superheterodyne
principle. A block diagram of the most important
parts is given in fig. I. The signal received by the

L
06702

MV LV
K

Fig. 1. Block diagram of the receiver; A aerial, M mixing stage,
MV intermediate -frequency amplifier, B limiter, D frequency
detector, LV low -frequency amplifier, K cable to the carrier -
telephone' apparatus.

aerial is applied to a mixing stage where the signal
frequency is converted' into an intermediate fre-
quency of 18 Mc/sec. The converted signal is ampli-
fied and then passed through' a limiter, the function
of which is to suppress any amplitude modulation
which may be present, especially the noise which
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occurs in that form 2). The output of the limiter
is detected and the low -frequency signal obtained is
amplified and then passed through a cable to the
apparatus for carrier telephony in the, telephone
exchange, where the 48 channels are split up and
can be connected with the corresponding subscribers.

In principle this construction of the receiver does
not differ from the normal receiver for frequency -
modulated signals. However, it will be noted that
there is no high -frequency amplifier stage preceding
the mixing valve. Such a stage is in general desirable
to improve the ratio between the intensity of the
signal and that of the noise. In our case, however, the
mixing stage has such good properties, as far as
noise is concerned, that the addition of a high -
frequency amplifier stage could have produced
only a very small improvement. That stage could
therefore be omitted, which meant a considerable

.

simplification of the receiver.
In the following we shall discuss mainly the design

of the mixing stage, while the other parts of the
receiver will only be considered briefly.

Principle of the mixing stage

Mixing in triodes
The familiar multigrid mixing valves, generally

employed for the conversion of signals on wave-
lengths longer than about 10 m, are no longer suit-
able for wave lengths of about 1 m, their special
advantages being lost in this case because: 1) the 
shielding effect of the various screen grids has prac-
tically no result, since, due to the self -inductions and
mutual inductions of the internal leads to these
screen grids at these high frequencies, it is prac-
tically impossible to keep the grids free of high -
frequency voltage variations; 2) the high internal
resistance of 'the multigrid mixing valves, seen from
the intermediate -frequency circuit, means no advant-
age because, to amplify the large frequency band-
widths required, heavily damped circuits have to
be used. On the other hand the disadvantage of all
multigrid valves - the occurrence of the so-called
distribution noise caused by fluctuations in, the
distribution of the cathode current over the various
current carrying grids - is the same with short
waves as with longer waves. In the ultra short wave
region, therefore, diodes or triodes are used as
mixing valves.

The advantage of a diode mixing stage lies in the
high input impedance, which makes a high step-up
ratio of the signal delivered by the previous stage.
However, the conversion amplification; i.e. the ratio

2) See for example Th. J. Weyers, Philips Techn. Rev. 8,
42 and 89 1946.

between the intermediate output voltage and the
high -frequency input voltage, cannot exceed unity.

When a triode is used as a mixer the input impe-
dance is smaller than with a diode. On the other
hand the conversion amplification is in general
considerably larger than unity.

Further, it has been found from theoretical inves-
tigations 3) that here a good ratio can be obtained
between signal intensity and noise. 'These facts,
together with another important advantage which
will be discussed farther on, led us to employ
trio de mixing in the receiver in question. 1 .

Mixing in a triode is in principle accomplished
by applying to the grid of the triode, together with
the high -frequency signal voltage, a second voltage
from a local oscillator (usually indicated briefly
as the "local oscillator voltage").

The anode current then contains an intermediate -
frequency component (difference of the frequencies of
the two voltages mentioned), and by introducing.
in the anode circuit a circuit tuned to the inter-
mediate frequency the desired intermediate -fre-
quency output voltage is obtained.

At the high frequencies with which we are dealing
here it is in general an advantage to construct
amplifier and . mixing stages on the push-pull
principle 4). The following general rule is then valid:
of the three *voltageS occurring in a mixing stage,
namely high -frequency signal voltage, local oscil-
lator voltage and intermediate output voltage, two 
must always be in push-pull, while the third has to
be in the same phase for the two mixing system's.
Because of the symmetrical dipole aerial it is rea-
sonable to apply the high -frequency signal in
balance to the convertor valves: We now apply
the equal -phased local oscillator voltage in the same
sense to both valves and then obtain the inter-
mediate frequency voltage in balance again. In
that way we arrive at the diagram sketched in
fig. 2, showing the principle of a push-pull mixing
stage with two triodes. The connection of -the
anodes with the intermediate -frequency circuit
and the,source of anode voltage are omitted -tempo-
rarily for the sake of simplicity. Between the con-
trol grids there is a circuit L1- C1 tuned to the signal
frequency, which is inductively coupled with the
aerial. In this way an e.m.f. in the aerial gives rise
to grid a.c. voltages which are equal in magnitude

3) See A. van Weel, thesis, Delft 1943.
4) See in connection with this and the following: M. 1. 0.

Strutt and A. van der Ziel, The diode as a frequency -
changing valve, especially with decimeter waves, Philips
Techn. Rev. 6, 285,1941. In that article will be found expla-
nations and the literature about the properties of valves
on decimeter and meter waves, which have merely been
mentioned in the above.
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but opposite in phase for the two triodes (thus -
balanced). Between the middle of the circuit self-
induction L1 and the earth point (i.e. the chassis)
there is an oscillator for the auxiliary voltage, so

or

zr,1
//// /////////, /././////

f.5703

.Fig. 2. The signal from the aerial is applied to the grids of the
two triodes of the push-pull mixing stage by inductive cou-
pling with a tuned push-pull input circuit (L1 -C1). The' auxi-
liary voltage (oscillator voltage) delivered by the local oscil-
lator Q is applied to the grids in equal phase. The "asym-
metric" circtit can be tuned to the oscillator frequency by an
impedance L. The intermediate -frequency circuit to be con-
nected, between the anodes is here omitted for the sake of
simplicity.

that the latter comes in equal phase between the
grids of the two triodes and the cathode, which are
connected with the earth point. "

Separate tuning of the oscillator circuit

With such connections it is often found to be
difficult to obtain a sufficiently high auxiliary vol-
tage on the mixing valves, due to the fact that the
asymmetrical circuit (earth point - oscillator -
circuit self-induction - grid -cathode capacities
of the valves - earth point) is not in general tuned

'to the oscillator frequency. This tuning can, how-
ever, easily be realized by including a tuning ele-
ment somewhere in the circuit. Since the push-pull
circuit, tuned to the signal frequency, may not be
affected by this second tuning, the tuning element
should be included in a part of the circuit through
which no balanced currents flow. In fig. 2 the ele-
ment in question is shown with a dotted line.

It is perhaps advisable to place some emphasis
on the principle applied here: to the input electrodes
of two valves in push-pull connection two independent
circuits tuned to different frequencies can be. connected,
viz. as push pull circuit and an asymmetric circuit.
The separate tuning of each circuit can be varied
with the help of circuit elements through which
flow, respectively, only balanced currents or only
equal -phased currents.

Excitation of the auxiliary .voltage by the mixing
connections themselves

In order to eliminate the objection of the above -

mentioned low input impedance of the triodes at
high frequencies, back -coupling is employed in the
asymmetrc circuit. This causes a reversal of dam-
ping in that circuit or, in other words, an increase in
ale input impedance of the valves and with it an
increase of the auxiliary voltage obtained on the
input electrodes.

If the reversal of the damping is made large
enough (the back -coupling strong enough) the cir-
cuit itself begins to oscillate, and it oscillates at
the frequency. to which the asymmetric input ,ciT-
cuit is tuned, i.e. the frequency of the auxiliary
voltage.

A separate oscillator is then not needed for the
excitation of this auxiliary voltage. As far as the
conversion effect of the triodes is concerned it
makes no difference ,whether the auxiliary voltage
between grid' and cathode comes from a separate
oscillator or whether it is excited by the triodes
themselves. The mixing action is determined ex-
clusively by the magnitude of the auxiliary voltage
and the non -linearity of the is -vg characteristic.

The back -coupling mentioned in the case of a
triode can be obtained in the familiar way by con-
conecting a self-induction between the anode and
the cathode. .

This can be understood most easily by writing the equations
for the scheme shown in fig. 3. If for the sake of simplicity we
disregard the internal resistance of the valVe these 'equations
are as follows:
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While with short-circuited self-induction L the triode, as an
element of the input circuit, can be replaced by the capacities
Cgh and Cog connected in Parallel, it may be seen from the
last equation that by the intermediate connection of the self-
induction the equivalent connections become a connection in
parallel of Cgk with L and Cog in series and a negative resis-
tance. The latter causes the desired increase in the input impe-
dance of the valve, since ,the admittance ig,ivg is lowered by
that term.
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Fig. 3. Back -coupling of a triode via the grid -anode capacity
Cos and a self-induction L in the anode circuit of the triode.
The total grid current composed of the two parts is, and
in, of which only iv is important for the back -coupling.
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In the push-pull mixing stage the self-induction
is introduced in the manner shown in principle in
fig. 4. The equal -phased circuit, which is tuned to
the desired oscillator frequency by means of the
variable impedance Z, is now so strongly regener-
ated by the self-induction L2 as to cause oscillation.

Fig. 4. The "asymmetric" input circuit of the push-pull mixing
stage is regenerated by the self-induction L2. The push-pull
input circuit can be regenerated quite independently by the
self-induction L3.

It must be pointed out that the push-pull circuit
can also be regenerated in a similar manner. For
that purpose the two self -inductions L3 shown with
dotted lines in fig. 4 have to be placed in the anode
circuit. In this way it is possible to obtain a stronger
excitation of the signal, delivered by the aerial, and
thus a better relation between signal and noise 5).
The degree of back -coupling can be chosen different
for the push-pull circuit and for the asymmetric
circuit, but L2 has no effect on the push-pull circuit.
This is important because the back -coupling for
the push-pull circuit may not, of course, be made
so great that oscillation. (with signal frequency)
occurs in that circuit.

The ratio of signal intensity to noise

The fact that a separate oscillator valve can be
omitted constitutes of itself a welcome simpli-
fication of the connections. Still more important is
the fact that an improvement in the relation between
signal intensity and noise is thereby obtained. This
can easily be explained. In the anode current of an
oscillator valve, as is the case with every valve,
there is a noise with a continuous frequency spec-
trum. The circuit connected with the anode circuit
of the oscillator valve, -Which .is tuned to the oscil-
lator frequency, acts as a kind of filter which passes
chiefly the oscillator frequencY but to a certain
extent also the neighbouring signal frequency and,
to a- smaller extent, the much lower intermediate
frequency. The components of the noise with those

5) A. van Weel, loc. cit.

frequencies 'are thus also applied more or less in-
tensely to the mixing valve as input voltage to-
gether with the oscillator voltage proper. The noise
at signal frequency is then also converted with
the signal, the noise at intermediate frequency is
directly amplified, and both therefore give rise to an
increased level of noise in the intermediate -fre-
quency output voltage of the mixing valve.

It is clear that with the omission of the separate
oscillator valve this extra contribution to the noise
is eliminated.

Choice of the intermediate frequency

The above -described effect of the noise of an oscil-
lator valve is strongei according as the intermediate
frequenc.y chosen is lower. This means that the
signal frequency lies very close to the oscillator
frequency, so that the component of the noise at the
signal frequency is passed by the tuned circuit of
the oscillator almost in full strength. From this
point of view, therefore, the intermediate frequency
should be as high as possible.

Although in our case, due to the omission of the
Oscillator valve and the noises inherent therein, this
consideration is no longer applicable, as far as the
choice of the, intermediate frequency is concerned
one reaches the same conclusion. In the above
considerations it was tacitly assumed that the
symmetry of the push-pull stage is complete, so
that the balanced and asymmetric circuits do not
affect each other at all. In practice there will always
be a certain asymmetry and consequently a cou-
pling between the two circuits. If, now, the charac-
teristic frequencies 'of the two circuits lie close
together (i.e. if the intermediate frequency is low),
the oscillation of one circuit causes resonances in
the other, with the further consequence of unequal
voltages on the two valves, etc. The intermediate
frequency may not, therefore, be chosen too low.
Upon closer consideration it is found that it should
amount at least to 1/20 of the signal frequency in
order to render the coupling in question harmless.
The receiver described here works with an inter-
mediate frequency of 18 Mc/sec; the condition just
given is therefore satisfied up to a signal frequency
of 360 Mc/sec, i.e. a wave length of 83 cm.

Complete 'connections of the mixing stage

In fig. 5 a diagram is given of the complete con-
nections of the mixing stage, while fig. 6 shows a
photograph of the stage when constructed.

To the gridi of the two button triodes used as
mixing valves a Lecher system is connected,
which together with' a condenser (C1) forms the
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push-pull input circuit of the mixing stage.
The capacities C2 serve only for separating the D.C.
voltage situation of the two grids. The desired rege-
neration of the push-pull input circuit is obtained
by the self-induction L3 introduced between the
anodes.

A N L

h D

self-induction, however, not only determines the
degree of back -coupling but also has an influence
on the frequency generated. This may be seen from
the equation derived in connection with fig. 3,
which indicates that L2 introduces not only a nega-
tive resistance but also a reactive component in the

00nS-

46,06

Fig. 5. Diagram of complete connections of the mixing stage. T triodes, D Lecher
system with sliding short-circuiting bridge K and tuning condenser C1, A aerial connection
with coupling loop L; L, and C5 back -coupling elements of the "asymmetric" input circuit,
in which C5 also serves for the fine tuning to the local oscillator frequency, L, back -coupling
element of the push-pull input circuit, C, -L, -L, -C, band filter for the intermediate fre-
quency amplifier. S high -frequency choke coils, C2, Cs coupling condensers.

The asymmetric input circuit of the mixing
stage is formed by the two conductors of the Lecher
system, which for this purpose are to be considered
simply as two separate impedances through which
rectified currents pass. This input circuit is closed
by the chassis, since the sliding short-circuiting
bridge of the Lecher system is connected directly
with the chassis. The back -coupling for the equi-
phased oscillation is accomplished by the self-
induction L2 connected to the middle of L3 (to which
has to be added the two halves of L3 to be considered
as connected in parallel). The magnitude of this

465.39

Fig. 6. The push-pull mixing stage with shielding cap removed,
showing the two button triodes T and the input Lecher
system D, the short-circuiting bridge K of which can be moved
by means of the projections k. In front of that system may be
seen the "loop" L, which can be varied with the projections 1
and which makes the coupling with the aerial cable and whose
middle point remains in connection with the earth point (the
chassis) by way of the middle conductor. To the right of the
button triodes may be seen the capacities and self -inductions
indicated in fig. 5, C3, C6, L,, L,.

equivalent connections for the valve. Since the
adjustment of the back -coupling is not very critical,
advantage can b3 taken of the influence mentioned
to regulate the oscillator frequency more exactly by
varying L2. Since, however, a continuously variable
self-induction is less easy to realize, for this pur-
pose a rotating condenser (CO is introduced in
series with L2.

The tuning of the push-pull and asymmetric cir-
cuits is now accomplished as follows. After L2 and
C6 have been so chosen that sufficient regeneration
has been obtained for the occurrence of oscillation
in the asymmetric circuit, that circuit is tuned ap-
proximately to the oscillator frequency, by moving
the short-circuiting bridge of the Lecher system.
By a correct choice of C1 the push-pull circuit is
then tuned approximately to the signal frequency,
while the fine tuning is obtained again by a slight
movement of the short-circuiting bridge, and the
fine tuning to the oscillator frequency is finally
obtained with C6. This rather laborious manipu-
lation constitutes no objection in our case, since the
receiver always remains set on the same wave length.
Finally, there is the intermediate -frequency circuit.
This consists of the self-induction L4 and the capa-
city C4. Between the triodes and this circuit the
high -frequency choke coils S are connected in order
to prevent the high -frequency circuits from being
affected by L4 -C4. Conversely, the capacities C3,
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which have a high impedance for the intermediate
frequency and a low impedance for the signal and
oscillator frequency, provide that the circuit L4 -CI
is not practically short-circuited by the small self-
induction L5.

Remaining parts of the receiver

The intermediate -frequency amplifier
consists of a number of stages with EF 51 valves.
The valves are coupled by band filters, but in one
stage connections are used like those described in
the article about the transmitter of this instal-
lation 1). By this means it was possible (as in the
case of the transmitter) to divide the receiver into
two parts in this stage, thus at the middle point of
the intermediate -frequency amplifier, and to house
the two parts in two separate panels without it
being necessary to shield the connections between
the panels. The two panels may be seen in the photo-
graph of fig. 7.

After the intermediate -frequency amplification
miter is applied to the signal, as is customary in

receivers for frequency -modulated signals. This
consists of two valves provided with grid condenser
and leak resistance. When the amplitude of the
A.C. voltage on the grid of a valve in these con-
nections increases, the grid becomes more negative
due to the occurrence of grid detection. This reduces
the anode current and, in spite of the increased

4IPPO

Fig. 7. The receiver is assembled in two panels, which can be
slid in and out of the bay containing the whole transmitter -
receiver installation by means of handles. Upon sliding them
in, all the necessary connections are made automatically by
means of plugs on the panels and sockets on the bay. The
meters with the adjacent switching knobs on each panel serve
for checking the cathode current of all the valves.

input voltage, the output voltage of the valve shows
little or no increase. In this way any amplitude
modulation which may still be present in the fre-
quency -modulated signals, and especially the noise
present in that form, is suppressed to a large extent.
The output voltage of the first limiter valve, which
is already quite constant, is chosen so high that the
second valve is adjusted at the point of the charac-
teristic most favourable for the limiting effect. A
total suppression factor of 100 is thereby attained,
i.e. the depth of the amplittide modulation of the
signal at the output of the limiter is 100 times
smaller than at the input. Receivers for amplitude -
modulated signals are usually equipped with an
automatic volume control, with which a part of the
output voltage of the last intermediate -frequency
amplifier valve is rectified and used to regulate the
grid bias of one or more of the preceding amplifier
valves. In the case of a frequency -modulation
receiver, when the limiter has a sufficiently large
suppression factor such a volume control may be
omitted, since the limiter already provides for a
practically constant output voltage. In our case,
therefore, all the valves of the intermediate -
frequency amplifier work with constant negative
grid bias. Account must then be taken, however,
of the possibility that the last valve of the amplifier
may be overloaded and damaged by a strong signal.
In order to prevent this, that valve, as well as the
valves of the limiter, is provided with a grid con-
denser and leak resistance in such a way that the
valve simply begins of itself to act as a limiter as
soon as the signal exceeds the permissible strength.
The only result of an increase in the signal then is
that there is a stronger suppression of any amplitude
modulation which may be present, which at the most
can but improve the quality of reception.

Following the limiter there comes finally a nor-
mal frequency detector and a low -frequency ampli-
fier valve. The low -frequency signal obtained is
conducted via a transformer to the cable leading
to the carrier -telephony apparatus.

After the previous description of the construction
of the transmitter it is unnecessary to go further
into that of the receiver. For several particulars
reference is made to figures 6 and 7 and the anno-
tation thereby.
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HIGH -VOLTAGE RECTIFIER VALVES FOR X-RAY DIAGNOSTICS

by J. H. van der TUUK. 621.314.671 : 621.386.1 : 616.073

The high -voltage rectifier valves used in X-ray installations, especially in diagnostic
apparatus, have to satisfy in the first place the following requirements: they should be
resistant to high voltages, furnish the necessary large peak currents with a reproducible
and, not too large voltage loss, and should not develop too much heat. In this article it is
explained in what way two fundamental types of valves, namely vacuum and gas -filled
valves, can satisfy the requirements mentioned. Gas -filled valves are found to possess
several properties which are very favourable for the object in view. However, also in the
field of vacuum valves constructions have recently been developed which give interesting
results, thanks to the use of thoriated tungsten cathodes, and which may supplant entirely
or for a large part gas -filled valves because of their universal applicability.

Iri principle, after being stepped, up, the alter-
nating  voltage from the mains can be apidied
directly to an X-ray tube. In the half cycle in which
the hot cathode is negative and the anode positive
X-rays are excited, while in the other half nothing
happens. The, fact that in many cases it is, never-
theless, found preferable to apply direct voltage or
at least pulsating direct voltage to- the X-ray tube
has two reasons. In the first place when X-rays are
excited in both halves of the cycle, with a given
peak value of the tube current, double the X-ray
intensity is obtained and, moreover, upon smoothing
the rectified voltage X-ray output becomes larger,
compared to the heat developed. In the second place,
when 'an X-ray tube works on A.C. sometimes
something does happen in the "other° half of the
cycle, and what happens is extremely undesirable,
viz. the so-called back -lash. This ,may occur in
the half cycle in which the anode is negative and
starts to emit electrons, either by becoming too hot
(thermal emission) or because the electric field at its
surface exceeds a certain value (cold emission) or
it is struck by positive ions of gas. Since such a
back -lash often leads to the destruction of the tube
it must be prevented under all circumstances. When
rectified voltage is applied the problem of back-
lash, which presents special difficulties in the case
of the X-ray tube because of the great heat develop-
ment on the relatively small focus 1), is transferred
to the high -voltage valves, which serve for the
rectification. These valves are very similar to the
X-ray tube itself: they, too, possess a cathode
and an anode in a vacuum -tight envelope. Since,
however, in the case of valves the electrons carrying
the current in the direction of transmission need
not be strongly accelerated and focussed, local
intense heating of the anode can be avoided by

1) See the discussion of the problem of back -lash in the article
J. H. van der Tuuk, Hard -glass X-ray tubes in oil,
Philips Techn. Rev. 6, 309, 1941.

suitable construction, so that this important source
of back -lash is eliminated.

Let us now consider somewhat more closely the
requirements demanded of high -voltage rectifier
valves. From the above follows the general require-
ment of voltage reliability, i.e. resistance to the
high -voltage in the negative phase 'without danger
of back -lash. In the positive phase, of course, the
rectifier valve mustbe able to pass the current neces-
sary for the X-ray tube. In the case of X-ray
tubes for diagnostics it is, at present, a question of
short-lived peak current/ of 1 to 1.5 A, while maxi-
mum voltages up to 125 kV- occur. In the case of
therapy tubes much smaller currents are used, for
instance  maximum 40 mA continuously, with,
however, considerably higher. voltages, viz. 200 to
400 kV. . -

We shall devote ourselves here especially to the
high -voltage rectifier valves used for diagnostics.
In this case there are several additional require-
ments. For easy operation of an apparatus for
diagnostiCs it is desirable that a certain tube vol-
tage always corresponds to a definite position of the
voltage regulator; for that purpose the voltage loss
depending on the current should be, small in an the
parts of the high -voltage generator (transforiner,
valves, connections) and it should be as indepen-
dent as possible of the circumstances of operation.
The valves may; therefore, even at the highest cur-
rents, only require a low and reproducible
voltage in the direction of transmission. This is
especially true when the apparatus is provided with
an automatic adjustment for the tube current 2).

In the case of modern appiratus for diagnostics
the valves are often housed in the same oil -filled

2) Such an arrangement, which serves to load up the focus
of the X-ray tube automatically to the permissible tempe-
rature at every adjustment of tube voltage and loading
time, is discussed in detail in: II. A. G. Hazeu and
J. M. Led eb o er, A universal apparatus for X-ray diag-
nosis, Philips Techn. Rev. 6, 12, 1941.
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container with oil as the high -voltage transformer,
etc. Since, in order to keep the voltage loss (i.e.
the copper and iron losses) constant, the whole
generator may not become too warm, the additional
requirement should be made of the valves that they
develop little heat. On the one hand this is already
ensured if the valve only takes -up a low voltage in
the direction of transmission, since the anode
dissipation is proportional to it; on the other hand
it also makes desirable a high specific emissivity
of the cathode, since then only a small filament
power is used for the emission of the peak currents.

We shall now examine several old and new valve
constructions and ascertain how, in each case, the
requirements mentioned can be satisfied.

Vacuum rectifier valves

Fig. 1 shows diagrammatically the construction
of the old vacuum rectifiers as they were used for
many years in all kinds of high -voltage installa-
tions. The envelope of the valve is so far evacuated

12473

Fig. 1. Diagram of the cross-section of a vacuum rectifier valve
as used formerly in high -voltage installations. An anode plate
A is situated at a short distance opposite a tungsten cathode K
in an evacuated glass tube.

that no breakdown can be caused by gas ions. The
most important factor which should be taken into
account to prevent back -lash is therefore the cold
emission of the anode. In order to remove any such
danger the field strength at all points,on the surface
of the anode should remain below a certain value,
for instance 106 V/cm. For this purpose sufficient
distance between the, electrodes is necessary..
Furthermore, the anode should be properly smooth -
finished, in order to avoid local increases in the field
strength, which are known to occur' wherever there
are slight irregularities in the surface. (In this
respect also the _problem of back -lash is easier to
solve in the case of a rectifier valve than in that of
an X-ray tube: in_the latter case the anode surface
at' the position of the focus is always rendered
slightly rough in the course of time by the intense
heating (evaporation).)

As far as the distance between the electrodes is
concerned, the larger it is made the greater the
influence of the space. charge on the variation of the

field and the higher the voltages necessary in the
direction of transmission to draw the desired cur-
rent from the hot cathode. Therefore it is clear that
the distance between the electrodes will not be
made greater than absolutely necessary. For 100-
125 kV, for example, a distance of 8-9 mm is suf-
ficient. With a given valve according to fig. 1 the
voltage loss amounted to about 2500 V for a cur-
rent of 1A.

The small distance between electrodes, arrived
at in this way, makes it impossible to use an oxide
cathode, for there would be too great a danger of
traces of barium from such a cathode striking the
anode. Due to the increase in field strength at the
unevenness thus formed (and due to the low work
function of the barium) such a spot might act as a
centre of cold emission in the counter -phase. There-
fore in this type of valve tungsten cathodes are
always used, where the danger mentioned cannot
occur. Tungsten cathodes, however, require a much
higher temperature for the same emission and a
much higher cathode power than oxide cathodes.
In order to supply momentary peak currents of
1-1.5 A, 125-150 W are needed with a tungsten
cathode, compared with, only about 8 W with an
oxide cathode. In this case in valves of the type of
fig. 1 temperatures of the tungsten wire of more than
2350 °C are reached. Since the evaporation of the
tungsten is already very appreciable in this region
.of tempera'ture (the vapour pressure lies in the
neighbourhood of 10-6 mm of mercury) and as a
consequence, the filament has a lifetime of only a
few hundred hours, the filament is often allowed
to burn at. a temperature of more than '100° lower
during fluoroscopy (continuous operation), which
already gives a lifetime of a couple of thousand
hours, and the heating voltage is only increased to
the necessary value for a moment just before each
X-ray photographic exposure. Furthermore it is
clear that fluctuations in the mains voltage have -

an unfavourable effect on the lifetime of the fila-
ments when continually working so close to the
limits.. In order ta improve this situation it is
necessary to have recourse to the use of a stabilizer
for the heating voltage.

The construction sketched in fig. 1 also presents
difficulties as far as the reproducibility of the voltage
loss is concerned.' Secondary electrons from the
anode strike the glass walls of the envelope, which
are thereby charged and begin to exert a grid action
on the current of electrons between cathode and
anode. The 'potential to which the wall becomes
charged depends upon all kinds of factors, for
example on the occurrence of corona phenomena



JULY 1946 HIGH -VOLTAGE RECTIFIER VALVES FOR X-RAY DIAGNOSTIC ' 201

outside the valvs and the like. Although the rela-
tion between current transmitted and voltage loss
of the valve at low measuring voltages is then often
sufficiently reproducible, this is found to be no
longer the case for operation under high -voltage.
The voltage loss may then vary considerably and
may sometimes -be so high that the valve itself
begins to emit X-rays to an appreciable extent and
the anode becomes very hot.

Thus it is obvious that although the simple con-
struction sketched might often answer well in
installations for testing materials or for medical
therapy and also for simple apparatus for diag-
nostics, where it is a question of maximum currents
.of a few hundred mA, it can certainly not be
employed in every case in modern apparatus for
diagnostics.

Gas -filled rectifier valves

An entirely different type of valve is foUnd to
satisfy better the requirements made of diagnostic
apparatus. These valves are not highly evacuated
but are filled with a gas to such a pressure that after
ignition of the valve an arc discharge occurs. The
rectifying action in this case is due to the fact that
the ignition is initiated by the electron current
emitted by the filament: in the half cycle in which
the filament becomes positive normally there are
not sufficient electrons and the valve does not
ignite 3).

Compared with vacuum valves we may conceive
the situation during the arc discharge such that the
space charge of the electrons emitted by the fila-
ment is compensated by positive ions of gas. Due
to this, only extremely low voltageS are necessary
for passing even very large currents, for example
25 V at peak currents of 1.5 A. Such a small voltage
loss can be entirely neglected with respect to the
voltage on the X-ray tube.

The working voltage of the valve mentioned, in
contrast to the case of the vacuum valves, depends
little on the distance between the electrodes.
Therefore, in constructing the valve there is no
objection to have a rather large distance between
the electrodes, which is of course desirable in order
to avoid trouble from cold emission in the negative
phase and to be able to use an oxide cathode.

Incidentally, in the case of gas -filled. valves the
cold emission is not the main cause of baCk-lash.
Back -lash is more apt to occur due to a breakdown
in the gas, resulting in an arc discharge in the wrong

3) For the general principles of gas -filled rectifiers see:
' M. J. Druyvesteyn and J. G. W. Mulder, Philips

Techn. Rev. 2, 122, 1937.

direction. The structural measures to be taken in
order to avoid breakdown can be deduced from a
consideration of the f.miliar Paschen curve, see
fig. 2, which indicates the breakdown voltage Vd
as a function of the product of gas pressure p and
electrode distance d. If a giVen combination of gas

Vd

0

1

1

1

1

06111t

Fig. 2. Shape of P a sc hen's curve indicating for a given gas
the breakdown voltage Vd as a function of p  d (p = gas pres-
sure, d = distance between electrodes), for which, strictly
speaking, two plane parallel electrodes are assumed. (Compare
also Philips techn. Rev. 2, 123, 1937 where it may be seen from
fig. 2 that for argon, for instance, the minimum breakdown
voltage of more than 250 V is reached at a value of more than
1 mm of mercury times cm for p  d.) The rise in Vd at very
small values of p  d is due to the fact that at those values the
free path of the electrons becomes greater than the distance
between the electrodes, so that the' electrons can pass through
the potential difference without causing any appreciable ioni-
zation. The line AB, the significance of which is explained in the
text, actually passes much closer to the ordinate than it is
drawn here, and the point B lies in practice at about a hundred
times the voltage of the minimum of the curve.

pressure, electrode distance and valve voltage V
(highest voltage 'between the electrodes occurring
in the negative  phase) corresponds to a point -.A,
which lies above the curve, Breakdown will odour.
In order to avoid breakdown, when p and V are
given the electrode distance should obviously be
chosen much larger or much smaller. In practice the
first method is out of the- question, since then one
would arrive at enormous lengths of the tube for
the high -voltages required. But the second method
brings us into conflict with the requirement 'that
the electrode distance should be laige enough to
exclude cold emission.

A solution of this dilemna is found in a simple
way. Suppose that at point A (fig. 2) cold emission
were precluded. The valve is then built up of a
number of units in series, each with the same elec-
trode distance as for point A; and to each of these
compartments only a proportional part of the total
voltage is °applied 4).

4) Cf. also J. G. W. Mulder, 'thesis Delft 1934.
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Fig. 3. Diagram of a cross-section of a gas -filled rectifier valve.
The glass envelope is filled with saturated mercury vapour.
The distance between the oxide cathode K and the anode An
is divided into three stages by intermediate electrodes T, which
are connected by the condensers C for the sake of a uniform
voltage distribution. By a ring R placed in front of it the ca-
thode is screened against bombardment by positive gas ions,
while the ring at the same time lessens the chance of material
from the oxide cathode striking the other electrodes. Kw is a
mercury reservoir connected with the envelope by a capillary.

In this way one arrives at a work point for each
separate compartment which, if the subdivision has
been carried far enough, lies below the Paschen
curve (B in fig. 2). Each compartment is then safe
as far as breakdown is concerned, and
since the field strength V/d (when the
voltage is evenly. distributed and the
field homogeneous) is even smaller
for point B than for point A', there is
also no danger of cold emission. In
practice, for example, a division of the
valve into three stages is already suf-
ficient. In fig. 3 such a three -stage gas -
filled valve is shown diagrammatically,
while fig. 4 shows two photographs of it.

We have just spoken of the assump-
tion of a homogeneous field and a uni-
form distribution of the voltage over the
electrodes. In the construction according
to fig. 3 the field is not, of course, en-

r71.1.4 r

tirely homogeneous; the intermediate
electrodes cannot be constructed as
parallel plane plates but should have
holes in order to allow the passage of
the electrons from the cathode to the
anode. In practice they are constructed
as cylinders. The greatest field strength
now depends also on the shape of these
cylinders and it is possible to influence
the chance of back -lash, for instance, by
the choice of the size of the opening
of the cylinders. In order to guarantee a
sufficiently uniform distribution of the
voltage over the different stages the
impedance between all successive inter-
mediate electrodes should be made as
nearly equal as possible. To that end
condensers of 80 µF are connected in
parallel with the intermediate spaces,
which condensers have the form of
rings lying around the rectifying valve,

as may be seen in the photograph of fig. 4b.

Let us now turn to the gas with which the valve
is filled. A rare gas cannot be used because of the
well-known phenomenon of gradual disappearance
of the gas during operation of the valve at high
voltage: it is taken up in the cathode and walls;
the pressure in the valve falls 5). Therefore the dis-
charge is made to take place in saturated mercury
vapour: a drop of mercury is placed in the valve and
from this the mercury vapour which disappears is
always supplemented by evaporation. The result,
however, is that the vapour pressure in the valve
depends upon the temperature of the surroundings,

5) The velocity of this process (called clean-up) increases
rapidly with increasing voltage. It is not the same for dif-
ferent gases; for xenon, for instance, it is smaller than for
argon.

Fig. 4. A.Philips three -stage gas -filled rectifier valve for 125 kV; a) assembled
and b) taken apart. The glass tube is surrounded by ring -shaped "Philite"
condensers (see C in fig. 3). The tube is calculated for oil immersion of the
rectifier. The length is more than 20 cm, the diameter of the condensers is
almost 9 cm. When used in air, in order to avoid flashover along the outside
of the glass wall, a greater insulation distance between the electrodes would
be necessary, thus in general a longer length of tube.
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see fig. 5. Gas -filled valves can therefore only be
used in a limited temperature 'range, which in the
case of the Philips high -voltage rectifiers for X-ray
purposes lies between about 17 and 40 °C. At too low
a. temperature the pressure Becomes so low that no
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pig. 5. Vapour pressure of mercury as a function of the tem-
perature.

ignition occurs in the direction -of transmission (the
chance of formation of gaseous ions is too small);
at too high a temperature the. pressure becomes so
high that breakdown occurs in the negative phase
(the valve  no longer rectifies). The latter can be
seen directly from fig. 2: with increasing pressure
the work point B is displaced horizontally to the
right and after a certain pressure has been reached
it comes to lie above the breakdown curve (unless B
lies lower than the minimum of the curve, but in
practice such - a far-reaching subdivision of. the
voltage is not posgible). The liquid mercury that has
to be present in. the valve should not come into
contact with the anode or the intermediate elec-
trodes,. since local increases of the field strength
would then occur and these might cause cold emis-
sion and thereby back -lash. Therefore* the droP of
mercury is placed in a special compartment, sepa- 
rated from the rest of the valve by a capillary (see
fig..3). Dueto its surface tension the drop cannot
flow through the capillary, while the mercury
vapour is admitted freely to the valve. '

Although, according to the above, we arrive at a
distance between neighbouring electrodes in the gas -
filled valves which is' not greater than that in
vacuum valves, it is, nevertheless, possible to employ
an oxide cathode in gas -filled valves. Since there
is no trouble with space charge here the cathode
can be mounted behind a screen (the ring it in

fig. 3) which prevents any particles shot off. the
cathode from reaching the neighbouring electrode.
At the same time the, screen prevents an ion
bombardment of the hot cathode and the accom-
panying sputtering. As already stated, an oxide
cathode requires a cathode power of only 8' W for
the largest peak currents ()cowling; thereby* the
cathode temperature is about 900 °C. At this
temperature it is found that even after -some time
no disturbing  evaporation of barium from the
oxide cathode occurs, although; remarkably enough,
the vapour pressure of pure barium is quite consi-
derable at the temperature mentioned.

Improved vacuum rectifiers

Let us return for a moment to the vacuum valves.
The construction according to fig. 1 was not prac-
ticable for modern diagnostic apparatus. It proved,
hoWever, to be capable of improvement in various
respects. An important improvement was the alter-
ation of the construction as shown in fig. 6.

,
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Fig. 6. The characteristic of the vacuum rectifiers can be con-
siderably improved by the use of a cup -shaped anode A. In
this case it forms part of the ;.valve wall ("Metalix" rectifiers)
which makes cooling easier.

Here the anode is not a fiat plate at some distance
from the cathode, but a cup surrounding the
cathode. By this means the electrons having to pass
from the filament to the 'anode are spread over a
larger solid angle, the current density becomes
smaller and therefore the space charge has less
effect. In fig. 7 the characteristic of a valve with

Fig. 7. Characteristics of vacuum rectifiers at high temperatures
of the filament (more than 2350 °C): a), according to the old
construction of fig. 1, b) according to the improved construc-
tion of fig. 6.
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cup -shaped anode is compared with that of a valve
with a plane anode. In order to transmit a current
of 1 A the improved valve needs a voltage of only
650 V, compared with 2500 V in the case of the old
valve. At the same time the cup shape of the anode,
which in this case forms part of the wall of the valve,
practically entirely prevents secondary electrons
from striking the glass wall and there is no longer
any fear of a grid action of varying wall charges.

A practical model of such a valve, the "Metalix"
rectifier, to be used in air, is shown in fig. 8. These
valves attracted considerable attention and they
may still be found in use in existing diagnostic
apparatus. Their further development, however,
was curtailed by the introduction of the gas -filled
valve. We have seen, indeed, that gas -filled valves

considerable increase in the electron emission, so
that for the same tube current a lower filament
temperature is sufficient and a smaller filament
power is needed 6). In practice a temperature of
about 1750 °C is used. At this temperature the eva-
poration of the filament is so slight - although here
again the vapour pressure of the pure thorium at
the temperature in question is by no means low -
that even after several thousand hours of operation
no appreciable quantity of evaporated material
can be detected as a deposit on the valve wall, not
to speak of the occurrence of any burning through
of the wire. The resulting, much lower, sensitivity
to fluctuations of the heating voltage makes the
above -described complications (increase of voltage
for each exposure, stabilizer) unnecessary. The fila-

Fig. 8. "Metalix" vacuum rectifier valve. Since this valve is not intended for immersion
in oil in the generator container, but for use in air, the envelope is made of non -transparent
glass, in order not to give a disturbing light in the X-ray room. The anode is provided
with cooling fins. The total length is 55 cm.

are able to satisfy the highest requirements in
diagnostics. The objection to gas -filled valves,
namely the limitation of their usefulness to the
narrow temperature range of 17-40 °C, makes
gas -filled valves unsuitable for use in tropical
climates or in apparatus for the macroscopic testing
of materials, which have to be used under very diver-
gent conditions of temperature. Thus in any case
vacuum rectifiers, which are independent of tempe-
rature, still command a certain field of application,
and for the sake of having a single type of rectifier
of universal applicability further development
of vacuum rectifiers, viz. a still better approxi-
mation of the requirements made by diagnostics,
certainly seemed worthwhile.

In recent years several improvements have
proved possible by which vacuum rectifiers, which
had remained at the stage of development shown
in fig. 6, could be given a new lease of life. Probably
the most important improvement is the employ-
ment of thoriated tungsten for the filament.
The addition of thorium to the tungsten results in a

ment power is reduced from 125-150 W for the pure
tungsten cathode to somewhat more than 30 W for
the cathode of thoriated tungsten.

The thoriated tungsten filaments are especially
sensitive with respect to the vacuum: traces of
gas in the valve may reduce the electron emission
considerably. Therefore the use of these cathodes is
only possible by taking more care for a very good
vacuum than in the case of the old vacuum valves.
During manufacture the valves are very carefully
evacuated. During operation the high vacuum is
maintained with the help of a barium getter.

Another modification introduced in the construc-
tion of the "Metalix" rectifier valves of fig. 6, which
made them more suitable for modern diagnostic
apparatus, may be seen in fig. 9. The cup shape of
the anode and thus the favourable characteristic

6) Because of the reduction in the filament power required,
thoriated tungsten cathodes are also used in some modern
transmitting valves. See E. G. D or g el o, Several technical
problems in the development of a new series of transmitting
valves, Philips Techn. Rev. 6, 253, 1941.
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of fig. 7b is retained, but now the anode no longer
forms part of the valve wall. By means of a thin
pin of material with a low heat conductivity
(molybdenum) it is connected with a metal cap
welded to a hard -glass envelope and serving for

.87,
Fig. 9. Diagram of a modern vacuum rectifier. The filament K
is made of thoriated tungsten. The cup -shaped anode A no
longer forms a part of the (hard -glass) valve wall, which makes
it easier to use the valve under oil. G is a getter (barium mirror).

the current supply. Thanks to this construction
the anode can be heated to a higher temperature
during degassing, while at the same time the field
strengths along the glass are lower. By this means,
and because of the fact that the metal cap in
question remains relatively cold, it becomes easier
- as in the case of the above -described gas -filled
valves - to make the valves suitable for operation
under oil. This leads to an important reduction in
dimensions. The valve for 125 kV now has a length
of somewhat more than 20 cm with a diameter of
9 cm (see fig. 19), i.e. about the same dimensions
as the three -stage gas -filled valve.

Thanks to the cup shape of the anode in the new
construction, practically no secondary electrons can
strike the glass wall, and if this does happen the
screening of the cathode is an adequate insurance

against the occurrence of grid action. For the dissi-
pation of the heat developed on the anode, which
in the construction according to fig. 8 took place
easily by conduction and convection into the sur-
rounding air, in the new construction use is made
of radiation. Because of the large radiating surface
of the cup anode, an anode dissipation of 40 to 50 W,
as occurs in continuous operation (about 30 mA),
offers no difficulties at all, and a peak current of 1A,
at which the anode dissipation amounts to about
600 W, can easily be coped with for a few seconds,
since the anode possesses a sufficiently generous
heat capacity.

Summarizing, we may say that vacuum rectifier
valves in their latest forms give very interesting
results and are already beginning to conquer consi-
derable territory. It is possible that ultimately they
will again entirely replace gas -filled rectifier valves.

Fig. 10. Modern vacuum rectifier for 125 kV with cup -shaped
anode and thoriated tungsten cathode. The valve, more than
20 cm long, is included to be used under oil.
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CARRIER TELEGRAPHY

by J. to WINKEL.

In order to improye the economy of telegraphic 'communication the aim used to be to
increase the signalling speed by the construction of special apiaratus or by employing -

devices for the transmission of several telegrams simultaneously over a single pair of con-
ductors. The most modem form of the latter method is voice -frequency or carrier tele-
graphy, whereby alternating voltages of different frequencies (carriers) are each modulated .

in the rhythm of the signals of a telegram. After a discussion of the principles of this
method an installation for carrier telegraphy is described in which 18 or 9 telegraphy
channels, as the case may be, are 'contained in the frequency band of a single telephone
connection, i.e. for example in a single channel of a carrier telephony system. Special..
attention is paid to the circuits employed for modulation of the telegraph signals on their
carrier and those for their demodulation.

For many decades telegraphy, the oldest form
of electrical communication, was the only available
method for the transmission of messages over long
distances. When later on, thanks to loading coils
and repeaters, telephony could be used for cover-
ing large distances it took. over a large part of the
field of appliCation of telegraphy. The advantage
of being able "to obtain an answer immediately,
as well as that of personal contact, made for many
purposes telephony more attractive than telegraphy.
As a result the technique of. electrical communi-
cation has recently been concentrated mainly on
the perfecting of the telephone system, which has
now attained a high standard of reliability and
economy. Nevertheless, telegraphy has always
retained its right of existence, especially in cases
where it was desirable that the messages transmitted
should be _recorded in writing, and in general also
because telegraphy is more economical and there-
fore cheaper to the public than telephony. -It is
remarkable that. even the technical development
of apparatus for telephony has now led to, a new
and especially economical telegraph system and
thereby served to extend the field of telegraphy.
This system, known as voice -frequency or 'carrier
telegraphy, is based on the same principles and for
the most .part employs the same kind of apparatus
as carrier telephony, which has 'been discussed in a
series of articles in this periodical I).

Before proceeding to the description of a carrier
telegraph system, such as has been developed and
put into practical use by Philips, we shall give as an
introduction a brief survey of the course of events
in ordinary telegraphy, so-called direct -current
telegraphy. This will give us the opportunity of
mentioning and explaining several elementary
concepts and quantities of telegraphy.

i) Philips Techn. Rev. 6, 325, 1941; 7, 83, 104 and 184, 1942,
8, 137 and 168, 1946. -

Direct -current telegraphy
Fig. 1 shows the circuit diagram of. a direct

current telegraph connection. 'At the transmitting
station A by means of the switch S, for instance' a
signalling key, positive or negative voltages can be
applied to the line. At the receiving station B the
line is completed by a polar relay R.' This relay
reverses its armature as soon as the current through
the relay winding changes its direction, the position
of the contact arm T thus changing in the same way

" 
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Fig. 1. Diagram of a connection between two stations A and 14
with direct -current telegraphy. S signalling key, R polar relay
with contact arm T.

as the position of the switch S. Via the contact T
some type of recording apparatus is operated from
a source of voltage not shown in the diagram.

Signalling speed

For telegraphing over such a circuit a code -is used:
each letter is represented by a succession of a cer-
tain number of positive and negative, voltage im-
pulses of a certain length. The oldest and still
commonly used code is the Morse code; for mo-
dern recording apparatus, for instance teleprinter
apparatus, which are so constructed that each suc-
cession of impulses leads immediately to the prin-
ting of a certain letter, other codes are used. All
the codes, however, have this in common, that the
length of each impulse is chosen equal to a whole
multiple of a fixed unit, the elementary -length r; see
for example fig. 2a.

The speed at which one can telegraph is greater
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the shorter the time devoted to the elementary
signal length. The speed is expressed in. baud
units (from Baudot, one of the pioneers of tele-
graphy), i.e. the number of elementary lengths
transmitted per second.
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Fig. 2: Shape of the voltage curve at the transmitting end (a)
and the current curve at the receiving end (b). At the zero
points of the latter curve the voltage in the receiving apparatus
is reversed in polarity by the relay contact T (c). Due to the

' fact that the "propagation times" . . -co of the voltage
changes differ more or less, c is not entirely identical with a:
distortion has occurred.

The. signalling speed is limited by properties of
the line, which will be discussed later, and by the
inertia of the transmitting and recording apparatus.
For teleprinters, which are at present the most
common, the signalling speed has been standardized
by the C.C.I.T. (Comite Consultatif International
Telegraphique) at 50 baud.

Signal distortion

The two conductors of the line possess a certain*
resistance and capacity which are distributed uni-
formly over the whole length of the connection.
There exists also a certain self-induction and dissi-
pation, which, however, can usually be disregarded.

' Every time the switch. S in fig. 1 is reversed the
line capacity is discharged and charged again with
opposite polarity. The resistance of the line causes
this charging and discharging to occupy some time;
thus it will take some time after reversing the key
at the transmitting end before the current through
the relay at the receiving end reaches its final value.
If we know the behaviour of this -current for a
single change of voltage, we can construct the curve
of the Current for each letter sign. In fig. 2b this has.
.been done for the signal of, fig. 2a. It may be seen
that -the current curve involves considerable dis-
tortion, namely a rounding off of all transitions.
In actual practice.it is not a question of the shape
of the whole curve, but only -of the position of the

zero points. As soon as the current in the receiving
;day passes through zero the 'contact T is reversed,
and for good transmission of the signals it is suf-
ficient when th.3 contact T follows the key S in the
correct rhythm. In fig. -2c the position of the con-
tact T is shown as a function of the time for a relay
current according to fig. 2b. If we compare this
position with that of the switch S, it is found that
each change of voltage possesses, as it were, a certain
time of -propagation (r1 to r4), the value of which

 is not the same for all changes. The result is that the
length of the impulses which arc fed to the record-
ing apparatus is no longer- exactly equal to 'the
length of the impulses transmitted; the signals are
distorted. Signal distortion is defined as the in-
crease or decrease in the length of an impulse
expressed as a percentage of the elementary signal
length r, thus

r 43- r2 r3
10 0 1, 100 and 100 °A.

It is clear that signal distortion can also occur
due to other. .causes, for example inequality of the
positive and negative voltages, incorrect adjust-
ment of the relay or accidental disturbances. The
maximum distortion occurring is a measure of the
quality of the connection. It may not exceed a
certain value, for instance 10'to 20 per,cent, depen-
ding on the type of telegraph apparatus and the
margin of safety chosen, so as not to incur the
danger that impulses will be omitted and incorrect
letters printed.

Economy of the connection and maximum distanc.
to be covered

In order to use a given telegraph line as econo-
mically as possible, it is desirable to raise the sig-
nalling speed as high as possible. For this purpose
various systems of high-speed telegraphy have been
designed- and constructed in the past: From the
above, however, it is seen that ,with the signalling
speed (1/r) the signal distortion will increase. Fur-
thermore the signal distortion (differences in the
times of propagation r/., r2, . . .) will be greater, the
greater the average time of propagation of the
voltage changes. This time is determined by
the RC time of the cable, and since R and C are
both proportional to the length of the cable it
increases proportional to the square of the distance
to be covered.

It may therefore be seen that with a given limit
for the permissible signal distortion, which limit
one can try to place as high as possible by special
circuits and constructions, a high signalling speed
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leads to a limitation. of the distance to be covered
and, conversely, a giN;en distance leads ,to a limi-
tation of the signalling speed.

A different way of using a cable more economi-
cally.was opened by systems which permitted several
telegrams ,to be sent over the line simultaneously,
each at a normal signalling speed. The most modern
and at present the most important of these systems
is the so-called voice -frequency or carrier tele-
graphy, which we shall now  consider. It must,
however, be noted at once, that here, too, is a limi-
tation of the total signalling speed, a limitation
which upon closer consideration proves to be based
upon the same. fundamental principles as in the
case of direct -current telegraphy.

Voice -frequency telegraphy

In voice -frequency telegraphy the direct -current
impulses are replaced by impulses of an alternating
voltage of several hundred or thousand cycles per
second. Fig. 3 shoivs a simple circuit with which

E 2 L. 4

Fig. 3. Simple circuits for passing over from D.C. telegraphy to
carrier telegraphy. C, generator of an A.C. voltage of several
hundred 'or thousand c/sec, S signalling key, R polar relay
which short-circuits or passes the A.C. voltage to be applied
to the line in the rhythm of the signals given with S. .

signals can be transmitted in this way, while fig. 4
shows the appearance of a certain signal code
in direct -current and in voice -frequency telegraphy.
We may consider the alternating voltage as a
carrier wave modulated in .each case with the
telegraph signals to be transmitted according to
fig. 4a (the "depth of modulation" here is 100 per-
cent). By wing several carrier waves with different

b)

to
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Fig. 4. The same signal code (succession of impulses) in. D.C.
and in carrier telegraphy. . . . .

frequencies, each of which is modulated separately
with different signals, a number of telegrams can
be sent simultaneously over the same pair of con-
ductors. At the receiving end a series of selective
receiving apparatus has to be provided each of
which reacts only to one of the carriers.

Frequency band of a telegraph channel

Let us consider a signal in direct -current tele-
graphy which consists of alternating positive and
negative impulses of the unit length a, see fig. 5.

',.

-t
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Fig. 5. Succession of positive and negative impulses with the
unit length T.

Such a signal may be conceived as an alternating
voltage composed of a series of harmonics. At a
signalling speed of 50 baud the fundamental fre-
quency of this alternating voltage is 25 c/sec while
further a large number (theroretically an infinite
number) of higher harmonics occur. We may likewise
assign to any given signal other than that of fig. 5 a
complete frequency spectrum, beginning in the
Most general case with 'the frequency zero.

The distortion incurred by such signal in being
propagated over a telegraph cable can now also
be described in a different way from that given in
the foregoing. Due to its capacity and resistance the
pair of conductors possesses an attenuation for the
currents transmitted, which depends upon the fre-
quency and increases with increasing frequency,
since the capacity of the conductors forms a shunt
whose impedance decreases with increasing fre-
quency: the cable may be compared to a low-pass
filter. In fig. 6 the curve (attenuation' loss versus
frequency characteristic) of a normal telegraph'
cable is shown. A signal composed of a number of
frequencies is now not only attenuated as a whole,
but it is, moreover, distorted due to the fact that the
higher harmonics are attenuated more than the

Fig. 6. Attenuation (in db) of a telegraph cable as a function
of the frequency,/ in c/sec.



JULY 1946 . CARRIER TELEGRAPHY 209

lower harmonics and the fundamental frequency.
The effect of this prejudice to the higher frequencies

_ is a rounding off of jumps and angles in the cur-
rent curve, as we have seen in figs. 2a and b.

The relation between distortion, cable length and
signalling speed can also easily be explained quali-
tatively in this way.

Let us now apply these considerations to voice -
frequency telegraphy.- When a signal with fre-
quency q is modulated on a carrier with frequency
p the two side -band frequencies p ± q occur. Thus
in the modulation of a carrier by the telegraph sig-
nals'two side -bands are formed, one on either side
of the carrier frequency, which bands theoretically
extend to infinity. These side -bands, however, need
not be transmitted in their entirety: all the fre-
quencies farther than a certain distance qm from
the carrier may be suppressed, for instance by
means of a band-pass filter. This resolves itself in
fact to the suppression of the higher harmonics
in' the signal, analogous to the unfavourable effect
on those harmonics exerted by the cable in direct -
current telegraphy. The result is again a distortion
(rounding off) of the impulses transmitted, so that
the modulated -carrier assumes for instance the
appearance of fig. 7. The degree of distortion per-
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Fig. 7. The same signal code as in fig. 4b distorted as a conse-
quence of the cutting off of the harmonics above 40 c/sec by
the band-pass filter.

missible for reliable functioning of the receiving
apparatus .determines the minimum width (2 qm)
which the transmitted frequency band must possess.
It has been found that for a signalling speed of 50
baud in general a band width of 2 qm = 80 c/sec
is sufficient.

Several telegraph channels on one pair of conductors

If we wish to send several telegrams on different
carriers simultaneously over a line without mutual
interference we must assign to the carriers fre-
 quencies which lie sufficiently far apart, namely
at least 80 c/sec, and use for each carrier a band
pass filter with the correct transmitting band .80
c/sec in width. At the receiving end the respective
carriers with their side -bands are split up again by
means of a series of band-pass filters in parallel,
identical with the transmitting filters. Following
each receiving filter circuits are provided for the

*demodulation of the carrier, as well as a recording
apparatus.

How many of these telegraph channels can now
be included in a given frequency band of .width'tlf?
If the loss of the band-pass filters at the boun-
daries of their transmitting region could jump
Abruptly to a sufficiently high value (at least 30 db),
the distance between two adjacent carriers would
not need to amount to more than 80 c/..ec. Actually
a filter always has a certain transition region be-
tween transmitting and attenuating regions, which
transition can only be made narrower by a more
expensive construction of the filter. In practice
for example band-pass filters with the attenuation
curve reproduced in fig. 8 can be used. The neces-
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Fig. 8. Attenuation curve of a band-pass filter for the telegraph
channel with carrier pp The broken line gives the corres-
ponding curve for the adjacent channel with carrier pi. .
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sary attenuation is here attained at a distance of
60 c/sec from the carrier, so that a carrier interval
of 120 c/sec is required.

A comparison with carrier telephony as previously des-
cribed shows that in that case - where the width of a channel
is much greater (4000 c/sec) - the carrier itself and one of the
sidebands are suppressed at the transmitting end. Due to the
finite width of the transition region of the filters used, it
is practically inevitable that the low frequency part of the
transmitted side -band will also, be cut off. In telephony this
is no objection since the speech frequencies below 300 c/sec
are not necessary for an intelligible conversation. In tele-
graphy, however, where all the modulation frequencies from
zero onward have to be transmitted, it is not possible in
practice to filter out only one- side -band. For this reason the
carrier and both side -bands are transmitted.

In a frequency band of width df, therefore,
tlf/120 telegraph channels can be laid, so that one
may speak of a "total" signalling speed of 50 4/120
baud. An obvious question is whether further profit
can be gained by making the signalling speed in
each channel greater than 50 baud. In the case of
any given telegraph signal; hoWever, all the fre-
quencies of the composite alternating voltages are
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:proportional to the signalling speed, thus the
required frequency band for a channel also
exceeds 80 c/sec, and this .proportionally to the
signalling speed. If band filters with an attenuation
curve as in fig. 8 are always used, where only the
frequency scale changes, so that the ratio between
the width of transition region and transmission
region remains the same, the total signalling
speed is independent of the signalling speed
in each channel. In other words, the total
amount of "information". which can be transmitted
is constant. It is of course true that with a greater
band width of the, filters the transition region can

a
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mod

A17._
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al mod ra
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LF 'Dem -BF
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CA-IoscHLF -Dem
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cable attenuation 2) and amplification (or relaying)
of the signals becomes necessary, which consider-
ably increase the cost with increasing width of the
frequency region. The situation here is analogous '
to that in carrier telephony, only in that case these
considerations weigh even more ,heavily ,owing to
the much higher modulation frequencies used in
telephony.

Carrier telegraphy in a telephone channel

It is an obvious and much used method in cable
telegraphy to make the total frequency band equal
to that of an ordinary telephone connection (300 -

BF - Mad- LF

sa

6::

Osc

Dem- LF -=1

dem

dem

dem

dem

T - 7 ---

Fig. 9. Block diagnim of a carrier telegraph connection using one channel of an installation
for carrier telephony. Two channels of the latter are drawn, one for the carrier telegraphy
(4 channels of which in one direction are indicated with heavy lines), the second for a
normal telephone connection between two subscribers Ai and A,. The small letters refer to
the telegraphy apparatus: s.a signalling apparatus, r.i. recording instruments, g generators,
mod modulators, tf transmitting filters, rf receiving filters, dem. demodulators. The capital
letters denote the components of the carrier telephone installation: T four -wire terminals,
LF low-pass filters, Mod modulators, BF filters, Dem demodulators, CA channel amplifiers,
Osc oscillators for the addition of the telephone carrier.

be made relatively narrower without much trouble,
so that the signalling .speed could be increased
somewhat more. This would, however, by no means
compensate for the, complications and increase in
cost which would accompany a higher 'speed of the
transmitting and recording apparatus.

The attainment of a given total signalling speed
therefore implies the use of a frequency band of a

. certain width, and how far one may.go with this -
depends upon the circumstances. For example, if
one telegraphs via a radio connection, the available
frequency region is given by the band width of the
radio transmitter. In the case of telegraphy via
cables also an economic limit is set to the frequency
region, since with frequency 'regions of any great
size and with long distances, equalization of the

47611

2600 c/sec). In this region, with a band width of
120 c/sec (and beginning at 360 c/sec, see below),
no fewer than 18 telegraphy channels can be included.

These 18 telegraphy channels together Can be
transmitted in exactly the same way as a normal
telephone conversation:

An especially economical telegraph connection
is obtained when it is possible to reserve for carrier
telegraphy one telephone channel of a carrier
telephone installation with for instance 12 or more
Channels. The group of 18 telegraph carriers, each
modulated with its own telegraph signals, is then
modulated as a whole on one of the carriers of the
telephone apparatus, as is indicated in the block
diagram of fig. 9.
2) Philips Techn. Rev. 6, and 7, 293, 1941 184; 1942.
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Since the large number of 18 telegraph channels
will often be unnecessary, or since perhaps two
instead of one of the many telephone channels in a
given connection can be made available for tele-
graphy, Philips several years ago designed an appa-
ratus whereby only 9 instead of 18 telegraph
channels lie in the frequency band in question. This
gives the advantage that the carrier interval may
now amount to 240 c/sec, so that the band pasd
filters may have much wider transition regions and
may therefore be simplerand cheaper.

As carrier frequencies in 'the frequency region
mentioned from 300 to 2600 c/see the values
recommended by the C.C.I.T. may be taken:
420, 540, 660, etc. to 2460 c/sec, i.e. o d d multiples
of 66 c/sec. The odd multiples have the advantage
over the even multiples that second. harmonics
and sum and difference frequencies of the carriers,
which frequencies occur due to non-linear distortion
in ' amplifiers etc., fall just between the carriers
where the attenuation of the band-pass filters is
high.

Apparatus for carrier telegraphy

The apparatus for carrier telegraphy, as we have
seen, contains for each channel a carrier generator,
a modulator and a filter for transmission, as well as a
filter and a demodulator for reception. A series of
other elements is also needed, such as relays, regu-
lators, meters for adjusting the currents, etc. We
shall consider here only two components of the
apparatus in somewhat more detail, namely the
modulator and the demodulator.

Modulator -

For the modulation of the telegraph signals on
the carrier, instead of the relay used in fig. 3 a
device can be used which contains no moving parts
and thus has the advantage that neither mainte-
nance nor adjustment is necessary. This device,
the telegraph modulator, is practically, identical
with the modulators used in carrier telephony which
have already been discussed in this periodical 3).
The diagram illustrating the principle of the tele-
graph modulator ("blo cker") was also described
there, and the circuit diagram is given once more in
fig. 10a. To the terminals 1-2 the voice -frequency
alternating voltage is applied which serves as
carrier, to the terminals 5-6 the direct current im-
pulses of the telegraph signals. The resistance of
the selenium rectifiers sl, s2 for the alternating
current depends upon the polarity of the direct

voltage acting on them at the same time. If point 6
is positive, the resistance in question is high; if
point 5 is positive, it is low. The alternating voltage
at the output terminals 3-4 will .thus alternate in
intensity according to the rhythm in which the -
voltage on 5-6 is reversed in polarity.

a)

Q.

4

5 , 6 5

Fig. 10. Modulator connections. T1, T2 transformers, s1 s4

selenium rectifiers. At 1-2 the carrier is applied, at 5-6' the
D.C. telegraphy signals to be transmitted, while at 3-4 the
modulated signal is taken off. The modulator replaces in fig. 3
the circuit situated inside the block within the broken line,
with the correspondingly numbered connections L to 6
inclusive.

Fig. 10b shows a somewhat modified circuit which,
as may easily be seen, has the property that the
resistance of the direct -current path between the
points 5-6 upon reversing the polarity remains
practically constant; this is desirable because the
signalling  apparatus to _be connected at 5-6 is in
general constructed for a specific external resistance.

In carrier telephony the audio -frequency microphone cur-
rents are applied to the terminals 1-2 of fig. I0a, the high -
frequency carrier to 5-6. In our case, on the other hand, the
(audio -frequency) "carrier" is applied to 1-2, while the much
more slowly changing D.C. signals are applied to 5-6. The
reason for this difference lies in the fact that in telephony the
carrier itself need not be transmitted; this is accomplished
by balanced connection with respect to points 5-6. In tele-
graphy the carrier has to be transmitted; moreover, the low -
frequency telegraph signals,if they were applied to 1-2, would
not be passed on by the transformer T1.

Demodulator

At the receiving end of the telegraph . system
the telegraph carriers, after being split up by
the receiving band-pass filters, must each be demo-
dulated separately in order to reproduce the tele-
graph signals. Whereas for the demodulation in
carrier telephone channels, containing only one
side -band without carrier, the carrier itself must be
added again 4), for 'the demodulation of the tele-
graph channels this is not necessary. These chan-
nels contain the carrier and both side -bands, so
that .the demodulation resolves itself into a simple
detection, as is employed for instance in radio
receiving sets.

3) Philips Techn. Rev. 7, 83, 1942. . 4) See for example Philips Techn. Rev. 8, 137, 1946.
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A circuit suitable for this purpose, working with
anode detection, is shown in fig. lla. The amplifier
valve B has such a large negative grid bias that in the
absence of alternating voltage on the grid the anode

' current is exactly zero (class B adjustment). Now
suppose that the telegraph signal shown in fig. 5
is being transmitted. It consists of positive and
negative impulses of the unit length r. An alter-
nating voltage is applied to the grid as shown in
fig. 11b (left, below), whereby the envelope of the
signal, distorted- in a *certain way, is assumed for
the sake of simplicity to consist of straight lines.

-1-

-V2

Ala

Im

A

4 67 8 5

r r

b)

Fig. 11. a) Simple connections for the demodulation (detection)
of the carrier telegraph signals. The valve B works in class. B
adjustment.

b) Form of the grid A.C. voltage Vg and the anode current
is in the case of a signal consisting of impulses of the unit
length T. The low -frequency component i, of the anode current
flows through the relay Q. This is so adjusted that it reverses
its armature at a current ia = im/2.

If we also assume a straight line for the valve charac-
teristic, the anode current is takes the form shown
in the figure. It can be split up into a low -frequency
component ii, which flows through the receiving
relay Q, and a component with carrier frequency,
which flows through the condenser C, connected in
parallel with the relay. The low -frequency compo-
nent i1 is of -similar shape as that of the envelope of
the anode current (namely divided by a factor sr).
It may be seen from the figure that the original
telegraph signal is reproduced undistorted provided
the relay Q is so adjusted that it reverses its arma-

-

ture at a relay current io amounting to one half of the
maximum value in.,. (In case the envelope should
not be straight, a different but in any case very
definite fraction would take its place.) If Q is a polar
relay this adjustment can be realized by sending a
constant direct current through an auxiliary wind-
ing of the relay in such a way that the field of the
current ic, is just cancelled. A simpler solution and
one therefore actually employed in our apparatus
is to take for Q a normal (non -polar) relay and to
adjust the tension of the spring holding the arma-
ture in position to the correct value.

Compensation of changes in level

The detection circuit described only functions
free of distortion as long as the level of the Carrier
received remains constant. Actually that level
fluctuates more or less, due for example to the fact

. that the cable attenuation varies with the tempe-
rature. If the normal level is such that the low -
frequency anode current i1 flowing through the
receiving relay has the shape ABCD . in fig. 12,

Ais

Im

o
n

4870e

Fig. 12. If the low -frequency component it of the anode current
increases to i17, the impulse received is too long, namely RS
instead of PQ. This distortion can be compensated for by
decreasing ii by a direct current ia'-ia

at a higher level for example the shape AB1C1D
will occur. The signal received is now too long,
namely RS instead of PQ. A signal distortion thus

RS-PQ
occurs to the amount of 100

PQ
%.

This distortion would be cancelled if the line
AB1C1D could be lowered by the amount PP1
1/2 BB'. The shape of the current curve would then
be A"B"C"D", which intersects the original line
-ABCD at the, height io, thus at the correct points
P and Q.

The signal -frequency anode current it must thus
be decreased by a direct current i01 -i0 equal to one
half the increase of its maximum value
A circuit diagram which accomplishes this is shown
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schematically.infig. 13a 5). In the grid circuit of the
amplifier valve an extra rectifying circuit is intro;
duced, consisting of the selenium rectifier. s and the
resistance R1, shunted by the condenser C1. The
valve is connected between a tap 1 at the middle'
of the input transformer and a certain tap 3 on -the
grid voltage battery. In' the non -signalling state
(no grid A.C. voltage) a D.C. voltage V2 therefore
acts on the valveln the blocking direction. When a
certain A.C. .voltage (carrier) whose amplitude
is smaller than 2 V2 acts on the grid, no current
will ever flow through the selenium rectifier, since
point 1 never becomes positive with respect to
point 3. If, however, due to an increase in the re-
ceiving level, the amplitude of the grid A.C. voltage
becomes greater than 2V2, namely 2 (V2 ± AV),
a current flows through the rectifier at the positive
peaks. The condenser C1 is thereby charged, point 2
becomes negative with respect to point 4 'and this
proceeds until 1 and 3 again have the same potential
at the peaks of the grid A.C. voltage.. This is the
case at a condenser voltage of A V. The grid bias
therefore' automatically becomes more negative
by the amount LI V, i.e. half the increase of the
carrier amplitude; see fig. 13b. It may immediately
be seen from the figure that also the envelope of the
anode current and thuis also the sipial-frequency
component of the anode current is lowered by
half the amount with which its maximum value
would have increased in the absence of s, C1 and R1.
This is exactly the shift which was desired.

If therefore the voltage V2 tapped from the bat-
tery is made equal to half the peak value of the
carrier at the 1 o we s t level occurring, no signal
distortion occurs at higher levels. In this way level
variations to 6 db above and below the normal level
can be permitted. The accuracy of the regulation is
only limited by the time constant RiC1 which must
5) A similar compensation for changes in level is necessary

in signalling in a telephone installation, see Philips Techn.
Rev, 8, 168, 1946. The solution there described is somewhat
simpler than the one given here. The difference is due to
the fact that the impulses received in telephone signalling
(dialling impulses) have much steeper fronts than the
impulses in telegraphy. With a steeper front the distortions
occurring and the required corrections are obviously 
smaller (cf. fig. 12).

be made large -enough for the extra grid voltage
furnished by C1 to be retained in the intervals be-
tween the impulses, i.e.- where the carrier amplitude
is zero for a time. In the sometimes long intervals
between successive telegrams, thanks to a suitable
connection of the transmitter the carrier is trans-
mitted continuously (in conformity with the re-
commendation by the C.C.I.T.), so that the
grid voltage is set at the correct value immediately
a telegram starts.
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Fig. 13. a) Detection circuit with automatic compensation
of the signal distortion caused by changes in level according
to fig. 12; s is a selenium rectifier. Tap 3 of the grid bias is so
chosen that 2 V, is equal to the amplitude of the grid A.C:
voltage at the lowest receiving level occurring.

b) Explanation of the functioning of the circuit shown in the
diagram. If the amplitude of the grid A.C. voltage rises from
2 V2 to 2 (V2 + LI V), by the charging of the condenser C1
the grid bias becomes more negative by the amount CI V.
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VELOCITY -MODULATION VALVES

by F. M. PENNING.

When an ordinary radio valve is used as oscillator, below a certain wave length the
efficiency rapidly approaches zero. This behaviour is caused partly by the transit time of
the electrons. If one attempts to shorten the transit time by reducing the valve'dimen-
sions, the energy which the valve can deliver again decreases rapidly. In order to avoid. this
difficulty in recent years a different principle has been applied for the excitation of deci-
meter and centimeter Waves, whereby the transit time of the.electrons is used to advan- 
tage. The beam of fast electrons concentrated by a magnetic or an electric field is made to
pass through a longitudinal alternating field which produces a velocity modulation
of the beam. As a result electrons which left the source later can overtake those which
left earlier and, fluctuations of density begin to appear along the beam: The beam is then
passed through the openings of a cavity resonator and later received on a large anode. As a
consequence of the fluctuations in density electromagnetic oscillations are caused in the
cavity resonator by induction. By back -coupling these oscillations to the part where the
modulating alternating field is excited - also a cavity resonator or aLe cher system -
an oscillator can be realized. In this article it is explained how the electron concentrations
depend upon the time and the place in the "velocity -modulator valve", and how with
several simplifying assumptions the efficiency can be approximately calculated from two

' characteristic quantities: the ratio g of external resistance to valve resistance and the
product of the number of the concentrations or parcels of electrons in the velocity -
modulating space and the back -coupling factor K. For the sake of clarity an example is
discussed.

When more than a half a century ago Heinrich
Hertz carried out his classical experiments on
electromagnetic waves he used a wave length of
about 30 cm. For various reasons radio technology
deyeloped first mainly in the direction of very long
waves; only in recent years has there been greater
interest in radio waves of a few decimeters down to a
few.- centimeters.

When ordinary radio valves are used for the
excitation of very short -waves 'one encounters
various difficulties, as has often been explained in
this periodical, difficulties which are caused for
example by the fact that the transit times of the
electrons are no longer negligibly small' compared
with the oscillation time, as at low frequencies 1).
This causes a damping in the grid circuit, with the
result that oscillations of too high a frequency can
no longer be amplified and the valve can no longer
oscillate above a certain frequency. Attempts may
be made to meet this difficulty by reducing the
dimensions, but this is naturally limited, and more-
over small dimensions involve limitation to small
energies.

Attempts have been made to turn these transit
time effects, detrimental in ordinary oscillators, to
advantage by changing the construction of the valve
or its connections.

1) See for these transit times, for example,C. J. Bakker,
Some characteristics of receiving valves in short-wave recep-
tion, Philips Techn. Rev. 1, 171, 1936; M. J. 0. Stru tt
and A. van der Ziel, The behaviour of amplifier valves

- at very high frequencies, Philips Techn. Rev. 3, 103, 1938.

621.38513

This can be done in several ways. The oldest
known example is found in the valves according to
B arkh aus en and Kurz; another example is the
magnetron, which was discussed in a previous ar-
ticle in this periodical 2). In both cases the electrons
swing back and forth in the valve. The distances
and velocities are so chosen that on an average
as much energy as possible is taken per period from
the electrons by the alternating field, which energy
then appears as energy of oscillation.

Use is made of transit times in a different way
in the so-called velocity -modulation valves 3),
which are the subject of this article. In these
valves the electrons do not swing back and
forth but always move in the same direction. The
modulation of the electron current is here produced
at the, entrance to the tube by periodic variation
of the velocity, previously equal for all electrons,
as a function of the time. This results in periodic
current variations farther along in the tube, be-
cause when the electrons which started later have a
higher velocity they overtake those which started
earlier.

Finally there are oscillator valves in which use is
made simultaneously of the velocity modulating

2) Philips Techn. Rev. 4, .189, 1939.
3) The literature on velocity modulator valves has become

very extensive in recent years. We mention here only the
first articles by the pioneers in this field. W. C. Hahn
and G. -F. Metcalf, Proc. Inst. Radio Eng. 27, 106, 1939;
R. H. Varian and S. Varian, J. Applied Phys. 10,
321, 1939; D. L. Webster, J. Applied phys. 10, 501
and 864, 1939.
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effect just described and of the swinging back and
forth of the *electrons, which is characteristic of
B arkhaus en -Kurz valves. These oscillator valves
are also very important in practice. An interesting
example will shortly be discussed in this periodical.

Before we now pass on to the elucidation of the
principles on which the functioning of velocity -
modulating valves is based, we shall make a few
general remarks about the way in which the high -
frequency energy of the electrons is transmitted
to the oscillation circuit.

In ordinary transmitting valves .the electrons
finally strike an anode forming part of the oscilla-
tion circuit, which with the small dimensions of the
valves results in the above -mentioned limitation
of energy. On the other hand in the velocity -modu-
lator valves and also in other oscillator valves based
upon transit time effects, the electrons are made to
pass along the "oscillation circuit" (a cavity
resonator is often used 'for this) and give' off their
energy in ductively 4). The, anode is placed far-
ther on in the valve and may have any desired size.*

Principle of the velocity -modulator valve

Fig. 1, which also gives the notation used, shows
diagrammatically the arrangement of a velocity
modulator valve. The oscillator system contains
two grids A1B1 (modulator) placed very close
together and considered to be absolutely permeable,
and another similar pair A2B2 (inductor) separated

el
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sino.)
>.

Vi t

inodulator
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V2 sh cot2

indubtor "988overtake space

Fig. 1. Diagram showing the principle of the velocity modulator
valve. A beam of electrons with a current i0 amperes and an
energy V0 electron volts (velocity v0) first passes two closely
placed grids A1B1 (modulator), between which an A.C. vol-
tage V1 sin wt is applied.
The velocity modulation of the electrons thereby excited is
converted in the "overtake spa9e"B,42, which is free of field,
into, a modulation of the convection current i. This modulated
current gives off energy to an oscillation circuit (inductor)
connected between the grids A2 and B2, which is represented.
diagrammatically by a self-induction and a capacity, although
a' separate L and C arc not used, but for instance a cavity
resonator.

4) See for example p. 159 of the article by C. G. A. von
Lin d ern and G. de Vries "Flat cavities as electrical
resonators" Philips Techn. Rev. 8, 149, 1946.

from 41.1.81 by a space free of field' ./31.442 (velocity -

modulating space). The grid Al is at a potential Vo
with respect to the cathode. If an A.C. voltage
V1 sin, cot, = a Vo sin cot' is now applied between B1
and Al (a = Vi./Vo = depth of modulation), the
voltage on B1 is equal to Po (1 + a sinag1). The
electrons arrive on the grid Al with a velocity vo,
which corresponds to the voltage Vo, and leave
grid B1 with a velocity. v, which depends upon t1

' according to the relation

v vo 1/1 + a sin col = vo 1/1 + a sin 2nt1lT (1)

(T = time of oscillation). In this way the beam of
electrons receives a velocity modulation. For
-T/4 < t1 < T/4, v increases with t1, and thus
electrons leaving B1 later will be able to overtake
the electrons leaving B3 earlier. This can be seen
clearly in fig. 2. The vertical x axis represents the
direction of motion of, the electrons. The modulator
A1B1 lies at the point x = 0. We assume that 'at
regular intervals of 1/12 T .electrons with equal
velocity vo move from below towards the system
A1Bi. In the diagram of fig. 2 the distance x covered
by each electron can be read off as a function of.t.

The slope of the lines is here a measure of the
velocity of the electrons. In the lower part of the
figure it 'amounts to 45°, since the 'quantity x/voT
is plotted along the vertical axis and along the
horizontal axis the quantity t/ T. The lines represent-
ing the behaviour of th'e different electrons are
therefore parallel at the bottom and also equidistant.
Due to the velocity modulation this is no longer
true in the upper part of the figure. Upon passing
the point x = 0 the lines in question will therefore -
show a bend the degree and direction of which are,
deteimined by the depth of modulation a and the
moment t1 at which the electron passes the modu-
lator, that is the point x = O. (For a given line
is the abscissa of the point of intersection with the
t -axis; is therefore the moment at which the
electron that was at x at the moment t left the
modulator (x:= 0).) Due to the modulating voltage
these bends will form a pattern in the part of the
figure above the line x = 0 in which intersections
of ;the lines in question occur, which means that
the electrons overtake each other. The character
of this pattern depends upon the value of the depth
of modulation a. In fig. 2 the value a = 0.2 has
been chosen.

We. are now able to follow the course of a given
group of electrons in their passage through the
valve. We draw for example a vertical line at t =
112 T and cut it by the 45° line through the origin
and 12 neighbouring lines. The ordinates of the
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intersection points, given in the figure by dots,
represent the positions of 13 equidistant electrons
which have not yet reached the modulator at the
moment t = -1/2T. In order to discover what
happens to this group .of electrons at later moments,
t = 0, 1/2 T,.T etc. we must cut the bent lines by the
vertical lines corresponding to these moments.
These points are also indicated in the figure and it is

V0

gm 3

-f

zontal line the larger the current at the correspond-
ing moment. From the figure it can be read off
quite easily that for a given value of x the current is a
purely periodical function of time, but that for
different values of x the character of this periodical
function differs.

.The model  of fig. 3 shows us the form of this
periodic function for a number of values of x/voT.

O

3

T .ui.

Fig. 2. Distance -time diagram for electrons which pass the grids AIR, of fig. 1 at regular
time intervals T/12. The quantities x/voT and t/T are plotted. Each of the continuous
oblique lines represents the behaviour of x as a function of t for a given electron. The bend

' which the lines exhibit at x _ 0 is determined by the depth of modulation a, for which in
this case the value 0.2 is chosen. It may be seen how concentrations and rarefactions occur
in the beam. At lj (focus)' the current first becomes infinite; at f,n (maximum plane) the
first.Fourier component of the A.C. is a maximum.

0

clear how a concentration gradually occurs in the
middle of the group.

This concentration takes place around the elec-
tron which passes the modulator at the time t = 0;
whose velocity vo thus remains unchanged. The
concentration -is thus likewise propagated through
the valve at the velocity vo. It increases in strength
and at about t = 1112 T reaches a maximum, while
for t > 1/2T the order of several electrons is found
to have changed.

In a similar way it is possible to study an inter-
section of the network of lines of fig. 2 with a hori-
zontal line, for instance the line x/vo T = 1. This
gives an idea as to what takes place at a given point
in the valve in the course of time. The points of
intersection of the chosen horizontal line with
the oblique lines represent the moments at which the
various electrons pass the point in question: It is
clear that the closer the.intersections lie onthe hori- .

(In accordance with the abbreviations to be intyo-
duced presently, the quantity x/voT is indicated in
the figure by and t/T by t.) Fig. 3 shows more
clearly than fig. 2 how a concentration, which, for
example, begins to form at the moment t = 0 and
at .x = 0.is propagated through the valve in the'
direction of increasing x, increases in density.
The distance -time line of the current concentration
makes an angle of 45° with the horizontal axis,
which means -- in reference to the scales chosen --
that the concentration moves through the valve
with a velocity vo, as already noted above.

Fig. 4 is a reproduction of an instantaneous
picture of the current through the valve (cross-
section of the surface of fig. 3 for r = 1.52,
the moment at which the current first becomes in-
finite). It may be seen how the centres of the current
concentrations are separated from each other.by a .

distance of about A = voT, which may be called
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the "concentration wave length". Since the pheno-
mena are repeated periodically with the oscillation
time T, the instantaneous pictures, differing only
by a time T, are identical. The concentrations thus
travel through the valve as a kind of wave with an

Fig. 3. The variation of the current i in a velocity modulator
as a function of the time t and the distance x to the modulator.
Plotted horizontally are the values of xlvo T and t/ T

z), vertically the value of where is is the unmodulated
current. The upper edges of the vertical strips thus indicate
how the current at a given place varies as a function of the
time. The current maxima are propagated at a velocity v0
in the longitudinal direction of the valve direction). They
meanwhile first increase in height and later split up into two
peaks which move farther and farther apart.

oscillation time T, a velocity of propagation vo
and a wave length Al. The height of the top of the
wave thereby increases and becomes infinite at a
certain spot. The peak then splits up into two parts
which become farther and farther apart. It is to be
noted that the electromagnetic oscillations of the
same oscillation time T have a velocity c and a
wave length A =- cT. For the relation between Al
and A the following relation is apparently valid:

AO= volc= 0,002 1/ 1/0 ( V0 in volts) . (2)

In the foregoing and with reference to figs. 3 and 4
we have discussed the behaviour of the electron
current i as a function of the distance x from the
modulator and of the time t. We shall now show how
this function and thus also the figures can be calcu-

lated. We shall then particularize the calculations
for the case, so important in practice, where the
velocity -modulator valve osc;llates at the fun-
damental frequency co and the depth of modulation
a is small (a < 1). The results of these calculations
will enable us to discuss the theory of the velocity
modulator as amplifier and as oscillator and to
explain it with an empirical example.

Calculation of the current variations

For the calculation of i as a function of x and t
it is helpful to use as auxiliary quantity the time ti
already introduced. Obviously

x = v (t-t1),

where v, the velocity of the electron, is given by
equation (1). When this value of v is substituted in
the above equation we find for the relation between
t1, t and x:

t = t1 x/v = x/v0 171 + a sin cot'. (3)

The latter equation and those following can be more
simply written when one uses as variables, instead
of the distance x and the time t, the non -dimensional
quantities used already in figs. 2, 3 and 4.

= x/v0T and r = t/T (4)

Then according to (2)

= x/voT = xlAi= 500 x/).1/ Vo. ( Vo in volts) (5)

The quantity has a simple physical significance. Since the
distance between the centres of two current concentrations
according to fig. 4 amounts to Al, for the case where is a
whole number i = x/Ai represents the number of concen-
trations or parcels situated within the distance x. With an
obvious extension even when i is not a whole number it can
still be called the "number of parcels" in the distance x; we
then speak, for example, of 3/4 parcel in the distance d when
the distance between two parcels is 4/3 d.

With the help of the new variables and r
equation (3) may be written as follows:

5

oo

t 4-

3-

2A, 3 4 5ki

O 2 k = 2_, 3 5
V077 7 16.1,

Fig. 4. Instantaneous picture (for r = 1.52) of the current
variation in the valve as a function of the distance x to the
modulator. The centres of the current concentrations have
a mutual distance approximately equal to ni = v0T and are
propagated in the valve as a wave of wave length Ai, velocity
v0 and oscillation time T.
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Z = Zi + 01 1 + a sin 21Lr1 . . . . (6)..

This relation between the reduced times of arrival
(z) and departure (z1) is shown ink. 5 for a number
of values of the redUced distance e (it is assumed
that a = 0.2). It may be seen in the figure that for
sufficiently large values of e, namely e>ep three
values of zi correspond to one value of z, i.e. at a
single given moment, z, electrons pass the spot
in question e, which left the modulator at three
different moments z1. On the other hand for e>0
only one value of zi corresponds to one value of z.
We shall revert to the significance of 0 later on.

2,5

g=2,0

=0J52_

0 +05
4$236J

Fig. 5. Reduced time of arrival T. of electrons, which have
covered a reduced distance 4, as a function of the reduced time
of departure r1. The scale for zi is taken twice as large as that
for r. Depth of modulation a = 0.2. At -= 1.52 the value
of dri/dr = gio first becomes infinite (focus).

After these preparatory remarks the ratio of
the current i at x to the unmodulated current io
entering the modulator can easily be derived. Let us
consider a group of electrons which pass x between
t and t + dt and there giVerise to a current i, i.e.
have a charge i 'dd. If xSvoTef the group in
question is made up exclusively of electrons which
have left the modulator in the same time interval
(t1, t1 + dt) and which there had the charge ioldtil.
Since no electrons have been lost en route

i I cid = io idtd (7)

If on the other hand x> von/ the group of electrons
in question is actually the sum -of different groups,
in the case of fig. 5 three groups. which left the
modulator in three different time intervals (t1('),
t1p)+4.0), h(2), t-1(2) dti(2) ). and (t10), t,(3)+dt/0)).

Equation (7) must accordingly be replaced by
3

i Idfl i0 @tin (8)
k®1

We now introduce the reduced variables (4) again.
Moreover, in order not to have to distinguish each
time between the cases (7) and (8) we shall collect
the two cages into one equation:

= jo E IdziI (9)

on the understanding that here and in the equations
following from it the sign of summation can be
omitted when e< ef.

1
= ici

. clz/dzi I
(10)

If one substitutes here the value of drldri, which
can easily be calculated from (6), the result is:

1

i/i0 = (11)
I1-nab (1 + a sin 27r r1)-3/2 cos 27t zit

Equation (11) gives i/i0 as a function of r1, but, we
wish to know i/i0 as a function of z and must
therefore eliminate ri from (11) and (6), which,
however, is not possible explicitly. Figures 3 and 4
are calculated by determining corresponding values
of i/io and z for a number of values of z or e from
(6) and (11).

Figs. 2 to 5 can also be derived directly from the surface
shown in fig. 6, which represents r as a function of r, and
.according to equation (6). For the sake of clearness a is there
assumed to be equal to 0.4. The cross -sections perpendicular

.to the r, axis are straight lines which satisfy (6). If these
straight lines are projected on the r- surface fig. 2 is obtained,
while fig. 3 appears when the derivate dri/dr = ilio from fig. 6
is determined and plotted as a function of r and Fig. 4 is a
cross-section of fig. 3 for r constant, while the curves in fig. 5
are cross -sections of fig.. 6 for constant.

We now return to the significance of the abol're-
mentioned critical value 4f of e = xlv0T. According
to equation (10) the current i at x becomes infinite 5)
when dz/dzi =.0, i.e. when the curve corresponding
to = x/voT in fig. 5 is parallel to the r1 axis. It is
clear from the figure that for e< 0 this is never the
case, for e = 0 once per period and for e>:0.
twice per period. The. critical value e is thus the
smallest value of e for which the current becomes
infinite. For larger values of e it even becomes
infinite twice per period, corresponding to the
double peaks in figs. 3 and 4. For small values of e
on the other hand it always remains finite and from
fig. 3 it may be seen that for small values of e, i.e.

5) The current. maxima in question remain finite in a theory
which takes the space charge into account.
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close to the modulator, there are in fact no infinite
peaks.

The spot in the valve for which $ = $f is called
the "focus", because at that point (in connection
with the fact that the point for which dr/dr1 = 0
is in this case at the same time a point of inflexion)
the highest concentration of electrons occurs.

Fig. 6. The Ti T1, l plane (cf. fig. 5). The scale for T1 is five
times as large as that for T; a = 0.4.

This concentration of the electrons shows a strong analogy
to the focussing of light rays by a lens and has therefore been
called "phase focussing" by Briiche and Recknagel 5). In
the optical case rays of originally the same direction are
focussed by a lens at a point in space; in the cage of the
velocity modulator electrons of originally equal velocities
are focussed by an alternating field at a point in time
(phase point). In the case of the lens the changes in direction
of the rays depend upon the place, where they strike the
lens, while in the case of the alternating field the
changes in velocity of the electrons are determined by the
time, or in other words by the phase at which they enter
the field. The analogy is also clear from fig. 2, where the origi-
nally parallel distance -time lines (at the bottom of the figure)
are broken by the A.C. field and brought to a "focus". If in
fig. 2 the time axis is considered as a distance axis the case is
the same as that of optical focussing.

In order to calculate $f explicity the smallest
value of $ must be sought for which dr/dr1 = 0,
i.e. for which one of the denominators in (11) be-
comes zero. The values of $ for which this is the
case are given by

(1 + a sin 27cr1) 3/2
. . . (12)

cos 27cri

The minimum of this is found by differentiation
with respect to r1. For r<1 the following can be
derived from (12):

1/7ra (at a < 1); (13)

the point of inflection then lies at r1 = 0. For

6) E. Briiche and H. Recknagel Z. Phys. 108, 459, 1938.

larger values of a, $f becomes smaller than 11 na
In fig. 5, where a = 0.2, equation (13) is fairly well
satisfied by $f = 1.52 instead of 1/0.2 n = 1.59.

Calculation of the fundamental component of the
current variations

Although, as stated above, it is impossible to
find an explicit expression for the current variations
as a function of time and place, it is possible to
calculate the current value for the fundamental
frequency of the current, thus the Fourier com-
ponent with the frequency co, at least if we confine
ourselves to the case just considered where a < 1.

This component is usually the most important
in practice, because the circuit in which it is desired
to cause oscillations at the output end is tuned to
the fundamental frequency and possesses a large
impedance only for that frequency.

For a < 1 (6) and (11) can be developed in powers
of a and the linear terms in a are sufficient. One
then obtains 7)

27c (r-$) = 27rx1na $ sin 27c rl . . (14)
and

i/ic, = Z 1/(1-7ca$cos 27cr1) (15)

In connection with equation (13) the summation
symbol in (15) may be omitted for na$S1. Calcu-
lation shows that the fundamental component of
the A.C. part of i can be represented, for aa$S1 as
well as for na$>1, by 8)

i2 r) = 2i0 J1 (7ra$) cos 27c (r- $). (a < 1) (16)

J1 is here the Bess el function of the first order.
The amplitude /2 of the fundamental component
at the position $ thus has the value

/2 () = 2 io J1 (nct$) (17)

From (17) it follows that for a<1 the amplitude
/2 of the A.C. depends only on a$ and no longer on a
alone, i.e. with varying a the same value of /2
is retained when the distance covered by the elec-
trons varies inversely proportional to a. For the
focus (na$ = 1) /2 is equal to 2 io J1 (1) = 0.88 i0;
the maximum amplitude, however, is reached for

7) When the summation sign is omitted in (15), for ora<1,
these are the equations of an extended cycloid with 27e (r -l)
and the reciprocal of i/io, i.e. as coordinates and
ti as variable parameter. For 7ta>1 the equation is
obtained of a shortened cycloid; for certain values of T the
quantity 1/(1-nal cos 27tt1) then has more than one value
and in order to calculate the current equation (15) must
be used with the sign of summation.

8) Equation (14) is identical with Keppler's equation for
the movement of the planets, from which Bessel
solved r1 as a function of r with the aid of the functions
which were later named after him. The solution of
dtl/dr = iiio as a function of t leads to (16).
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Ira = 1.84 and amounts to 2 i0 JI (1.84) = 1.16 io.
The plane in which this happens we call the "maxi-
mum plane", to distinguish it from the focus;' the'
following holds for that plane:

7r(a)m = 1.81, (18a)

Hence if a is taken as constant:

Sm = 1.84/Ica. (180

The velocity modulator as amplifier

Before considering the velocity modulator as an
exciter of oscillations we shall first study its action
as an amplifier. For that purpose an A.C. voltage
aVo sin wt is applied between the grids B1 and Al
(modulator). The energy of the beam of electrons
modulated by this A.C. voltage is given off to an
oscillation circuit with impedance Z tuned to co
and connected between A2 and B2 (inductor).' We
shall now assume that the distance d2 between A2
and B2 is very small as compared with the concen-
tration wave length Ai. Then the A.C. which flows
from B2 'through the impedance  Z to A2 is exactly
equal to the value i2 in (16) of the fundamental
component of the current through the valve with
the amplitude /29). If V2 is the amplitude of the
A.C. voltage between B2 and A2 and the impedance
for the higher harmonics may be ignored, compared
with Z, the following holds: V2 = 124 and the total
oscillation energy which flows through the output
circuit per second is 1/2 /2 V2. If, further, we under-
stand by the efficiency n the ratio of this total
oscillation energy to the D. C. energy ioVo given

' off to the electrons, then according to (17)

/2 V 2

=
2i V2

- (nab). . (19)
o o Vo

In order to give this efficiency its maximum_ value
two' conditions must be fulfilled, namely 12/2 io or
J1 (7za) must be a maximum and V2/ Vo must be
a maximum. The first condition implies that the
maximum plane must be situated at the position
of the inductor;' the corresponding value m of
follows from (185), while

/2/24 = J1 (Ira m)(1.84) = 0.58. (20)

As to the second condition it may be noted that
for V2/ Vo electrons will be thrown back before they
reach the inductor. We thus assume that V2 can at

9) See for example C. J. Bakker and G. de Vries, Phy-
sica, 2, 683, 1935, where the case for finite d = d2/21 is
discussed. For this the amplitude becomes

sin nr
2, io J, (na;).

:;"

the most be equal to Vo. It then follows from (19)
that

nmax = 0.58 (21)

The amplification factor, which is obviously given
by VolaVo, is ' therefore in. the case of maximum
efficiency equal to the reciprocal 1/a of the depth
of modulation.

The conditions which must be satisfied by i0,
V0 and Z at given values of the depth of modulation
a and length of the overtake space in order to attain
this maximum efficiency follow from (5) and the
relation V2 = Vo.

According to (5) the following holds:

ii Vo = 500 x/2 (V0 in volt) , . (22)

thus, on the basis of (18)

Vo = 855 ad/.1 (Vo in volt) . . (23)

Further, for.the realization of nmax,Z must have a
value Zm, which satisfies V2 = 1.16 ioZm = Vo;
thus Z. = V0/1.16 io.

If we denote Vo/io, the "valve resistance", by
Zb and the ratio of external resistance Z to valve
resistance Zb by e, then.

e = zizb z Vo (24)

em Zm/Zb = 1/1.16 = 0.86. (25)

At a depth of modulation a, therefore, theoretically
the maximum efficiency of 58% is obtained it

Vo = 855 adIA and cp = em = 0.86.

The velocity modulator as oscillator

' In order to use the velocity modulator as oscillator
there must be a back -coupling of the inductor to
the modulator. Just as in the case of triode oscilla-
tors, this back -coupling must ,have a certain
minimum value to make the occurrence of oscilla-
tions possible. The "back -coupling condition" can
easily be indicated, after the foregoing.

When an A.C. voltage V1 sin 27vr is 'applied be--
tween B1 and Al an A.C. occurs in the impedance
of the inductor, whose fundamental frequency 4
is determined by (16), so that for the voltage over
the impeda* Z between B2 and A2 the following
is valid:

-i2 Z = -2 ioZ J1 (na) cos 27r (r-) =
=;--V2 cos 2n (r--4) . (26)

The amplitude of this A.C. voltage thus amounts to

V2 =. ;iv Z J1 (nat) (27)

If it is desired to maintain oscillations a part .../C
(back -coupling factor)._ of must -be sent- back to
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A1B1 and must there be equal to V1 in amplitude
and phase. We shall return to the phase condition
later. The amplitude condition obviOusly becomes

KV2= V1=aVo,; . . . (28)

or in connection with (27) and (24)

K  2i0Z JI(.7ra0 = aVo,
so that

K = a/20/1.(7ta) (29)

At the beginning of the oscillations when a is
practically equal to zero, K must have a value Kmin
which according to (29) satisfies

Kmin = (30)

because for a (1, 2 J1 (era) = 7ca.
When one takes K > Kmin the amplitude of the

'oscillations increases; the value of the depth of
modulation a in the modulatoy then follows
from (29).

The efficiency is again determined by (19), for :
which, with the relation V2/ V0 = a/K following
from (28), one may also write

12 V2 a= -=-- J *vcce) . (31)
2/0 V I0 K

Just as in the case of the amplifier, 71 is a maximum
when 12/2i0 and V2/ V0 or a/K are maxima. The
latter is again true for V2 = V0 or a = K. The con-
ditions for maximum efficiency (18a) and (25)
hereby pass over into:

7c(M)rn = 1.84 (42).
Amax = 0.58-

= 0.86 (33).

Equations (29) and (31), however, lead not only
to the conditions for flmax but also give the efficiency

. for any other case, since it depends upon the two
characteristic .quantities e and K. This may be
seen more clearly when (29) and (31) are written
in the following form:

eK ='aV2J1(na) (34)

7g.K = aUj.(ra) (35)

From equation (34) the value of a at given values
of e and K follows, while substitution of thisin (35)
gives the efficiency. It is also possible to calculate
both OK and nvc as functions- of a according to
(34) and (35) and then represent 711C as a function
of oK in a single curve.

In fig. 7 n is plotted as a function of K with e as a
parameter. At a constant value 'of e the maximum
of, is reached when the inductor, lies in the maxi-
mum plane. For e 0.86 this maximum reaches

its optimum value of 58%. For e>0.86 only those
parts of the curve are 'drawn for which V2 < Vo,
i.e. a<K, since with V2 > V0 electrons would be
reflected. It may be seen from the figure that for
these values of e the efficiency always remains 58%.
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Fig. 7. Theoretical value of the efficiency ?I of a velocity-
modulator valve as a function of K at constant e. K = back -
coupling factor, = number of parcels between the modu-
lator and the inductor, e.= ratio of external impedance Z to
valve resistance Vo/i0. The theoretical optimum efficiency of
58% is attained at the maximum of the curve for e = 0.86.

Fig. 7 may also be interpreted as follows: for e<0.86'
the current through the valve can be entirely
modulated by taking Ica = 1.84; the impedance,
however, is then still too small to modulate also
the voltage to its maximum value (V2 = V0). This
latter. takes place only ate = 0.86. Fore > 0.86
on the other hand the impedance is so large that
the voltage can be entirely modulated; this takes
place at constant e for two different values of a
and a respectively (in the figure the points where
the curves end). For these values of e, however,
the current at the inductor is again not 'entirely
modulated, so that 77 remains smaller than 58%.

According to .(35)" the maxima of i fore < 0.86 (current
maximum) in fig. 7 lie on,the equilateral hyperbola mg.K =
1.84 Ji (1.84). Fore > 0.86 the curves, end at the points for
which V2: = Vo (voltage maximum) or a = K; these points,
according to (35), lie on the curve = J1 (7rUC) and accord-
ing to (34) satisfy the relation 2e J1 (n K) = 2en = 1.

In the foregoing no use has been made of the phase
condition of the back -coupling. According to (26)
the voltage between B2 and A2 is

-V2 cos 27c(r-) = V2 sin 27c(r--114), (36)

while that between B2 and A2 was taken equal to

V1 sin 2rcr.

For ..the phase difference 0 between the two vol-
tages, therefore, the following holds:

4: li4) 2n..
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Due to the back-colipling the phase is rotated
through an angle T. The phase condition of the back -
coupling is now. apparently:

±q'= + 1/4) 2n + 99 = n  2n (n a whole
number),

n -1/4 - g)/2n . . . . (37)

Further, according to (22) V0 is -connected witli
so that finally the value of Vo is determined by

500 d/A (n -1/4- (pl2n) . (Vo-in volts) (38)

When the values of q,, d, A, K and Z are deter-
mined by the oscillator system (modulator circuit,
inductor circuit and back -coupling connections),
the values of Vo and io may still be chosen. For the
excitation of oscillations must satisfy (37). Hereby
several discrete values of are fixed, and thus,
in connection with (38), also of Vo. The value of io
can then still be chosen arbitrarily. This determines
N = io Z/ V0. The efficiency, which is a function of
e and K, then follows from fig. 7.

We have defined the efficiency i as the ratio of the total
oscillation energy to the energy ioVo given off to the electrons.
In practice the "aerial efficiency" no is of more importance.
By this we understand the quotient of the aerial power and
io Vo. Obviously n=7)a lb where ns refers to the .oscillator
system.

If now the impedances Za and Z, observed from A,B,
(fig. 1) of the aerial and the oscillator system respectively are
known, the following relation holds for the total impedance
Z: 1/Z = 1/Z, + 1/Z3; e is then known, and from fig. 7 ?land,
after some calculation, na also can be derived.

In velocity modulators na is often appreciably smaller
than n, since Z, cannot be taken large enough. Usually one
works here with, high voltages and currents whereby Vo/io
becomes high and e loW. As an example we choose Vo = 5 kV,
io = 50 mA and 1K = 1. Then Z6 = 100 000 f2. For the occur-
rence of oscillations according to (30) elK must at least be
equal to 1/7r, thus e at least 117r and Z 'at least 32 000 n.
If Z, is little larger than this amount, Za must be taken very
large, since otherwise the total Z becomes too small and the
oscillations stop. The aerial can then take up only little energy
and no will be much smaller than the value of n without
aerial (no) following from fig. 7. Thus for example for Z, =-
40 000 fl, for the case with no aerial no = 0.22, while with an
aerial the highest value attainable for rin is only 0.01. With
increasing Z, the ratio 9747/0 becomes more favourable; ,for
Z, = 100 000 S2 thus e = 1, we arrive at no = 0.38 (without
aerial) and na = 0.17 maximum. For Z, = co all the energy
.can be concentrated in the aerial.

Finally it must be remarked that in comparing
the experimental results with the 'results of the
above theory no precise agreement can be expected,
since the theory is derived on the following simpli-
fying assumptions: .

1) the space charge may be 'disregart:Jd;
2) the depth of modulation is small (a(1);

3) the grids are completely permeable for electrons;
4) the electrons always move parallel to the axis;
5) the grid distances are infinitesimally small.

As far as point 4) is concerned it may be noted
that when slits with no grids are used (see below)
.the field is very unhomogeneous and, moreover, the
magnetic field holding the electron beam together.

,causes the electrons to describe spiral paths. This
may cause a. flattening of the maxima along the
electron beam. ' '

Empirical example

In order to elucidate the above theoretical
considerations we shall, discuss an experimental
case which ha's indeed only a small efficiency but in
which the various characteristic quantities are easy
to determine. The arrangement is shown in fig. 8.
The beam of, electrons here passes through a tube
made of silica to reduce the, dielectric losses.With the
aid of a coil, not shown -in the figure, the beam of
'electrons is kept concentrated along .the axis of
the tube. The oscillation system, shown in cross-
section for the sake of clarity, consists of a co -axial
Lecher system of copper outside the silica tube;
the inner and outer cylinders are kept at the proper
distance from each other by two insulating discs.

In the silica tube itself there.are no grids of any
kind for varying the velocities of the electrons, the
beam being affected only by external electrodes.
In the left-hand slit the electron velocity is modu-
lated, in the inner cylinder the velocity modulation is
converted into a density modulation and this den-
sity modulation induces again . an A.C. field in
the right-hand slit. As a result the whole system
oscillates in such a way that voltage maxima occur
at the slits, while the length of the inner cylinder is.
for example about 1/2 A. The energy can be taken off
by a loop, which is brought into the interior through
a slit, which may be seen at the middle of the upper
side of the outer- cylinder.

Instead of the grids .441B4. and "I2B2 of fig. 1. -we
here have the slits S/T3. and S2T2 (fig. 9). The impe-
dance Z between S2 and T2 is approximately equal
to the impedance between S2 and U2 of the open
1/2 A system Ti U1 U2 S2 and can be calculated by.
means of the formula 10)

240 R1R2 tin \ 2
Z

nS Ri ± R2 R1)

where R2, the. radius of the .outer cylinder, equals
3 cm, R1, that of the inner cylinder, equals 0.95 cm
and 8, the depth of penetration of the skin effect,

10) See C. G. A. von Lindern and G. de Vries Lecher
systems, Philips Techn. Rev. 6, 240, 1941.
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is 4 x 10-5 la (copper). With 2 = 35 cm in the case
in question this gives approximately

Z= 3 x 10652.

The inside of the cylinder T1 S2 (length d = 15 cm)
here serves as overtake space, while the outside
functions as back -coupling connection of about
1/32 length. Since T1 and S2 are opposite in phase,

According to (38) the tube voltage is thereby fixed:

Vo 250/(n-1/4), ( V0 in volts) (39)

since here d A. For the back -coupling factor K
the following holds:

K= 1.
The valve oscillates at V0 = 5000 volts, for which

Fig. 8. External oscillator system consisting of two co -axial cylinders (shown in cross-
section) with two slits. The oscillations are excited by the electron beam in a silica tube
inserted along the axis of the oscillator system. The whole is placed in a co -axial magnetic
field.

the angle 1), through which the phase is rotated upon
back -coupling, is zero, so that according to (37)
the number of parcels in the length d becomes

= n -4'
Uj U2

1S2

42366

Fig. 9. Diagram of the oscillator system of fig. 8. The system
oscillates in about the same way as the open Lecher
system T, U, U2 S2 with a length of 1/2 A. The outside of the
cylinder T, S2, inside of which is the overtake space, serves as
back -coupling connection with K = 1.

according to (39) is is approximately equal to 4,
so that 33/4 parcels are situated within the overtake
space 11).

According to (30) the oscillations begin at OK =
1/n. The width of the slit here, however, is not
infinitesimal, which makes the minimum value of
OK larger (cf. footnote 9)). When this is taken into
account, with = 33/4, Vo = 5000 volts and Z =
3 x 106 fl, one finds for the current at which the
oscillations begin a value of 2 mA. The experimental
value was 31/0 mA.

Instead of having the oscillator system external
it may also form part of the valve itself. In that way
oscillations of considerably higher frequency can be
excited.

11) With an external oscillator system deviations from equation
(39) may occur, since due to wall charges the energy of the
electrons need not correspond to the anode voltage Vo.
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It is clear that with the system of fig. 8 only a
low efficiency can be expected, since according to
fig. 7 when 4 and K = 1, thus K = 4, the
total oscillation efficiency n is not more than 10%,
only part of which reaches the aerial. Experimen-
tally in the case of fig. 8 a power of 8 watts could be
realized in an incandescent lamp, which corresponds
to an efficiency of 1a = 3%. In judging this result
account must be taken of the simplifications intro-
duced into the theory (see above).

In order to obtain the theoretical maximum
efficiency of 58%, according to (32) neK should be
taken equal to 1.84. On the other hand for K = 1

must equal n-114 (n a whole number); the opti-
mum value of is thus 3/4. This leads, however, in
connection with (39), to an unusable value for Vo
(> 100000 volts). Therefore in order to attain high
efficiencies the oscillator Systems must be designed
otherwise, but we shall not go- more deeply into
that here.
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Description of the Philips dynamo pocket torch type No. 7424. When squeezed "normally"
it generates a light flux of 2.4 lumens, for which the user has to apply about 0.9 watt of
mechanical energy. In spite of the intermittent excitation the light flux varies only little
while the dynamo is being squeezed. This is due partly to a large moment of inertia and
high speed of rotation of the rotor and partly to the flatness of the voltage - speed cha-
racteristic. The dynamo, which on broad lines is analogous to a bicycle dynamo, contains
a permanent magnet of eight poles made of "Ticonal" 0.8 as rotor. The armature winding
is on a stator of a construction very different from that commonly used and adapted to
a high degree to mass production. The dynamo is made resistant to short-circuiting, as
will be explained.

In this mechanized age it is not often that man
reverts to the use of his own physical strength to
perform work which he has long been accustomed
to have performed by other sources of energy.
That is, however, what has occurred on a miniature
scale in recent years since the dynamo pocket torch
came to occupy an important position side by side
with the traditional battery pocket torch. This
development was stimulated by the fact that during
the war batteries became scarce, while black -out
precautions increased the need of a pocket torch.
But now that war scarcity and blackout are things
of the past the dynamo pocket torch still appears
to be in great demand, obviously because the public

621.313.39-871

has become more conscious of the disadvantages
of the battery torch even in peace time: the neces-
sity of repeatedly buying new batteries and the
chance that at a critical moment the batteries kept
on hand will be found to be exhausted when the torch
has not been used for some time. These disadvan-
tages are especially pronounced in tropical countries,
where batteries deteriorate more quickly and fresh
supplies have sometimes to be fetched a long
distance away.

There is another example where light is generated
by physical strength; the bicycle lamp. In the devel-
opment of the dynamo pocket torch extensive use
has been made of the experience gained in the
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construction of modern bicycle dynamos. This will
become evident in the following description of the
Philips dynamo pocket torch, type no. 7424 1)

General construction

The construction of the dynamo itself is very
similar to that of a bicycle dynamo. The magnetic
field is produced by a permanent magnet in the
form of a rotor, while the armature winding, in
which an alternating e.m.f. is generated by the
rotation of the magnet, is on a soft iron stator.

47/9/

a

by the same hand that holds the torch and directs
its light, rotary drive is out of the question. A
squeezing motion, either with the palm or with
the thumb, is practically the only motion that can
be reconciled with the other two functions of the
hand.

In our case thumb pressure has been chosen.
The mechanism of the motive power based on this
principle is shown diagrammatically in fig. la. The
lever, which is pressed in periodically against the
action of a spring, is attached to a gear rack which

b

7290

Fig. 1. a) Mechanism of the rotor in the Philips dynamo pocket torch type no. 7424.
The lever H with the rack T is pressed in periodically with the thumb against the force
of the spring V. Via the pinion R,, T drives the freewheel N. When the lever is pushed in
N carries with it the toothed rim K, which, via the pinion R2, drives the rotor M, while
upon the lever H being allowed to spring hack the toothed rim and the rotor continue
to turn freely. b) The dynamo pocket torch with casing removed. F frame, H lever with
rack T, R, pinion, N cog wheel transmission with freewheel, R. pinion on the spindle
of the rotor M, D dynamo.

With this principle of construction, which has
become a practical possibility since magnet steels
of very high magnetic power have become available,
the collector with brushes and the separate excit-
ation of the field found in ordinary dynamos are
dispensed with, and these simplifications alone have
made it possible to produce dynamos sufficiently
small and reliable for the purpose.

The small lamp fed by the dynamo is mounted
on the dynamo itself and the light emitted is con-
centrated by a small lens and reflector.

Since the rotor of the dynamo has to be driven

1) In addition to the type described, a second, smaller dynamo
pocket torch (the "Byou", type no. 7426) has also been
developed by Philips. We shall, however, confine ourselves
here to the first -mentioned type.

sets the rotor of the dynamo in motion via a pinion
and cogwheel transmission with freewheel. Thanks
to the freewheel the rotor continues to move
without hindrance when the lever springs back.
The rotor, driving cogwheel and lever spindle
bearings are in a frame entirely enclosed in the
casing. Lubrication is provided by a small piece
of cloth drenched with oil and clamped to the
bearings. The photograph in fig. lb shows how all
the components are assembled in the frame (with
the casing removed).

With "normal" squeezing the dynamo yields an
average effective voltage of 2.5 volts and supplies
the lamp with a power of about 0.3 watt. Losses
due to friction, eddy currents, etc, make it necessary
for the user to apply a mechanical energy of 0.9 watt.
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Since the lamp will usually only be in continuous
use for relatively short times, a total lifetime of
10 hours is considered sufficient The lamp therefore
burns as it were on "overvoltage" for the sake of
better light efficiency. The light flux obtained
(always .withwith "normal" squeezing) amounts to
2.4 lumens, half of which is irradiated from the
lamp as effective light. In the beam proper at a
distance of 1 m an illumination intensity of about
4 lux is obtained.

The overall dimensions of the torch are 8.5 x 5
X 3 cm, with a total weight of only 215 grams, so
that it can very well be carried in the coat or

.trousers pocket or in a lady's handbag.

Mechanical details of the construction

A bicycle dynamo gives off about 3 watts elec-
trical power and requires about 9 watts mechanical
energy from the cyclist. The power of the pocket
torch dynamo is therefore about 1/10 of that of a
bicycle dynamo. This ratio is not unreasonable,
considering the volumes of the muscles concerned
in each case in the production of the mechanical
energy and taking into account that the leg muscles -
have to drive not only the dynamo but also the
bicycle 2). A more direct method of obtaining some
idea of the mechanical energy which can be de-
manded of the thumb is to calculate the s que e zing

ower. In squeezing, the thumb can only make a
stroke of a few centimeters and cannot repeat the
squeezing motion more than a few times per second.
If s is the stroke in cm and n the number of strokes
per minute, the squeezing power P which the thumb
must exert upon pressing in the lever in order to
produce an average power of N watts is

P = 612 - kg.
s  n

In the case of the dynamo pocket torch described
here the stroke at the extremity of the lever where
the thumb  acts is about 3 cm. From tests with
different persons it has been found that a frequency,
of about 180 strokes per minute may be considered
as normal. The force of the squeeze required for
N = 0.9 W is then about 1 kg. Added to this is
the force of about 0.5 kg necessary to overcome the
pressure of the spring tending to push the lever
back. With a total force of 1.5 kg one is clearly
not far from the limit of what can be demanded

2) With an ordinary bicycle and moderately good tyres a
Power of, for instance, 30 to 100 watts, according to the
condition of the road surface, in very unfavourable con-

.. ditions even up to 200 watts, is necessary for a speed of
15 km/hr.

Of the thumb muscles: a much greater force of
squeeze would in most cases lead too quickly to
fatigue.

The transmission ratio of the cogwheels is so
chosen that, at the normal frequency mentioned
and with a ratio of about 1 : 1 between the times
for pressing down the lever and its return,, the
rotor attains a speed of about 4000 r.p.m. Such a
high speed is desired for the dynamo to function
in a sufficiently flat part of its voltage-speed
characteristic, a requirement which will be discussed
later. Moreover, a high number of revolut;ons
makes it  possible to accumulate rotation energy
in the rotor with a relatively low moment of inertia,
thus small dimensions and light weight, so that
in spite of the periodic interruption of the motive
power the rotor continues to run with sufficient
uniformity. Much higher speeds than the one
mentioned can hardly be considered, because a
second cogwheel transmission would then be
required, which would reduce too much the mech-
anical efficiency and cause the noise of the mechan-
ism to assume undesirable proportions. In order to,
minimize the noise as far as possible, the toothed
rim on the freewheel is made of the well-known
"hard tissue" frequently used for damping the
sound of gearwheels, which consists of compressed
layers of fabric impregnated with artificial resin
("Philitext").

Fig. 2. Construction of the freewheel. Upon the hub being
rotated in one direction the three rollers P roll along the face
R of the three teeth upwards (a), become jammed between
R and the toothed rim K and thus carry the latter along.
When the hub is rotated in the opposite direction the rollers
run down again (b) and no longer make contact with the rim
K, which can thus continue to turn freely in the direction
in which it started.

The construction of the freewheel (fig. 2), which
periodically carries the toothed rim alOng with it
and then allows it to run on freely, is also designed
to produce little sound and, moreover, ,as little
friction as possible during the freewheeling.

The desired moment of inertia  of the rotor can
be obtained by affixing a lead disc on the rotor
spindle beside the permanent magnet. The whole
must be well balanced in order to ensure smooth
running of the rotor, without vibrations.
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Electrical and magnetic details

The voltage-speed characteristic

At low speeds the terminal voltage of an A.C.
dynamo under a certain permanent load resistance
is proportional to the number of revolutions, but
at higher speeds it becomes more and more inde-
pendent, of the number of revolutions.

This phenomenon and the measures which have
to be taken to obtain the flattest possible voltage
speed characteristic have already been discussed in
this periodical in connection with the description
of a bicycle dynamo 3). Since the same considerations
apply to the pocket torch dynamo we shall go into
them in somewhat more detail.

To begin with it must be explained in how far
a flat characteristic is of importance for the torch
dynamo. Though a cyclist usually rides at a fairly
constant speed, this will sometimes be high (for
instance 25 km/hr) and sometimes lower, while
there are also cases where he dismounts and wheels
the bicycle along a short distance (5 km/hr). A flat
characteristic is therefore necessary for a bicycle
dynamo in order on the one hand to obtain sufficient
light from the lamp at 5 km/hr and on the other hand
not to overload the lamp at 25 km/hr. In the case
of the dynamo pocket torch the situation is some-
what different, for the average speed of squeezing
will vary only slightly at different times, certainly
not more than by a factor 2, compared with a
factor 5 in the case of the bicycle dynamo. Thus for
the same voltage variation a less flat characteristic
would be sufficient. Here, however, we have a new
factor : the variation in the speed of the rotor during
the squeezing. Although an attempt is made to
reduce these variations as much as possible by the
above -mentioned enlargement of the moment of
inertia, it is clear that a limit is set by the fact that
the torch has to be kept small and light. The
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Fig. 3. Variations in the number of revolutions of the rotor
caused by the intermittent drive, upon periodic squeezing in
this case about 120 strokes per minute and a ratio of about
1 : 2 between the times of pressing in and the releasing of
the thumb. -

3) H. A. G. Haze u and M. Kick, An alternating current
dynamo with a flat characteristic for bicycle lighting,
Philips Team. Rev. 3, 87, 1938.

fluctuations in speed which may still remain are
shown in fig. 3 for a certain, rather unfavourable
case. If it is desired to prevent these speed variations
frOm causing a disturbing fluctuation of the light
flux, the solution must again be sought in making
the voltage-speed characteristic as flat as possible,
especially because of the very small heat inertia
of the filament, which is only 12 p thick.

The terminal voltage becomes independent of the
number of revolutions when the inductive resistance
of the armature winding, which is proportional to
the frequency of the A.C. voltage excited and thus
to the speed of revolution, is large compared with
the ohmic resistance of the armature winding plus
lainp. Since the inductive resistance increases
according as a higher flux is excited in the armature
by a given current, it is desirable to keep the
magnetic resistance of the armature circuit low.
Furthermore, it is desirable to have a large number
of poles on magnet and stator, since at a low speed
the voltage generated still has a high frequency.

The magnet of the pocket torch dynamo has
eight poles, so that at 4000 r.p.m. the frequency of
the A.C. voltage generated amounts to about 250
c/sec. For a compact construction it is important
that no actual projections need to correspond to
these poles: the magnet (like that of a bicycle
dynamo) consists of a short smooth cylinder,
magnetized in eight poles along the periphery.
Such a construction was very uneconomical with
the magnet steels formerly available, for, as soon as
the magnet is transferred from the magnetizing
apparatus to the ultimate circuit, the flux produced
by two neighbouring magnet poles then has a
certain tendency to close inside the cylindrical shell
through the 'steel, instead of acting outwards. In
order to prevent this it is necessary that the magnet
steel lying between the poles along the circumference
of the cylinder should offer a high resistance to
the reversal of the direction of magnetization thereby
occurring. The magnet steel "Ticonal" 0.8 used for
the pocket torch dynamo possesses this property
to a high degree 4).

Accompanying the property mentioned there is
generally a low reversible permeability, i.e. the
magnetization is little affected by small fluctuations
of the magnetizing field. In particular, therefore,

4) As a closer consideration will show, the condition can be
formulated more precisely as, follows: the demagnetization
curve, especially near the turning point of the magneti-
zation, must have a small slope. For this purpose it is
desirable that the steel, compared to the residuum, should
have a large coercive force - a property which the older
magnetic steels (tungsten steel) possessed to a much
smaller degree; cf, the full -drawn and the dotted magneti-
zation curves in fig. 6.



AUGUST 1946 DYNAMO POCKET TORCH 229

the armature reaction has little effect on the magnet,
which promotes the stability of the whole. On the
other hand, if we desire to obtain a flat voltage -

speed characteristic, a lOw reversible permeability
is an obstacle to the second requirement that the
current through the armature winding must excite
a strong counter flux. In as far as it has to pass
through the magnet this field then experiences a

a

Fig. 4. a) The components of the dynamo ("exploded" view).
The two cross -shaped stator pieces are rotated 45° with
respect to each other and affixed to the spindle on either
side of the armature coil, which is passed over a cylindrical
core. The bent -down ends of the two crosses form the eight
poles of the stator and enclose a cylindrical space in which
the magnet (extreme right) rotates.

b) The magnetic circuit assembled. The dot -dash line
represents the path of one line of force.

c) View of the finished circuit.

fairly high magnetic resistance. The counter -field
is therefore given the opportunity of completing
itself for a large part outside the magnet, i.e. the
magnetic circuit of the armature winding is made
with a wide spread.

The form of the magnetic circuit, which deviates
very much from the usual form, may be seen in
fig. 4. It is formed by two cross -shaped pieces of
soft iron sheet with the ends of the arms bent over
at an angle of 90°, and a cylindrical soft iron core
over which the armature winding is placed. The
two crosses are fastened against the ends of the
cylindrical core. The inner cross has slightly shorter
arms than the outer one. Due to the fact that the
two crosses are rotated 45° with respect to each
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Fig. 5. Relation between the terminals voltage and the number
of revolutions of the pocket torch dynamo with permanently
connected lamp for 2.5 V, 0.1 A. The dotted line represents
the corresponding relation for the Philips bicycle dynamo
type no. 7722 equipped with a lamp for 6 V, 0.5 A.
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other, the four bent ends of one cross fall between
those of the other, and the eight ends, which function
as stator poles, together enclose a cylindrical space
in which the magnet rotates. Armature coil and
magnet in this peculiar circuit are thus arranged
as co -axial cylindrical discs. In fig. 6b the course of

lines of force can be followed with the help ofthe
the example given;

4nss

its flatness, in spite
during the periodic
occurs in the light
perceptible.

fig. 6c is a photograph of the
circuit fully assembled.

It is clear that this
circuit will have the de-
sired large spread, consi-
dering the great length
over which it travels be-
tween neighbouring stator
poles adjacent to each
other at such relatively
short intervals.

In fig. 5 the voltage-
speed characteristic is
reproduced, which is ob-
tained with the construc-
tion described. Thanks to

of the fluctuations in the speed
squeezing only a slight flicker
of the lamp, which is scarcely

Owing to its peculiar construction the magnetic circuit
is specially adapted to the requirements of mass production.
An important point, for example, is that the armature winding
can be prepared in advance on a winding machine in the form
of a simple disc -like coil, to be passed over the core before
the two cross -shaped pole plates are put on.

The fact that the magnet is constructed as a smooth cylinder
without projecting poles is also very important for mass
production. The magnet steel, cast in the desired shape and
hardened, is so hard and brittle as to allow of practically
no other processing than grinding. The prescribed simple
cylindrical shape makes it possible for the grinding to the
precise dimensions of the magnet to be carried out by a method
particularly suitable for mass production, namely on a so-
called centerless grinding machine, which process costs
relatively little in time and energy.

Safety measures against short-circuiting.

Due to the wide spread of the magnetic circuit,
the necessity of which was explained above,
magnetic energy is "spilt". Thanks to the high
output of magnetic energy per unit of volume of
the magnet steel "Ticonal" 0.8 this extravagance
is permissible, without it being necessary to have
recourse to too heavy a magnet, in order to excite
the necessary flux in the armature. It is even
possible to go farther and to sacrifice still more of
the magnetic energy to make the dynamo insensitive
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to short-circuiting, as will be seen from the following.
Fig. 6 gives the demagnetization curve of the

magnet steel, i.e. that part of the magnetization
curve which gives the induction (in gauss) as a
function of a demagnetizing field (in oersted).
Given the magnetic resistance of the circuit, the
relation between the induction and the field is
represented by a straight line through the origin,
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Fig. 6. Demagnetization curve of the magnet steel "Ticonal"
0.8 used in the pocket torch dynamo. In ordinary use the
working point of the magnet steel (of a given part in the
poles) runs for example back and forth on the line BC. Due
to a temporary short circuit this point would fall to, D through
the strong counter -field S1. When the magnet is demagnetized
in advance to the working line he and is given correspondingly
larger dimensions to obtain the same flux, a weaker counter -
field, S2, occurs upon short-circuiting (where S2 : S1= 13.2 : B1),
so that the working point only falls to d. The dotted curve

 W represents, for the sake of comparison, the demagnetiz-
ation curve of tungsten steel.

for instance k in fig. 6. At the point of intersection A
of this line with the curve the induction may be read
off which the steel Will:retain when, after magnetiz-
ation to saturation, it is placed in the circuit in
question. When, due to the rotation of the magnet,
a current begins to flow in the armature winding, -
it will excite a counter -field, which causes the in-
duction to fall from A to B; upon the current falling
to zero the induction increases again, not along
the magnetization curve but along the practically
straight line BC, the slope of which is equal to the.
previously mentioned reversible permeability. In
the state of rest the working point remains at C,
while when the torch is functioning it runs back
and forth along the line BC (strictly speaking it
describes a very narrow loop).

This is true, however, only as long as the counter=
field due to the current taken off does not become

stronger than corresponds to point B. If a short
circuit occurs, when a Much larger current flows
for a very short time, the induction falls for instance
to D, the short circuit is ended and the induction
ascends along the line DE instead of returning to C.
A new working point E is then reached, which may
have a much less favourable position. This means
that after one short-circuiting the dynamo will no
longer produce sufficient voltage, unless the magnet
is magnetized anew by means of special devices
required for that purpose.

This disastrous effect of a short-circuit can be
eliminated in a simple manner by using a somewhat
larger magnet and demagnetizing it slightly when
assembling the dynamo, for instance to point b
in fig. 6, so that the working point lies at c 5).
The magnet has to be so much larger as to produce
the same flux as before, since under otherwise equal
conditions the flux determines the A.C. voltage
generated. Also the current upon short:circuiting
occurring is the same, but the counter m.m.f.
thereby set up is distributed over a greater length
of magnet and the demagnetizing field (S2 in fig. 6)
is thus proportionally smaller. The point d reached
when short-circuiting occurs will therefore not lie
much lower than b and in any case much higher
than D. With a suitable choice of the initial state c,
the working point may even in the event of a short-
circuit still remain on the recoil line be, so that the
short-circuit then causes no permanent change of
any kind.

The method described is employed in the pocket
torch dynamo in order to exclude the possibility
of it being rendered unserviceable by a single
temporary short-circuit, although there is very
little chance of short-circuiting thanks to the com-
pletely cloSed construction of the torch. The slightly
heavier weight of the magnet constitutes no ob-
jection, especially since it could be set against the
above -mentioned lead disc added to increase the
moment of inertia. In this case it would have been
of practically no advantage to reduce the amount
of magnet steel by substituting one of the still
better kinds of magnet steel for the "Ticonal"
0.8 6).

5) Point c will only lie on the same line b when the air gap
is enlarged in the same proportion as 'the magnet. In
practice this will not be done; the considerations become
somewhat more complicated but the conclusions remain
the same.

6) See, for example, B. 3onas and H. J. Meerk amp
van Emb d en, New kinds of steel of high magnetic power,
Philips Techn. Rev. 6, 8, 1941.
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THE VITREOUS STATE

by J. 'M. STEVELS.

The vitreous state of matter is the solid state of aggregation which occurs when a liquid
solidifies without crystallizing. In this article the factors are discussed which exert influence
on the tendency 'of a substance to solidify in the vitreous form. The most important
cause of the formation of a glass is an association Of the atoms of the liquid which leads
to larger and larger complexes upon decreasing temperature of the liquid. Under certain
circumstances, discussed in this article, these complexes have practically no tendency to pass
over into a crystalline structure. The mass then solidifies in such a way that the arrange-
ment of the atoms, considered over short distances, exhibits much similarity with that
in a crystal, while over distances of more than a few atoms there is no regular arrange-
ment. In the case of the glass-foiming oxides a detailed study is made of the characteristics
of their structure responsible for their tendency to form glasses, following in the main
the conceptions of Z a ch aria s en. In conclusion a discussion is given of the inorganic
glasses formed by fusing together different oxides. It is shown that a glass can best be
composed of a suitable acid oxide as glass -former and basic oxides which lower the
temperature of fusion.

Most substances are known in three states of
aggregation: gaseous, liquid and solid. In the
gaseous state the molecules of the substance have
no mutual cohesion, so that a given quantity of it
can fill a space of any given form and size. In the
liquid state the volume of a quantity of substance
is almost independent of pressure and temperature.
The form of the space filled, however, is still
arbitrary, while in the solid state the form is also
fixed.

Given such a description the question immediately
arises as to whether ills clear in every case what state
of aggregation one is dealing with. If, for example,
a liquid is very compressible, its behaviour under
high pressure does not differ in character from that
of a gas. If, on the other hand, a liquid has a high
viscosity, so that it accommodates itself only slowly
to the shape of the container, doubt may be felt
whether one is not dealing with a solid. It is well
known that a gradual change of shape (plasticity)
is possible in a solid under sufficiently high pressure.
Thus if the states of aggregation of matter were
distinguished merely by the characteristic proper-
ties just outlined, the state of matter could always
be considered more or less as a transitional case
between different states of aggregation.

The fact that the states of aggregation of the
substances occurring in nature are usually unam-
biguously determined is thus actually a'remarkable
phenomenon. The reason for this fact by no means
lies in the properties which the substance possesses
in each of those states of aggregation, but in a
phenomenon which has not yet been mentioned,
namely that of discontinuous phase transitions.
At very definite temperatures the substance
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suddenly changes its. structure, and with the ab-
sorption or giving off of heat it passes over from
One state of aggregation to another.. The range of
existence of the states of aggregation is sharply
limited by theses phase transitions, so that all
uncertainty is removed.

If we now consider in particular the transition
between the liquid and the solid substance, the
change in structure consists briefly in the fact
that the molecules in the liquid state exhibit a more
or less random arrangement, while the solid sub-
stance' has a definite crystalline structure. Upon
further cooling of the solidified material this

. structure may change one or more times (again
with the giving off of heat). It is thus not in prin-
ciple necessary that a phase transition should be
accompanied by a change in the state of aggregation.

The vitreous state

In the case of many substances it is observed
that upon cooling the liquid mas's solidifies gradually;
without there being any question of a phase
transition. The viscosity of the liquid increases
steadily with decreasing temperature until the
deformation of the mass has finally become so
difficult that .the substance must be called solid.
Conversely, upon heating 'such substances above
a certain temperature they do not suddenly become
liqUid, but only very gradually. Apparently no
sudden change of structure occurs during the soft-
ening or solidifying.

A substance which behaves in this way is called
a glass in the solid state. From X-ray diffraction
photographs of glasses it is indeed evident that the
atoms exhibit the same random arrangement in
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the solid state as in the liquid state. This may be
due to various causes. In the first place it might
be held that the molecules or parts of molecules,
from which the glass is built up are unsuitable for
the composition of a regular crystalline structure.
This, however, is a practically unknown pheno-
menon, at least in inorganic chemistry. It is more
likely that the crystalline state does indeed exist
but that the molecules are too much hindered in
their movements during the solidification to
achieve this regular arrangement. Class is therefore
called a supercooled liquid. By this is meant that .
upon cooling the liquid has indeed passed through
the temperature zone of a phase transition but that
the phase transition has not taken place. The
vitreous state is thus unstable compared with the
crystalline state. In certain cases it has actually
been observed that the glass begins to crystallize,
which is called devitrification.

For the sake of completeness attention must here'be called
to the difference between glasses and amorphous substances
which also possess a random molecular structure but which
cannot be considered as supercooled liquids. Certain substances,
for example, are. obtained in the amorphous state by conden-
sing them from the vapour on a cold surface. The atoms
deposited then lose their freedom of movement all at once
due to the cooling, and remain at the spot where they happened
to be deposited.
' Very many substances are obtained in the amorphous
state when they are precipitated rapidly from a solution and
at not too high a temperature (for example metal hydroxides
or oxide hydrates). Such an amorphous substance is also
formed by the electrolytic oxidation of aluminium in certain
solutions, whereby a porous, very adhesive covering layer of
A1203 is fornied on the metal (technically known as eloxal
film). Upon examining this surface layer with X-rays no
crystalline structure is detected. This means that any possible
order of the atoms cannot be more than a few atomic distances.

When does the vitreous state occur?

As already stated, the cause of the occurrence of
a vitreous state may in general be sought in the fact
that the . molecules of the liquid arc too much
hindered in their movements to attain the crystalline
state. The fact that the molecules of a substance
which solidifies as a glass are actually less mobile
than those of other substances may .be concluded
from the fact that the molten glasses usually possess
a high viscosity. It is very possible that the "mole-
cules" of the glasses in the liquid state are already
joined to larger aggregates, which, because of their
shape or position, are not capable of being combined
into a crystalline structure; crystallization then
requires a  complete regrouping of :the atoms,
whereby here and there bonds in the "molecules"
must be broken. The process therefore requires

a very long time and can only take place completely
upon very slow cooling.

. A striking example is furnished by the behaviour
of sulphur, and especially of selenium, which,
when the molten substance is not too slowly cooled,
is easily obtained in the vitreous form. Since each
Se atom can combine with two other Se atoms by
means of strong valence forces, at a relatively
high temperature in molten selenium, chains

Se - Se - Se - Se - Se - Se

are already formed, which become longer and longer
with decreasing temperature. As a result the vis-
cosity of the molten selenium increases rapidly
as the temperature is lowered. The forces between
neighbouring chain molecules, in contrast to the
forces inside a chain molecule, are relatively weak,
so that there is little tendency towards crystalliza-
tion. Only at a fairly low temperature, at which
the mass is already extremely viscous, is the state
reached where the molecules would take on a .
regular arrangement. In the meantime, however,
the possibility of motion of the chains in the
tangled mass has become so slight that this arrange-
ment can only take place very gradually.

If the decrease in temperature takes place fairly
rapidly the viscosity quickly reaches such a value
that the substance may be considered as solid. The
mobility of the molecules has then become practi-
cally zero and regular arrangement is then quite
impossible.

A type of behaviour similar to that of selenium
is encountered in numerous organic substances, for
example ethanol (ethyl alcohol), glycerol, glucose,
cane sugar and various alkaloids such as brucine
and cocaine. In the cases of these substances also
the molecules probably join in the liquid state to
associated complexes, so that there is little tendency
towards crystallization.

In the case of the glasses proper, which are ob-
tained by the fusing of certain oxides or mixtures
of oxides, the analogy of their behaviour to that of
selenium is less obvious, and for a thorough under-
standing of the vitreous state it is therefore desir-
able to investigate the structure of the glass -forming
oxides more closely. In the discussion we shall be
guided by the work of Zachariasen 1), who showed
that the formation of a glass is connected with
certain specific properties of the crystal structure.
Z a cha s en's rules are found to furnish a datis-

' factory picture of the behaviour of the oxides, and
they may with success be used to prophesy whether

1) W. H. Zachariasen, J. Amer. Chem. Soc.. 54, 3841, 1932;
J. Chem. Physics 3, 162, 1935..
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a given compound possesses a tendency to form
a glass:

Structure of vitrifying oxides

The most suitable components of glasses, accord-
ing to general experience, are the oxides of elements
such as boron and 'silicon, which furnish small
atoms with a high charge. We may consider these
oxides to be built up in the.first instance. of negative

 oxygen ions ,(02-) and the very much smaller
positive ions of boron, or silicon 03+ or Si).l
In these cases the force of attraction of the central

.ion is so great that the "charge cloud" of the neigh-
bouring negative ions is drawn towards that central
ion. A treatment which chooses the centre of the
negative ions as the position of the negative charge
cannot, therefore, lead to quantitatively correct
results:

It is, however, very useful for our purpose, i.e.
for finding the relation between the structure of
the vitrifying oxides and their tendency to form
a glass.
 Just as in the case of selenium, we shall first

examine .how with falling temperature the particles
will combine to larger aggregates. We shall try
to explain the way in which this takes place on the
basis of two examples, namely from the structure
of crystobalite, the crystalline,modification of
Si02 which is stable at high temperatures, and from
that of B203. The structure of crystobalite, whiCh is
well-known from X-ray analysis, is shown in fig. I.
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Fig 1. Crystal structure of crystobalite. Black dots, silicon
ions (Si4+); white circles, oxygen ions (02-). Each silicon
is surrounded. by a tetrahedron of oxygen ions.

It may be seen that here every Si4+ ion is surrounded
by four oxygen ions arranged in a tetrahedron.
Each of these oxygen ions, however, is not only
bound to one positive ion, but at the 'same time
forms a part of the surroundings of a neighbouring
positive ion. In this way the structure can be
extended in all, directions, so that the whole crystal
lattice is held together by valence forces.

In' the case of boron trioxide the boron ion. is

surrounded by 'only three oxygen ions. The structure
of boson trioxide and that 'of silicon dioxide thus
contain triangular and tetrahedral groups of ions,
respectively, which are 'shown in fig. 2. It may be
seen that the space between the oxygen ions only

41977

Fig. 2. The most commonly occurring ion groups in the crystal
structures of the oxides of glass -forming ions:
a) triply charged' positive ion with three surrounding oxygen

ions (the case of B203),
b) quadruply charged positive ion with four surrounding

oxygen ions (the case of Si02).

offers room for an ion of 'much 'smallei dimensions
and it is therefore obvious that these structures
will only occur in the presence of very small positive
ions.

Considered purely geometrically, the silicon ion .

or the boron ion could be also surrounded, by
larger number of negative oxygen ions, for instance
six. Since the interstice between 6 negative ions,
however, is appreciably larger than the highly
charged central ion itself, this coordination is not
stable from the point of view of energy; due to the
attraction by the positive charge the negative ions
are drawn as close as possible to the central ion,
and this results in a number of negative ions being
pushed out of the first shell around the central ion.
The result is the grouping of the oxygen ions in
triangles or tetrahedra already mentioned.

The way in which these groups of ions can com-
bine to a crystal is shoivn in fig. 3, in which a number
of regular structures for the sake of simplicity,
plane structures - are reproduced which are derived
from the triangular group.*

The 'distinctive difference between fig. 3a on
the one hand and figs. 3k and 3c on the other is
that in case a) each negative oxygen ion belongs
to three  adjacent groups, while in cases b) and c)
only two neighbouring groups are joined by each
oxygen. ion. Which of these two possibilities will
be realized depends upon the charge of the positive
ion: If one assumes that the positive ion - like the
oxygen ions - is doubly charged, it is evident that -

the negative charge of the ion triangle is three
tines as large as the positive charge of the central
ion. A neutral whole can then only be obtained by
having each oxygen ion belong to three different
groups, so that a structure like fig. 3a will be formed.
If, however, the -positive ion has a triple charge,
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the 'negative charge of the ion triangle is only twice
as large as the positive charge, so that every okygen,
ion will be, coupled to only two positive ions.
Rarefied structures of the nature of figs. 3b- and c
then' result.

.A ,+,

hir-TIVY1,37%,0*;#4*.

b
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Fig. 3. Diagram of the way in which crystal structures can be
formed from triangular ion groups in a flat plane.' In case
a) three ion groups come together at each angle, in the cases
b) and c) only two ion groups.'Case c) differs from case b) by
the more symmetrical arrangement of the positive ions and
by a more rarified structure. .

- The fact that the presence of highly -charged
positive ions leads to a rarefied structure may seem
paradoxical, but' it can be explained in principle
in the following way. If we are concerned with
polyhedra consisting of in doubly -charged negative
oxygen ions (in = 3 for a triangle, m = 4 for a
tetrahedron), each of which "belongs" to n positive
ions (which bear a charge p), then for the sake of
electrical neutrality 2/n = plm. Thus for a given
kind of polyhedron p, n is a constant, in other words
a high charge 'p on the central positive ion results
in a low value of the  coordination number 2)

of negative ions, and thus in a rarefied, structure.
It' might 'be imagined that the structure b) is

more advantageous from the .point of view of
energy than c); it has indeed a greater density and
thus yields more to' the attractive forces between
the particles. This opinion,' however, is found to be
incorrect. A structure like 3b is only possible when

' each positive ion is surrounded by other positive
ions in an only partially symmetrical manner, 'so
that the mutual distances between some of these

.*1 117

2) This term is generally used to ii4icate the, number of
immediate neighbours (atoms or ions) possessed by a-
giiien' atom (or ion).

ions are small. Now it is just these neighbouring
. positive ions which are not- completely` screened
from, each other by the surrounding negative
charge. They will therefore repel each other strongly,
which makes the structure less stable. The result
is that the completely symnietrical configuration
according to fig. 3c is more favourable than 3b from

,the' point of view of energy. This' can' also be
expressed by saying that the repulsive forces
between the highly charged positive ions "swell"
the lattice until a symmetrical, although also , a

rarefied, structure is obtained.
' The same forces which are active in the crystalline

 state are also already active in the liquid slate of
the oxides in question. Perfectly regularly arranged
lattice structures are' then not yet present, but
the first surrounding of . every positive ion by
negative ions will not differ much from that in a
crystal. Here also the electrostatic' forces of the
ions will result in ion' groups joining together to
larger aggregates by means, of common oxygen ions.
As far as the mutual connection of neighbouring
groups of ions is concerned, these aggregates will
exhibit much similarity with the final crystalline
structure; over longer distances, however, the regu-
lar arrangement will not be maintained.

For the crystal types of figs. 3a and c the arrange-
ment in the liquid state is now shown diagramma-,
ticnlly in fig. 4. In the attempt to construct such a
figure it is immediately obvious that these two cases

4
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Fig. 4. Diagram of a liquid in which association occurs accord-
ing to the structures of fig..3a) and c), respectively.'In case
a) if there is no completely regular arrangement there must
be unsaturated valences; in case c) on the other hand the non -
regular state differs from the regular state' only by slight
differences in the valence angles. Therefore in case e) there
is little gain in energy to be obtained by making a regular
arrangement:
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behave quite differently: in the case of lattice type
a) one has, only the choice between the perfect
crystal lattice and a structure in which the bonds
between neighbouring ion groups are partially
broken, whereas in the case of type c) quite irregular
structures may, be formed by slight changes in the
valence angles (which always occur due to thermal
agitation). Since in the case of ionic. bonds the
valence forces possees no pronounced , preferred
direction,  the irregular. structures, mentioned are
practically as favourable from the point of view of
energy as the ideal crystalline structure.
 From these considerations it follows that sub-

stances with lattices of the type c) exhibit a behav-,
iour like that of selenium upon solidifying. Since
the binding forces between the ions are very large,
association will already occur at a high temperature,
and it will lead to a considerable increase _of vis-
cosity with decreasing temperature. The associated
groups have then indeed no crystalline character
as yet, but as far as energy is concerned they are
'not much Jess favourable than the crystal structure,
so that their tendency towards crystallization is
relatively small. Crystallization therefore only begins
at such a low temperature that the viscosity of
the material very much retards it. When the cooling
is not very slow- crystallization fails entirely to
take place and a glass is formed.

Generalization of the condition for vitrification

In the above the vitrification of the oxides has
been explained by the possibility of forming
irregular structures in which the valence forces
- except for a small change in the valence angles -
are just as effective as in the crystal structure.
We have already seen that rarified structures best
satisfy this condition; in particular it was found
that vitrification was impossible in 'the case of a
structure of the type of fig. 3a.

The general formulation of 'the  characteristics
which the structure of an' oxide must possess in
order to be able to form a glass is in this ,way
reduced to' a geometrical problem.. This problem is
quite complicated since it must be treated not in
a plane but in three dimensions. We shall not go
into the details here, but only summarize the prac-
tical results in the following four rules.
1) Every oxygen ion must be bound to not more

than two positive ions which must be highly
. charged and small. .

'2) , The number of oxygen ions which surround such
a positive, ion may not be too large or too small
(3 or 4).

3) The ion groups adjacent to each other may have

common corners but 'no common edges or faces.
4) There must be. ion groups which have at least

three oxygen ions in common with:neighbouring
ion groups.

Some of theie rules (especially the first) already
follow from the discussion given by us of the plane
case. ,Others can be, verified by a consideration of

, - -spatial structures. ` .

These 'Conditions, which ,were discoVered by
Zacharias en, are always found to be satisfied in
the case of the glass -forming ions, and conversely
it may be said that every oxide which' satisfies
them is able to form a glass. These considerations
can also be applied to' other compounds related
to the Oxides. Thus, for example, it follows for the
fluorides that only beryllium fluoride' can be
obtained in the vitreous state, which is actually
found to be confirmed. As an illustration the.struc-
tures of BeF2 'and CaF2 are shown in fig. 5, and it is

41021
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Fig. 5. Crystal structures of the fluorides BeF2 and CaF2.
White circles F-ions, black dots BO+ and Ca2+ ions, respec-
tively. In the first -mentioned structure, which is identical
with that of Crystobalite, the conditions for the formations
of a glass are satisfied, which is not the case with the last-
mentioned: the ion groups are in contact not only at corners
but over whole surfaces, and each fluorine atom 'belongs to
more than two ion polyhedra.

evident that the last mentioned compound does .
not satisfy the first three conditions Z a charia s'en
but satisfies the fourth.

The ,fluorine ions here play, the same part as the
oxygen ions in the case of oxides.

Survey of vitrifiable oxides

In the foregoing we have seen that the rarified
structures necessary for the formation of a glass can
only  be .obtained When the positive ions have a
small diameter and a high ,charge. In 'the case of
the triangular 02- groups it was found that the
positive ,ion must be at least triply charged; for
tetrahedral 0' groups, which occur, much more
often in three-dimensional structures, 'a minimum
charge of, four follows in the same, way. We may
therefore expect that the elements of the fourth '

and fifth columns of the perio'dic system of the
elements will be the Most suitable as "glass formers".
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An experimental investigation has confirmed this
expectation. In fig. 6a the elements are indicated
which form glasses according to experience and also
according to Z a chariasen's rules. The position

 of the cations in the periodic system (fig. 6b) agrees
perfectly with the expectation expressed.

.41)

2
5) 83+ 3 4 51 6 7 8 9 10

14) Si 4+ 11 12 13 14 15 16 17 18
e+ p5+

19 20 21 22 23 24 25 26 27 28
23) v5+ 29 30 31 32 33 34 35 36
32) Ge4+ 37 38 39 40 41 42 43 44 45 46
33) As 3+Ass+ 47 48 49 50 51 52 53 54

Nb 5+ 55 56 57 72 73 74 75 76 77 78
51) Sb3+Sb5+ 79 80 81 82 17,7 84 85 86
73) Tas+ 87 88 89 90 91 92

4/922
a

Fig. 6. a) List of glass -formers, b) position of the glass -formers
in the periodic systenf of the elements. The glass -formers
are to be. found chiefly in the fourth and fifth columns.

The most important glass -forming element is
silicon. Its oxide Si02 occurs in four modifications
which 'are stable in different temperature regions.
In the order of increasing stability temperature
these modifications are /3 -quartz, a -quartz, -tridymite
and 'the already mentioned crystobalite.

. -
In all the modifications the  silicon ion is sur-

rounded by a tetrahedron of oxygen ions, but there
-is a difference in the way in which the tetrahedra
are grouped around each other. In a ddition to the
crystalline modifications there is also a vitreous
modification, so-called quartz glass. From* X-ray
diffraction photographs it has been found that this
vitreous Si02 has a cryetobalite-like structure.
This structure is actually nothing else than the
three-dimensional extension of the rarified plane
structure which was built up in fig. 3c with the help
of triangles. Just as with that structure, it is
possible by means of slight changes in the valence
angles to obtain an arrangement which, considered
over long distances, is without regular order and
represents a vitreous state. In the case of other
glass -forming ions of the fourth and -fifth columns
of the periodic system similar structures are ob-
tained consisting oP tetrahedral ion groups.

In vitreous B202 every B3+ ion is surrounded
by three 02- ions, in other words the structure is
composed_ exclusively of triangles 3). For the sake

3) The spatial network of vitreous B203 consists of "two-
dimensional" structures of the type of fig. 4c, which
lie practically at random with respect to each other
but between Which valence bonds are present.

of completeness, howeVer, it should be noted that
in most borate glasses, in addition to these triangu-
lar 02- group's of ions, tetrahedral groups also occur.

Inorganic oxide glasses

If a glass is made up of the oxides of different
elements, as is often done in order to obtain a
lower melting temperature, only one of the oxides
need be a glass -forming ' oxide. The cations of the
other oxides take up positions in the large cavities
of the rarified structure and can thereby make
solidification more difficult. As a result the temper-
ature of fusion becomes lower and the chance of
forming a regular crystalline structure smaller.
As an example we may 'consider the glasses which
are formed when positive metallic ions, such as
calcium, barium, lead, etc., are taken up in the
cavities of the silicon oxide network. Since the whole
must remain electrically neutral, the number of
negative oxygen ions must of course also be in-
creased. This is done by breaking the connection
between neighbouring oxygen tetrahedra at a
number of spots, a bridging oxygen ion of two
neighbouring groups being replaced in each case,
by two non -bridging oxygen atoms. The structure
which results in this way is shown in fig. 7, a plane.
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Fig. 7. Schematic representation (in a plane) of the structure
of a glass consisting of a glass -forming oxide and different
metallic oxides. Black dots positive ions of glass -former,
white circles oxygen ions, grey circles different metallic ions.
(Borrowed from B. E. Warren and A. D. Loring, J. Amer.
Chem. Soc. 18, 269, 1935).

diagram being given for the sake of simplicity.
The grey circles of different sizes represent different
metallic ions. By varying quantities and combi-
nations of these ions it is, possible to obtain many
thousands of different glasses with very divergent ,

properties.
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Compared with the .glass -forming ions the metal
ions possess a Smaller positive charge and a much

' greater diameter. This means, therefore,- that the
glass -forming ions possess a much stronger electric

_ field on their surface. It is remarkable that this
difference is also manifested chemically in a very
typical way: the glass -forming oxides behave as acid
oxides, while the.metallic oxides behave as basic ones.
In'general it is found possible to consider the field
at the position of the centre, of the adjacent oxygen
ion as a measure of the "acidity" of a positive ion 4).
One may then say that a glass can best be composed
of an acid oxide as the glass -former proper and one
or More basic, oxides as fluxes, the 'cations of which
Must fill the cavities in the rarified structure.

What will happen if, as admixture with the Si02,
metallic Oxides are used of increasingly weaker
basicity or increasingly stronger acidity? As long 'as
the admixture is limited to the genuinely basic

' 4) See A. Dietzel, Naturwiss. 23, 537',.1941; Z. Elektrochem.
48, 8, 1942.

.

oxides (Na20, CaO, PbO, etc.) the vitreous state
is tenable. If one continues in the series, however,

 the cavities of the glass structure will then be more
and more strongly drawn together, by the forces
of attraction of the metallic ions, until finally the
glass structure becomes untenable. A demixing of
the metal oxide and the Si02 then occurs: each of
the two kinds of positive ions surrounds itself
with oxygen ions according to its own coordination
number and forms a corresponding characteristic
lattice ,structure, With* as 'result a strong tendency'
to devitrification. This case -occurs, for example,
when titanium oxide (Ti02) is added to Si02.
When one passes on to the oxides of still highei
acidity, one arrive's at the actual glass -forming oxides,
such as Ce02, B203-, P205. The tendency towards '
devitrification 'now disappears and a homogeneous
vitreous structure is obtained again. Apparently
these glass -forming ions resemble . the silicon ion
so much in coordination number and valence that
they can form a common glass structure with it.

A DIRECTING INSTRUMENT FOR THE OPERATIVE TREATMENT OF
FRACTURES OF THE NECK OF; THE FEMUR

by G. J. van der PLAATS and A.. VERHOEF]? 616.718.42-001.5-089.2

A fracture of the neck of the femur is usually treated operatively, the parts of the broken
bone being joined firmly together by hammering in a hollow steel nail after' a guiding -,

needle has been bored into the bone. In performing such an operation the surgeon is faced
by the problem of directing the guiding needle in such a way as to obtain exactly the
desired position of the pin, which has been determined in advance by means of X-ray
photographs. Philips has constructed a 'directing instrument' for this` purpose which,
compared with other apparatus for the same purpoe, has the advantage, inter alia, that
the necessary adjustments 'and settings indicated .by the k -ray. photographs can all be
made in advMee of the actual operation. The operation is thereby considerably shortened,
while in addition, 'except for the carrier of the guiding needle, the instrument need not
be sterilized. ,

Conservative and operative treatment of fractures
In general the surgical treatment of bone frac-

tures may be confined to reduction of the fracture,
making every attempt to fit the fragments" into
their proper places. If this reduction is successful
and -the position remains correct, which should be
checked by X-ray examination, the body itself
provides for the further repair by the formation of
new connective tissue which later calcifies (callus
formation) and makes a firm joint (consolidation).

-There- are, however; 'cases where this so-called
blOsed or conservative. treatment of a fracture is
inadequate, either because there is insufficient callus

formation or because this takes place. so slowly
that the patient has to, be confined to bed for
months, with the danger, so familiar to doctors, of
secondary pulmonary or other disorders. A classic
example of this is the fracture, of the neck of
the femur (fractura colli femoris). This fracture
occurs most' often with eldery people due to. a fall
on the side, and since callus formation in the
femoral neck generally leaves much to be desired
and the *fractUre in question naturally makes the
use of the legs impossible, withthe closed treatment
healing, if occurring at all, requires a very protracted
immobilization of the patient.
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Compared with the .glass -forming ions the metal
ions possess a Smaller positive charge and a much

' greater diameter. This means, therefore,- that the
glass -forming ions possess a much stronger electric

_ field on their surface. It is remarkable that this
difference is also manifested chemically in a very
typical way: the glass -forming oxides behave as acid
oxides, while the.metallic oxides behave as basic ones.
In'general it is found possible to consider the field
at the position of the centre, of the adjacent oxygen
ion as a measure of the "acidity" of a positive ion 4).
One may then say that a glass can best be composed
of an acid oxide as the glass -former proper and one
or More basic, oxides as fluxes, the 'cations of which
Must fill the cavities in the rarified structure.

What will happen if, as admixture with the Si02,
metallic Oxides are used of increasingly weaker
basicity or increasingly stronger acidity? As long 'as
the admixture is limited to the genuinely basic

' 4) See A. Dietzel, Naturwiss. 23, 537',.1941; Z. Elektrochem.
48, 8, 1942.
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oxides (Na20, CaO, PbO, etc.) the vitreous state
is tenable. If one continues in the series, however,

 the cavities of the glass structure will then be more
and more strongly drawn together, by the forces
of attraction of the metallic ions, until finally the
glass structure becomes untenable. A demixing of
the metal oxide and the Si02 then occurs: each of
the two kinds of positive ions surrounds itself
with oxygen ions according to its own coordination
number and forms a corresponding characteristic
lattice ,structure, With* as 'result a strong tendency'
to devitrification. This case -occurs, for example,
when titanium oxide (Ti02) is added to Si02.
When one passes on to the oxides of still highei
acidity, one arrive's at the actual glass -forming oxides,
such as Ce02, B203-, P205. The tendency towards '
devitrification 'now disappears and a homogeneous
vitreous structure is obtained again. Apparently
these glass -forming ions resemble . the silicon ion
so much in coordination number and valence that
they can form a common glass structure with it.

A DIRECTING INSTRUMENT FOR THE OPERATIVE TREATMENT OF
FRACTURES OF THE NECK OF; THE FEMUR

by G. J. van der PLAATS and A.. VERHOEF]? 616.718.42-001.5-089.2

A fracture of the neck of the femur is usually treated operatively, the parts of the broken
bone being joined firmly together by hammering in a hollow steel nail after' a guiding -,

needle has been bored into the bone. In performing such an operation the surgeon is faced
by the problem of directing the guiding needle in such a way as to obtain exactly the
desired position of the pin, which has been determined in advance by means of X-ray
photographs. Philips has constructed a 'directing instrument' for this` purpose which,
compared with other apparatus for the same purpoe, has the advantage, inter alia, that
the necessary adjustments 'and settings indicated .by the k -ray. photographs can all be
made in advMee of the actual operation. The operation is thereby considerably shortened,
while in addition, 'except for the carrier of the guiding needle, the instrument need not
be sterilized. ,

Conservative and operative treatment of fractures
In general the surgical treatment of bone frac-

tures may be confined to reduction of the fracture,
making every attempt to fit the fragments" into
their proper places. If this reduction is successful
and -the position remains correct, which should be
checked by X-ray examination, the body itself
provides for the further repair by the formation of
new connective tissue which later calcifies (callus
formation) and makes a firm joint (consolidation).

-There- are, however; 'cases where this so-called
blOsed or conservative. treatment of a fracture is
inadequate, either because there is insufficient callus

formation or because this takes place. so slowly
that the patient has to, be confined to bed for
months, with the danger, so familiar to doctors, of
secondary pulmonary or other disorders. A classic
example of this is the fracture, of the neck of
the femur (fractura colli femoris). This fracture
occurs most' often with eldery people due to. a fall
on the side, and since callus formation in the
femoral neck generally leaves much to be desired
and the *fractUre in question naturally makes the
use of the legs impossible, withthe closed treatment
healing, if occurring at all, requires a very protracted
immobilization of the patient.
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For this type of fracture, therefore, it has long
been the custom to apply a different method of
treatment. After reduction the broken bone is
exposed operatively and the fragments are joined
firmly together by driving in a triradiate nail. The
X-ray photograph of fig. 1 shows an example of

Fig. 1. X-ray photograph of a fractured neck of a femur
with nail driven in.

such a "femur neck nailing". When the fracture
has been "nailed", the patient can usually be up
and about after a few weeks. In cases making
favourable progress callus is formed in spite of
the leg being used, and consolidation takes place

 around the pin. The nail, for which nowadays a
special stainless steel is mostly used - formerly a
piece of fibula was taken from the patient's calf -
can subsequently be removed by a simple operation.

Directing the nail in "femur neck -nailing"

The pin has to be driven from the outside of the
femur through the neck and the centre of the
femoral head (fig. 1). The prdcise position that the
nail should ultimately occupy can be ascertained
by the surgeon from the X-ray, photographs of the
broken bone after reduction .The problem in this
method lies in the directing and driving in of the pin
so that exactly the desired position will be obtained.

The approximately 8 mm thick nail cannot be
driven in without a guide. The pin is therefore made
hollow and driven over a thin guiding needle made
of knitting -needle steel, which is previously bored
into the bone and drawn out after the nail has been
driven in. The problem of directing the nail is of
course not thereby solved, but it 'is somewhat
facilitated in that it is transferred from the nail
to the much thinner guiding needle. Any error in
the direction chosen can be corrected by inserting

other needles until the photographs show that the
needle is in the right position. During recent times
in fact the procedure has usually been such that the
needle is directed visually with the sole assistance
of several reference points and requirements of
an - anatomical nature, the needle seldom being
placed in the correct position at the first attempt.
The result was a long operation (with long narcoti-
zation) and the accompanying risk of complications.

Attempts have repeatedly been made to improve
upon this by constructing directing instruments to
make it possible to insert the guiding needle in
the correct position at the first attempt. Usually
these directing instruments had to be aligned with
respect to the patient's body by fixing them to a
separate supporting pin driven at some point into
the femur, while of course the greater part of the
instrument had to be sterilized and all the adjust-
ments had to be made during the actual operation
(with the bone exposed). It is not surprising that
most surgeons have abandoned such aids, for their
attention was too much distracted from the oper-
ation itself, which leaves no time and attention to
be devoted to complicated adjustments; the
surgeon can barely spare the time taken in waiting
for and studying the X-ray photographs.

The new directing instrument

The drawbacks mentioned are avoided in a new
directing instrument for "hip -nailing" which has
been constructed by Philips1). In order to reduce
appreciably the time taken for the operation
this instrument has been designed so that all
the manipulations of fixing and adjusting can
take place prior to the operation proper. This
instrument is not fixed to the bone itself. Instead,
bone and instrument are both fixed with respect
to a third point, the operating table, viz. a stand
fastened to it. Furthermore the directing of the
needle is reduced to three adjustments, which can
be derived in a simple manner from the X-ray
photographs made in advance and necessary in
any case for checking the success of the reposition.

The principle of the instrument is clearly illustra-
ted in figs. 2a and b. The needle to be bored into
the bone is placed in a needle conductor, which
can be moved around a horizontal axis (by sliding
along the arc C) and around a vertical axis (by
turning the arm B about a hinge S), in such a
way that the needle is always directed towards the

1) The practical application of the method has been tried
under the direction of the first named author in the
Hospital "Calvarienberg" near Maastricht (Netherlands)
and has already jielded good results.
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same point (0 in fig. 2a). This point lies at a fixed
distance vertically under the hinge. Since, however,
the hinge is fastened_ to an arm on a stand (A in
fig. 2b), which in turn can be rotated about the verti-
cal stand, moved up or down the latter and also,
varied in' length, the point 0 13. be determined at
any arbitrary, point ,with respect to the operating
table. The surgeon, has to make the, point 0 coincide,
.with the centre of the femoral head while the patient
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and is provided with a scale, stands at the point M.
The hinge, is at the zero point of the scale when the
end of the hinge -pin coincides with point 0, that
is the fixed point towards which the guiding needle
points. .When the hinge -pin has previously been
moved up so 'far that the hinge stands at the .scale'
mark h, the fixed point 0 for the guiding needle
then lies ,a distance: h vertically, below point M.
The first adjustment is thns'eonapleted. On,* two

47J6

Fig. 2. Principle of the new directing instrument.
a) D needle conductor with the guiding needle, C arc with 'graduated scale, B arm

rotatable about the hinge S. Upon the rotation of B and the sliding of D along C, the I

guiding needle always remains directed towards the point 0 lying at a given distance
vertically below S.

b) Bij means of radiographs. the fractured femoral neck is projected upon a horizontal
and a vertical plane. K centre of head of the, femur, M projection of this, on the horizontal
plane, h depth of K under M. P vertical hinge -pin graduated and moveable in the hinge S.
A telescopic arm of stand. When P is set at a scale division corresponding to h and the
extremity of P brought to the point M, the fixed, point 0 to which the guding needle is
pointed lies at the centre of the head K. In both projections the desired position of the
nail is drawn in, and the needle conductor can then be set at the angles found.

is fixed, on the operating table. Then' the guiding
needle always points to that centre.

After that, it only remains to adjust the angle
in the horizontal plane and that in the vertical
plane.

In order. to carry this out a horizontal and a .
vertical projection of the femur is made by .means
of an antero-posterior (with respect to the patient)
and a lateral X-ray photograph. For the sake of
simplicity it is assumed that the two planes of
projection are the two planes indicated in fig. 2b,
which are in 'a fixed relation to the operating table
and which contain the axes of a three.dimensional
rectangulai system of coordinates. The 'projection
of the centre of the femoral head on the horizontal
plane is indicated by M. The projection, of the
centre on the vertical plane lies a distance h below
the horizontal plane' of projection. The arm A is
now so adjusted that the -extremity. of the pin P
of the hinge, which slides vertically in the hinge S

X-ray projections of the 'femur, on which the desired
position of the nail is sketched in, the angles can- ;

be found at which the needle conductor has to lie.
The latter.can then be Adjusted to these two angles.
by by means of a grp.duated scale on the arc C and by
setting the rotating arm. B parallel to.the horizontal,
projection of the desired direction 2).

Practical application

The horizontal plane with system of coordinates
on which the femur must first be projected.is realized
by a horizontal wire grid, which can be swung around

2) The angle measured in the lateral X-ray photograph is
exactly 'equal to the requi,red angle on the arc C, only'
when the vertical plane 'of projection is parallel to the plane
of C (i.e., parallel Ao the guiding needle) and the' centre
of projection (i.e. the focus of the X-ray vibe) lies at the, -
same height as the centre of the head of the femur. In the
Case of small deviations from these conditions, however, the
difference is very ,slight, so that it is sufficient to adjust
the X-ray film for the lateral exposure .parallel to the femur

' visually and the X-ray focus approximately at the desired
,height.

E 4'
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the stand column of the instrument and which is
photographed together with the neck and head
of the femur in a position just above these. Figs. 3a
and b show the positions for taking the two radio-
graphs, the patient being replaced by a skeleton
for the sake of clarity. On the antero-posterior
radiograph the pointof projection M of the centre
of the femoral head is drawn in in the grid; the
depth of this centre below the grid is determined
from the lateral radiograph.

In the case of the lateral radiograph it is necessary
to make sure, with the help of a spirit level on the
film cassette, that the upper edge of the film is
exactly horizontal (fig. 3b). The angle of the nail
measured with respect to this edge gives the ad-
justment of the needle conductor on the arc.

Having thus obtained all the necessary data, the
directing instrument can be adjusted. In figs. 5
and 6 two stages of this process are shown. The
hinge -pin is moved along to the correct scale mark

a
Fig. 3. Situation for taking the antero-posterior (a) and the lateral (h) X-ray photographs.
The patient is represented by a skeleton. The film cassette F with the X-ray film and the
wire grid R serving as horizontal plane of projection may be seen. On this grid is a plate
with various lead rods as markers for the corrections to be made. In the foreground in
photograph (h) is the column of the stand, which is fixed to the operating table and with
respect to which the patient is secured immovably. On the arm of the stand to the right
is the hinge with hinge -pin P. On the film cassette is a spirit level for setting the upper
edge of the film exactly horizontal.

Each of these two figures needs a correction. Let us first
consider the lateral aspect. Due to the .unavoidable enlarge-
ment obtained in making an X-ray shadow image because
of the divergence of the rays, the depth (h') measured on the
radiograph is too large (see fig. 4a). For the correction three
lead rods 2 cm long are set up vertically on the grid (clearly
visible in fig. 3b), which rods are also shown enlarged on the
photograph, but enlarged to different degrees according to
their distance. On the antero-posterior radiograph it is ascer-
tained which rod lies closest to point M, and the enlargement
of that rod then furnishes the correction factor for deriving
from h' the true depth h. R

The correction of the other figure, the projection of the
centre of the femoral head on the wire grid in the antero-
posterior radiograph, is less important. This projection (M1)
is only identical with the desired point M vertically above the
centre of the head when the X-ray focus was also directly
above the centre during the exposure; see fig. 4b. The usually
very small and often negligible correction is found by placing
a mark on the grid directly under the focus, for instance a
small hole in a horizontal lead rod. If this hole is found to be
projected at a distance d from the centre of the head on the
radiograph, it follows from the figure that point M on the
grid must be located a distance x = d  h/f in the opposite
direction from M1 (f is the measured distance from focus to film).

4745's

and set on the correct point (/ f) of the wire grid.
By means of a pointer inserted in the hinge -pin
underneath, the arm B is turned to the correct

a

Fig. 4. Explanation of the required corrections.
a) In the lateral radiograph. Q focus of the X-ray tube,

K centre of the head of the femur, F film, R wire grid. L1, L2, L,
lead rods. The enlargement of the rod L2 gives the correction
factor for determining the true depth h from h'.

b) In the antero posterior photograph. Q, K, F and R as
in a). G small hole in horizontal lead rod as marker for point
directly below Q. The distance x from the desired point M
to the erroneous projection M1 follows from x : h = d : f,
due to the similarity of the cross -hatched triangles.
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position according to -the horizontal projection of
the position required for the nail 3). In fig. 5 it
will be seen that the arc C and the needle conductor
are not shown. Since these parts will be close to or

47436'

Fig. 5. After the end of the hinge -pin has been brought to the
correct point on the wire grid, by means of a pointer W
inserted in the hinge -pin, the latter, which is made to slide in
a slot and therefore always carries the arm B with it, is
turned to the correct direction, i.e. according to the desired
direction of the nail drawn on the wire grid in the horizontal
projection. The arc with the needle conductor, which have
to be sterilized, are not shown.

even in contact with the area of the.operation, they
have to be previously sterilized together with the
other instruments necessary for the operation.
Only after all the adjustments are completed and
the area of the operation is disinfected and covered
sterilely, are they passed over the arm B and fixed
as shown in fig. 6. The needle is then fixed at the
correct scale division of the arc.

After this the actual operation begins. By
sliding the needle conductor as far as the surface
of the skin of the thigh the surgeon determines
the correct position for the incision to be made,
so that the wound can be kept as small as possible.
The arc with the needle conductor can then be

5) This direction, too, only agrees exactly when the focus
happens to be exactly vertically above the centre of the
head of the femur. The correction required for the deviation
from this condition, however, is so small as to be practically
negligible for our purpose.

turned upwards 180° in order not to be in the
surgeon's way. After the bone has been exposed
and the hard superficial layer has been chiselled or
bored away, the arc is definitely fixed in the di-
recting position, the needle conductor, which is
provided with two sharp points, is tapped a few mm
into the bone and the guiding needle proper is
bored in to the required depth -- which has also been
deduced in the obvious manner from the X-ray
photographs. The needle conductor and the whole
directing instrument are then removed, the hollow
nail is passed over the guiding needle and hammered
into the bone with a hollow punch.

Before this last step is taken two new X-ray
photographs could, of course, be made to make
sure that the guiding needle has taken the desired
direction in the bone. Experience has shown,
however, that there is really no need for this,
unless meanwhile the position of the patient
should have unexpectedly changed, which is not at
all likely. After the nail has been driven in, however,

' 47457
Fig. 6. Arc C and needle conductor D haVe been put in place,
the needle conductor has been tapped into the bone and the
guiding needle can now be bored in.

another couple of radiographs is always taken to
check whether the nail has been driven in to exactly
the desired depth ; if the photograph shows it to
be necessary the surgeon can drive the nail slightly
farther in.
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ILLUMINATION INTENSITY IN OFFICES AND .HOMES -

by- A. A. KRUITHOF and H. ZIJL. 535.241.46:628.972

An attempt is made in this article to solve the 'problem of the most suitable illumination
intensity for the activities of office and home. Use is made not only of data about visual
acuity and contrast sensitivity of the eye, but alsb of tests of the fatigue resulting from  -

 long -continued reading. The conclusion is that upon increasing the illumination intensity
from 10 to 100 lux a very considerable improvement can be obtained, from 100 to 1000 /ux
still an appreciable improvement and above that only a slight improvement. Consideration
is given to a method for finding the optimum illumination level for practical office lighting,
while it is pointed out that experience has shown 100 lux to be the necessary minimum
illumination intensity. In conclusion the reasons are discussed for the fact that in homes
almoft invariably much lower illumination intensities are used than are iidvisab e for
ordinary household tasks; possibilities of improvement are suggested.

The human eye possesses a remarkable power of
adaptation: it can discern objects in the brightest
sunlight under anillunaination intensity of maybe
100,000 lux and on moonless starry nights when the
illumination intensity is only 0.0003 lux. Vision
under such extreme. conditions, however, is of
course difficult and: defective.. Man, unwilling blindly
to accept unfavourable natural conditions, looks for
means of correction: in bright sunlight he puts on
dark glasses, at night he uses a lantern, in order in
both cases to. adjust the amount of light available
foi the eye to more suitable values.

The region, of the "more suitable" values of
illumination intensity, where the eye usually works
without- extra, assistance, is still extremely wide:
it extends from, a few lux, the level employed in
street lighting -motor car drivers ordinarily switch
on their head -lights as soon as the illumination
intensity on the road falls below 3 to 4 lux - to
the more than 10,000 lux necessary in a film studio.
These "more suitable" values are certainly not the
"most suitahle" ones: if only the requirement
of light for the eye .is considered, higher intensities
would certainly be employed in the first case and
lower intensities ' in the second. In the first case
considerations of economy ,chiefly determine the
upper limit, while in the second case it is the light
required by photographic material which determines
the lower limit. ' '

In all cases where illumination is necessary such
limitations' will be manifest. But let us suppose
that for a while these limitations were . absent.
For .each type of activity that has to be carried out
there would be a more or less accurately determined
value of the illumination intensity at 'which that
activity can "best" be carried out. This valueWould
probably differ somewhat for different ;persons:

There can be no doubt that it is important to
find what are the most suitable values of the
illumination intensity.

On the basis of a number of investigations, part
of which have been published during recent years,.
we shall in this article attempt to answer this
question. We shall confine ourselves to, the activities
ordinarily performed in offices and homes. At
the same time the 'economic, technical and other
(chiefly esthetic) considerations will be discussed
which are the cause that the illumination levels

- actually :used in practice remain very. far below
the "most suitable' ones.

However, before we go farther into the effect of
the illumination level, it must be emphasized that
illumination intensity alone is of course not suffi-
cient to characterize an illumination.. The quality.
of the illumination is also 'of very great importance,
and this factor is determined by such 'features as
the degree of diffuseness of the light, the distribution
of 'the illumination over ceiling, walls and working -

surface and the spectral ,distribution of the light.
We shall discuss the influence of these factori only
incidentally and very briefly.. For our discussion
we shall simply start from the assumption that all

 the factors mentioned have been chosen as favour-
able as possible;' in particular we shall limit the
discussion of practical illumination' to those cases
in which the fixtures used are constructed in such
a way that the disturbing and harmful phenomenon
of glare cannot occur.

Factors characterizing the required performance of - .

the eye.

In every human activity the task of the eye
comes down to distinguishing some detail against
a given background under the given illumination
intensity. In reading printed matter, for example,
the details are formed by the printed letters, in
drawing by the pencilled line, in sewing by the
peculiarities of the weave of thet material, while in
the first two cases the background is a sheet 'of
paper andi in the third it is the material as a whole.
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The requirements made upon the eye in the different
activities can be characterized by the following
quantities:
1) the size of the  detail to be observed, or more

precisely: the angle of vision subtended -by
the detail under observation;

2) the c onti a st between the detail and the
background given by the ratio of the coefficients
of reflection 1);

3) the time available for the observatOn . (for
instance, in sewing the time necessary to find
the spot to insert the needle); -

4) the length of time during which the activity
is continuously performed.

3

2
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10 1000 10000 lux
C 42380

Fig. 1. Visual acuity of an average observer as a function
of the illumination intensity E of the background. The back-
ground is "white" (reflection coefficient e = 0.75), the detail,
observed "black" (g = 0.04). In the case of the: continuous -line
curve the surroundings are just as bright as the background;
in that of the broken -line curve the surroundings are quite
dark. The curves are obtained by a combination of data of 
Eguchi, Lythgoe, Schober, Honig. For lower reflection
coefficients of the background the experimental results are
also valid when account is taken of the fact that it is not the
illuminatiOn intensity but the brightness which determines
the threshold sensitivity of the eye.

Each of the first three quantities, angle of vision,
contrast and time of observation, must exceed 'a
certain (minimum) value (depending on the other
circumstances) in order to make an observation -
possible. If the angle of vision must be at least a
minutes, the contrast at least c = B1 : B2 Pi = the
brightness of the detail, B2 = that of the back-
ground), the, time of observation z seconds, then'
S, = 1/a is called the visual acuity, Sc =112 (1+ c)/
1(1-c) the contrast sensitivity and S,,
the speed of- observation of the' eye. .

1) The surfaces' which occur in offices and. -living -rooms
often exhibit approximately diffuse reflection. When -this

,.is not the case it is impossible to speak of one reflection
coefficient, and in order to indicate the contrast direct
use must`bed made of the ratio of brightness of detail and
of background. The same _is also true, of course, when
detail and background dO not receive the same illumination
intensity. -

The threshold values mentiOdeil. depend very
much upon the intensity of illumination. A consider-
ation of this relation will furnish us with a first
indication about the desired illumination levels.
Meanwhile the effect will become evident of the
Other characteristics of the illumination, such as

,the colour and distribution of the light and espec-
ially of the brightness of the surroundings, for
instance of the walls of the room. -

In fig. 1 the visual. acuity' ,§a of an average
observer, determined by measurement under the
circumstances given 'in the text for the figure, is
shown as a function of illumination, intensity. It
may be seen that up to about 1000 lux visual acuity
increases rapidly, while above 1000 lux it increases
only slowly. The broken -line curve shows how the
performance of the eye decreases when the brightness
of the surroundings is too low:'

In fig. 2 analogous curves are drawn for the
contrast sensitivity Sc. Let us first consider curve 1;
which is the most important for us. Here also a
rapid increase in the performance of the .eye' -is
observed when the illumination intensity is increased
to the region of 1000 lux, while at still higher
illumination intensities the increase becomes very
slight. Curves 2 and 3 prove again the harmful -
influence of too dark as well as too bright sur-
roundings; in the lattei case this is a consequence
of glare. Curve 4 is recorded with a-larger test

200
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E 42561

Fig. 2. Contrast sensitivity as a function of the illumination
intensity of the background. In the case of curves 1, 2 and 3
the test object has a diameter of 1°, while the surroundings
are, respectively, about equally a,bright as the background,
completely dark, and three times as bright as the backgreilnd.
In the case of curve 4,,the surroundings are just -as bright as
the background, but the test object has. a size of about 4°.
Data have been taken from Stiles and Crawford, Hoppe,
and Siedentopf, Schumachei.



244 , PHILIPS TECHNICAL REVIEW VOL. 8, No. 8

object than the others; the contrast sensitivity in
this case is higher over the whole range. ,

Similar behaviour as for visual acuity and contrast
sensitivity is found for the speed of observation Su,',
but here the increase With illumination intensity is
only worthwhile up to 100 lux, above which it is
only slight.

From all this information conclusions can now
be drawn as to the improvement that can be
ob tamed by an increase of the illumination intensity.
Two objections must, however, be taken into
account. The first is that this information naturally
relates only to the- threshold of observation. At
a few lux already the angles of vision and contrasts
occurring in the'practical work to be performed lie
in general far above this threshold 2). The increase
in the performance of the eye with increasing
illumination intensity, as far as the threshold
sensitivities are concerned, is thus of itself of no
importance to us.

The other objection is that the visual acuity, the
speed of observation and the contrast sensitivity
are quantities of such a strongly conventionalized
chaiacter that they cannot express the practical
performance of the human eye.

An attempt to meet these two difficulties may
be found in a recent investigation by 'Weston 3).
He used test 'objects pregenting' details of the size
of 1 to 6 minutes and defined the performance of
the eye with a given size of detail and contrast as'
the "quotient of the relative number of correctly
judged test objects, and the time necessary for the
observation of the detail. His conclusion is that for
normal work (size of detail about 3', corresponding
to the reading of printed matter in Bodoni 10 points,
see footnote 2)) the performance distinctly increases
up to about 40 lux. At this intensity it already
amounts to about 90% of that at 5000 lux. Foi fine
work (size of detail 1') there is a marked increase
in the performance up to about 1000 lux, where
again about 90% of 'that at 5000 lux is attained.
These- results constitute a further specification and
a good confirmation of the conclusions to be drawn
directly fr6m figs. 1 and 2.

2). In readitig printed matter, for example, the size of a
normal letter type (such as Bodoni 10 points, which is
used in the text of this article) is about 1.5 mm; the detail
of each letter which makes it recognizable is usually
about 5 times as small. At a distance of 30 cm from the
eye the angle of vision is then 3.5. According to fig. 1
at 1 lux details down to about 1.2 can still be observed.
Furthermore the reflection coefficient of the background
]ies between 0.8 and 0.6, that of the, type between 0.04
and 0.10; the contrast thus amounts  to from 1 : 6 to
1 : 20, while at 1 lux and 3.5 angle of vision contrasts of
1 : 2 can still be observed.

3) H. C. Weston, Industrial Health Research Report
No. 87, H. M. Stationery Office, London 1945. . ,

We now arrive at the last point in the list of
characteristics of an activity, namely the duration.
The 'effect of the duration manifests itself in the
fatigue phenomena. It is remarkable that' this
fatigue is scarcely manifested in the performance
of the eye as far as visual acuity and contrast
sensitivity are concerned. The performance of an
activity considered as a whole, however, is felt to be
"more difficult". Parallel with certain physiological
phenomena, such as more frequent blinking and a
slowing up of the heartbeat 4), a general decline
in the performance of work is observed, a decrease
in the rate of reading, in the accuracy of drawing,
etc.

Fatigue tests.

The increase in the performance of the eye with
increasing illumination intensity as discussed in
the foregoing may be related to the more or less
trivial fact that with increasing illumination
intensity .observation becomes "easier". From the
shape of the curves of figs. 1 and 2 and especially
from Wes t on's results iris possible, to some extent,
to read off the degree of this increase in ease. The
fact that an increase in illumination intensity makes
observation "easier", while we have just ascertained
that upon long duration of the activity observation
of work becomes "more difficult", makes it reason-
able to expect that illumination intensity will have
an effect on the occurrence of fatigue. It is, however,
obvious that it will not be so simple to determine
this effect quantitatively as the effect on the observ-
ation thresholds, on account of the difficulty of
expressing the effect of becoming fatigued in
numbers.

Direct tests of fatigue have been made by
Luckiesh and Moss 5), among others. For a large
number of test persons they investigated the fatigue
occurring upon reading under accurately determined
optical conditions which may be considered as an
idealization of the conditions occurring in practice.
They used various criteria of fatigue. The most
obvious, i.e. the criterion which is most closely
connected with the act of reading itself, is the de-
cline in reading speed. Remarkably enough,
however, this decline is always found to be only
slight and consequently to exhibit only small dif-
ferences for very divergent illumination intensities.
According to Luckiesh and Mogs 6) this may be

4) M. Luckiesh and F. K. Moss, Trans. III Eng. Soc.
34, 571, 1939.

5) M. Luckiesh and F. K. Moss, Trans. III Eng., Soc.
35, 19, 1940; 35, 703, 1940.

6) M.:Lucjsiesh and F. K. Moss, Reading as a Visual
Task, D. van Nostrand Co., New York 1942.
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understood to mean that under worse visual con-
ditions the eyes are stimulated by the brain to cor-
respondingly greater effort. The relation between
"fatigue" and speed of reading is thus lost for the
greater part, so that speed of reading is not a very
suitable criterion of fatigue.
. Another criterion used by Luckiesh and

Moss in their tests is the frequency of the involun-
tary blinking during reading. This criterion is less
directly connected with the act of reading than the
speed of reading; but there appears to be a satis-
factory correlation between greater difficulty in
reading and more rapid blinking. Measurement
of the number of blinks per unit of time at the be-
ginning of reading and after 1 hour of reading gave
the following results:
at 10 lux an increase after one hour of 72%,
at 100 lux an increase after . one hour of 31%;
at 1000 lux an increase after one hour of 8%.

It 'is clear that under the higher illumination
intensities less fatigue occurs; between 10 and 1000
lux a steady improvement can be observed with
increasing intensity, although the improvement
per lux increase in intensity rapidly becomes less
at higher levels.

These results are quite parallel with our con-
clusions fromfigs. 1 and 2 about the increasing"ease"
of observation, and we, may therefore accept it as
established that an increase in illumination intensity
from about 10 lux to 100 lux is accompanied by, a
considerable ,improvement as far as fatigue is con-
cerned,. while an increase above 100 to 1000 lux is
still accompanied by 'an appreciable improvement.
Above 1000 lux no direct fatigue tests have been
carried out, but on the basis of the parallelism al-
ready mentioned we may expect here also a slight
improvement similar to the curves of figs. 1 and 2.

In the tests of Luckiesh and Moss use was
made of very clearly legible printed matter.It may be
expected that for less easily legible printed matter
(smaller letters, little contrast with the background,
as in carbon copies of typed material) more pro-
nounced fatigue phenomena will be found.We may.
assume that in these cases the decrease in fatigue
upon increase in illumination intensity will be at
least just as great as was found in the tests with
good printed matter. This conclusion also holds,
of course, with respect to other activities which are
more difficult than reading, for instance drawing,
'mending of clothing, etc.

In conclusion it must further be mentioned that
in the tests of Luckie h and Moss the influence
of the brightness of the surroundings (at an illu-
mination intensity of 135 Jux) and of the spectral

composition of the light was also studied. Equal
brightness of surroundings and background were
found to be most favourable. Incandescent -lamps
and luminescent lamps of daylight, colour gave no
appreciable difference in case, of reading.

Illumination in :practice.

Let us now consider the practical application of
the information obtained. The high levels of illu-
mination found to be so favourable for the eye will
seldom be found in offices and never in. a living
room. In the introduction we have already suggested
the reason for this: it is the influence of a, combi-
nation. of other fact,ois besides the behaviour of
the eye: If we are to describe these influences in more
detail we must consider offices and homes separately.

Offices.

For office illumination the' utility factor is most
important. Both for the initial installation and for
possible alterations, it is primarily, the economic
Advantages and disadvantages that are: weighed.

What are the advantages? According 'to the fore-
going an increase in illumination intensity will result
in an increase in the production of the employees,
which represents a certain money' value. This in-
crease will be considerable at low levels of illumi-
nation but will become less and less . at higher
levels, until finally there is no advantage at all.
We thus' obtain a variation of the advantages as
indicated qualitatively by the continuous -line curve
in fig. 3 7). The region of illumination intensities
where the curve is' practically horizontal will lie
higher according as the work performed in the office
,is more difficult.

Costs show an opposite trend. The additional ex-
pense entailed, for example, by, doubling the illu-
mination intensity is less at a low level of illumination
than at a' high level. The curvature of curve 1 in
fig. 3, which shows qualitatively, the variation of
costs, is thus just the opposite of that of the con-
tinuous line curve representing the ensuing advan-
tages. If the two curves are compared in two
points pertaining to a given value of the illumi-
nation a certain value of the illumination intensity
is found where the tangents are parallel. This is the
point where the best economy is attained, because
at a still higher illumination level the increase of
expense is greater than that of advantages.

Due to 'advances in technique in the course of

7) It is obvious that such a curve can in practice only be
based on very rough estimations and often cannot even -
approximately be drawn. The general shape should,

'hoWever, be like that indicated.
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100'1000 10000 lux
42352

Fig. 3. Schematic variation of the advantages of an office
illumination (full -line curve) and of the costs (broken -line
curves) as a function of the illuinination intensity. The three
curves I, 2, 3 -correspoind to increasingly higher stages of
technical development: The most favourable illumination
intensity lies at the value for E where the curves for advantages
and disadvantages are parallel. With advancing technique

' this point 'shifts towardshigher illumination levels.

. time the curve of costs will fall with respect to the
curve of advantages. The points showing parallel
tangents will therefore be shifted toward the. right,
i.e. -the most economical illumination level rises.
Some- indication, of the height of that level at the
present  stage, of. technical development may be
found in. the values which are recommended by the
lighting societies in, various countries, see the table
below 8). The above -mentioned - advance in tech-
nique is clearl) manifested in the U.S.A. values for

. differ -wit periods.

Type of work
U.S.A. Gt.

Britaip

1937

Swit-
zer-

before
19401930 1939 1942

... -. .

. - Reading and .

writing with .

-interruptions 80-100 200 250 100-150 150
Long -continued
calculation or

,

' study 100-150 300-500 500 150-250 300
...

Since some time always elapses before practice
adapts itself to technical progress, in most offices
one encounters illumination levels which are

8) It must not be.forgotten that in establishing these illu-
mination levels other considerations besides utility, such
as, for example, that of the ease of the observation itself,
have played a "tart, As to the values recommended in

:America, in ihe report in Trans. III Eng. Soc. 34, 371, 1939,
-the =preliminary studies for the recommendations of 1939
are included. These preliminary studies contain a discussion
of economic advantages and disadvantages; the conclusion
is that the increase in the advantages at .the levels given
More than balances the increase in expense. The most
recent American ,recommendations are to be found in
Trans. III Eng. Soc. 37, 275 and 449; 1942; 40, 339, 1942.
A -new proposal for Gt. Britain is in preparation; Trans.
Ill. Eng. Soc. (London), 8, 17, 1943.,

lower than what are to be considered the most
economical. As long as the level is not too low the
-difference is only a question of utility, as discussed
above. It is, however, clear that at too low intensities
phenomena must occur which can ne longer be
expressed purely in money value but which already
belong to the sphere of hygiene. There will then
be complaints by the employees of fatigue, head-
ache, etc. General experience in' the practice of
factory and office lighting is that the limit above
which these phenomena are no longer *frequent for
activities such as reading lies at about 100 lux.

This value is also found on the basis of the following con-
siderations. The avoidance of complaints means that each
individual worker must be satisfied with the illumination.
The 'preceding discussion, however, referred to the average
behaviour of a large number of persons. The effectiveness of
vision for such a collection of persons, even though they are
all "normal", will show a certain spread: The curve showing
the spread of the contrast sensitivity. and the visual acuity
for a large number Of persons has been determined (cf. for
example the article referred to in footnote 4)). In both cases
the curves deviate from 'the normal distribution curve of
Gauss, but in the following we shall approximate them by
normal distribution curves since that does not alter the order
of magnitude of the results. In fig. 4 curve a represents

Sa 
923.63

Fig. 4. Schematic representation of the spread of the visual
acuity Sa of a large number of test persons. A Gauss distri-
bution is assumed; the actual distribution deviates somewhat
from that, but the deviation may be ignored for our purposes.
Curve a refers to an illumination intensity of 1000 lux. A t
a lower illumination intensity the whole curve is displaced
towards smaller values of Sa; thus for example at 100 lux
curve b is found.

schematically the distribution curve, i.e. the number of persons
N as a function of visual acuity, for an ' illumination intensity ,

of 1000 lux. With -each value of visual acuity, no matter what
combination of conditions (which may be characteristics of the.
person or of the light) is responsible for it, we may correlate a
definite value of the "ease of working". At what value of visual
acuity is the ease of working unsatisfactory? From the fact that
at 1000 lux practically none of all the test perions experiences
any difficulty, we may conclude that the critical value of
visual acuity will iie to the left of the point S in fig. 4. The part
of the distribution curve a lying to the left of S contains fewer
than 1% of all test persons. If we construct the corresponding
distribution curve for a lowei intensity than 1000 lux we obtain
again, schematically, curve b, which is shifted to the left with
respect to' a. Now a larger percentage of all test persons
falls below the limit S. The shift for an illumination intensity
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of 100 lux, however, according to the experiments is found
to be still so small (about 40% of the distance between S
and the maximum of curve a) that again the total percentage
Of persons whose vision lies below S is still small, namely 5%.

- Analogous arguments hold for the contrast sensitivity, the
same qualitative conclusion being reached: at 100 lux 3% of

'the persons fall below the limit S. =The probability that a
person possessing "normal" vision will encounter' difficulty
from too little light, is therefore also small at 100, lux. With
less than.100 lux, however, this probability increases rapidly.

Similar considerations can be found in the article by
- Weston 3) already referred to. At high illumination iriten-
- sities the performance values found for different persons

show only a small spread. At lower illumination intensities
the relative spread increases, this being ascribed to the fact
that the conditions of seeing become too unfavourable for
some persons. The limit depends upon the kind of work, but
always lies at about the illumination intensity at which the
"performance" reaches 90% of the maximum value, thus,
according to the values given above, at 40 lux for ordinary
work and at 100 lux for fine work.

The living -room

In the- case of the illumination of the living -room
the situation is quite different from that of the
illumination of offices, because the living-rooni is
used not only for certain activities such as reading,
mending, etc.. but is alternatively also the cosy
gathering place of the family, the festively lighted
reception room or the quiet surroundings where rest
is enjoyed. In order to obtain suitable light distri-
bution in all these cases, different .illuminations
will have to be installed which can be used separa-
tely or in combination.

We shall confine ourselves here to a consideration
of the illumination which will be employed when the
living-rOom is used as a work room. From the
discussion of office lighting it followed that for
activities such as long -continued reading, inten-
sities of at least 100 lux must be employed. This
result was not reached on the basis of considerations
of utility - which are of less importance 'in the
case of the home = but on the basis of consider-
ations of hygiene. The -minimum limit can therefore
also be considered valid for the living -room. Having
regard to the poorer vision of older persons and the
greater difficulty of some types of household tasks,
embroidery for instance, as. compared with reading,
it is better to choose a 50 or 100% higher illumi-
nation intensity.

What is now the situation as regards the reali-
zation of these illumination levels in the living -
room ? The solutions arrived at for the office would
not in' general be acceptable in the living -room,
since, _even though it is used as a work room, a
domestic sphere is desired which cannot be combined
with the technical austerity of utility illumination:

Esthetic considerations here, occupy the foreground:
the lighting ornament must harmonize with the
interior, and that not only when lighted but also
in the daytime. The shape and colour which it
exhibits in the daytime are, indeed usually the cri-
teria which decide the choice of a given ornament,
while the illuminating technical characteristics
are, usually given too little_ consideration.. The illu--
mination intensity- is often quite insufficient, even
when using the largest lamp permissible in con-
nection with the heat development, to say nothing
of the distribution of the light flux and the precau-
tions against glare. .

It is no wonder that in almost all living -rooms
illurnination intensities are found' .which lie far
below what is desirable in a work room. If the eye
protests too strongly recourse is 'usually had to
extra local illumination, which, however, when
several persons are working at the same time can-
not be considered a 'satisfactory solution.

Having pointed out this rather disappointing
state of affairs, we need not resign ourselves to. it.
At the present day it is without doubt technically
possible to install an esthetically Satisfactory living -
room illumination of sufficiently high level, and in
this respect two points have been found to be 'of
great importance.

1) The esthetic acceptability of, an illumination
depends very much on the relation between,
the brightnesses of the surfaces occurring in the
room (table cover, ceiling, walls). With a very
light table covering the surroundings should
also be light, since it is found that with increas-
ing brightness large contrasts make a more and
more unpleasant impression. Dark walls already
form of themselves. a great contrast with the
working surface; from economical considerations

. they also hinder the employment of indirect
lighting, which is so useful for reducing contrasts,
and thus quickly set a limit to the illumination
intensity. In interiors with light walls and not
too dark upholstering, illiiinination intensities
of 150 to 200 lux ate much more easily attainable
than in darker surroundings. The correct tech-
nical construction of the fixture to distribute
the light in the desired manner over the
working surface and surroundings no, longer
presents any problems with- the present-day
technical development: '  "

2) The level of the illumination Considered_ ai being
"cosy" or "pleasant" is relate& to the -colour
of the light. For the above -mentioned, illumi-
nation intensities of 150 to 200 lux 'no unplea-
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sant effects 9) are, it is true, experienced with the
reddish light of incandescent lamps, but a whiter
light, more nearly approaching daylight, may in
some cases give the whole interior a more agree-

. able aspect. The possibility of such an improve-
ment in colour is now offered by the'development

0) See Philips Techn. Rev. 6, 69, 1941.
10) Philips Techn. Rev. 6, 65, 1941.

 
a lumineicent lamps 10)., Ai' the same time,
with the smaller heat development of these lamps
there are no difficulties with the fixtures in that
respect:

It may be hoped that these new 'possibilities will
ultimately remove the great difference between the
desirable and 'the actual illumination intensity in
the living -room when it is used as a work room.

.1
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MAINTENANCE, MEASUREMENTS ON CARRIER TELEPHONY EQUIPMENT *)

by J. de JONG. ' 621.395.44:621.317.3

The maintenance of telephony equipment involves many complex and very accurate
measurements, the most important of which are measurements of level, for ascertaining
the strength of a signal at different points in a line of communication. The equipment
employed for this purpose, as well as for other measurements, is described in the following,
which deals in particular with the influence of the special requirements appertaining to
telephony, upon the construction of the equipment and the manner in which these tests
are carried out. For example,, accuracy and stability of the test gear are of the utmost im-
portance: again, it must be possible to perform the tests while the system is in operation
and, moreover, at many different points in the equipment, possibly even some.hundreds
of miles apart. In view of the comprehensive nature of the tests, the apparatus must be
at once adaptable to any special contingency (impedance, levels, earthing etc), while all
the necessary, adjustments and readings must be quickly and readily accomplished.

Few branches of technology necessitate such far-
reaching test -schedules, or place such high demands
on accuracy of measurement as Telephony, and this
applies not only to the development of new equip-
ment and components, but equally to the many
special tests carried out in the manufacture and
installation of this type of equipment. We are more
especially concerned, however, with what may be
called maintenance measurements, by which
is meant those measurement's essential to the proper
upkeep of the equipment and the communications
which it maintains. The importance of such measure-
ments will be manifest when it is recalled that every
channel of communication involves the use of the
most complex types of equipment, whilst, secondly,
the risk of interruption in the service must be mini-
mized as much as possible. .

Maintenance measurements may be divided
roughly into two categories, the location of faults
and purely preventive inspection. The object of the
first is to detect and localise sudden causes of failure,
but by far the greater part of these maintenance tests
is of a preventive character, since constant
checks on the performance  of the equipment will
reveal latent causes of breakdown, for instance
ageing of valves, variations, in cable -losses due to
fluctuations in temperature etc., all of which may be
detected and remedied before an actual failure
occurs. Such preventive measures are of particular
importance in carrier communication, for which
far more elaborate equipment is necessary than in
.the case of low -frequency telephony. Not only are

a) Editor's note. This article is the last of a series on carrier
telephony commenced in 1941 and based on the 17 -channel
system. It is hoped that shortly a description will be
forthcoming of a new carrier system developed in recent'
years.

the chances of faults therefore much greater, but
any single fault may lead to an interruption of
various channels of communication. In the  case of
the earlier system developed by Philips, employing
17 speech -channels,, the failure of one of the repea-
ters results in the interruption of all 17 calls carried
by any single pair of conductors in the cable. All
 the channels, including those of other pairs, are
interrupted if the carrier supply common to these
pairs becomes defective.

The introduction of carrier telephony has brought
with it a great increase in the extent and nature of
the tests to be carried out; for example in the
17 -channel system alluded to the frequency range
to be covered by the measurements has been
increased from about 3000 to roughly 100 000 c/s,
whilst, apart from cross -talk between the different
pairs, it is now also necessary to measure the mutual
effects among the 17 channels of any single pair.

Of those maintenance measurements which are of
special importance in the upkeep of carrier -tele-
phony communication we now propose* to discuss
the following:
1) Measurements of level, including the current

strengths and levels of speech of signals at various
points in the channels. (The level is. defined as
the ratio of the strength at any given point to
that at the origin of the connection, converted
to the same impedance.)

2) Cross -talk measurements between the various
channels.

3) Checking of the working of the amplifier valves.
4) Location and identification of interfering fre-

quencies and measurement of distortion.
The very extensive measurements of level will

be dealt with in some detail; the other points will
be examined more briefly. Further tests, such as
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those applied to signal and selector equipment, the
inspection of telephone cables, subscribers, instru-
ments and connections, will not be touched upon.

Measurement of level

In the construction of present-day telephone net-
works it is stipulated that attenuation of speech be-
tween one subscriber and. another, within the boun-
daries of the country, shall not exceed 28.5 db, as
this ensures reasonably intelligible conversation.
Of this tolerance, twice 6.3 db is reserved to cover
the relatively short _connections between sub-
scriber and exchange arid this margin is sufficiently
wide to dispense with regular tests which would
otherwise be far too costly. On the other hand, the
total losses in trunk connections that may be some
hundreds of miles apart might easily exceed the
remaining maximum of 15.9 db, due to temperature
variations and so on. Again, such variations may
even produce "negative losses" to such an extent
as to cause instability (manifested by. a howl in the
telephone at each end of the line, so .shrill as to
drown ordinary speech and render conversation
quite impossible). -

In this form of communication, in which the work-
ing pressure is so great, the costs may be corres-
pondingly higher and a continuous check on the
losses must therefore be maintained.

This means that at the terminal station and at
each of the repeater stations - of which there may
be 10, 20 or even more on a long distance run -
the levels of the incoming and outgoing signals have
to be measured regularly and amplification read-

-10-
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- 60 -
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justed to maintain the levels within the prescribed
limits. These tests need to be carried out at several
frequencies individually and the losses, which differ
to a lesser or greater degree between one frequency
and another, are subsequently equalised by means
of small correction networks. The measurements
necessitate the use of a test -oscillator capable
of supplying an. alternating voltage of variable'
frequency (within the whole range of speech fre-
quencies to be transmitted), that is, in ordinary low
frequency telephony, roughly from 300 to 3400 c/s.
This oscillator is connected to the input end of the
connection. under test and an A.C. voltmeter is
applied to the output end to measure the strength
of the signals received.

Measurements in connection with c a r ri e r
telephony are of a more complex type, the fre-
quency range being much wider; in the case of the
17 -channel system the appropriate oscillator and
measuring instrument need .to be suitable for the
frequencies already mentioned, namely up to about
100 000 c/s. Another complication arises from the
transformation which the speech frequencies under-
go and in this connection reference is made to the
diagram of a carrier channel depicted in fig. 1.

A speech frequency q is impressed by the modu-
lator upon a carrier wave of frequency p. This
furnishes two side -band frequencies p ± q, as well
as others, such as 2p, 3p ± q and so on, and that
side -band whose frequency is p q is employed for
transmission, the others being suppressed by the

1) See Philips Techn. Rev. 7, 83, 1942.

p+q

.SR
E RA CA

CiA

CA(

r

Fig. 1. a) Diagram of a carrier channel for telephony. B1 = branch; HF = high-pass
filter; LPF = low-pass filter; Mod = modulator; TBF = transmission band filter; TA
= transmitter amplifier; E = equaliser; R = repeater; RA = receiver amplifier; RBF =

receiving band filter; Dem = demodulator; LFR = low-pass receiving filter; CA = channel
amplifier; B2 = branch. Further, for carrier signalling: S = carrier wave injection; SR =
connection for signal receiver.

b) The relative level diagram in respect of all the components under normal working
conditions. The full lines show the level of speech at the various points in the system
illustrated in the upper figure. It is assumed that the output and input levels are exactly
equalised. At a speech frequency q and carrier frequency p, the signal under test will have
the frequencies as shown. The broken line refers to the carrier used for signalling purposes.

q
479.10
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transmission -band filter. Now, if it is desired to check
the hisses in the modulator, a frequency q is applied
to the input and the voltage of p q is measured
at the output. To ensure the exclusion of other
frequencies at this point, a very selective measuring
instrument, known as an analyser, is employed, this
being also used for measurements of level follow-
ing the transmitting band filter, for example,
somewhere in the cable. It is true that it would be
quite possible to apply only frequency p q by
means of the oscillator, to the input of the trans-
mitting band filter, but it must be remembered that
at the other end of the band filter we are also
concerned with the frequencies of all the other chan-
nels on the same pair of conductors.

. -

In telephone work, in general, it is usually laid
down that it must be possible for tests to be car-
ried out on any one channel while the -others are in
normal operation, and the analyser is therefore
essential for the elimination of the, frequencies of
the other channels. .

When, levels are measured in this way at the input
and output sides of all the components of a given
channel, a diagram is obtained of the kind depicted
in fig. lb. The level of the carrier transmitted for
signalling 2) is also shown, in broken lines.

The losses in the transmitting band filter with
respect to the carrier frequency tend to vary very
considerably with the temperature, seeing that this
frequency is located just at the edge of the pass
band; therefore, measurement of the level -and subse-
quent correction are of particular importance.

Speaking generally, these remarks also apply to
the highest frequency channels, since the a b s o -
lute width of the frequency range is actually the
same in all the channels (3 100 c/s, corresponding
to speech frequencies of 300-3 400 c/s); the
relative bandwidth in the highest. channels is
therefore much smaller than in the lower, so the
effect of temperature variations in the coils and con-
densers upon the losses of the. bandfilters, at the
edges of the ranges passed by them, is greater in the
higher than in the lower channels.

Description of the equipment required

The equipment by means of which the measure-
ment of level is carried out will now be considered
in greater detail, and our description is based on the
types of instrument. that would be suitable for the
maintenance of the 17 -channel system to which
reference has already been made.

2) See Philips Techn. Rev. 8, 168, 1946.

The Oscillator
The oscillator is constructed along the same lines

as the audio -frequency instrument described in a
previous issue of this Review 3), the required fre-
quency in this case being. the heterodyne of two
alternating voltages of higher frequency, generated
by two oscillator valves. In 'order to provide beat
frequencies up to 100 000 c/s, the frequency of one
of the oscillators is designed to give 400 000 c/s,
whilst that of the other is variable between 400 000
and 300 000 c/s. The beat frequency is filtered out
and amplified to the desired level, which, to meet the
required accuracy of measurement, must be the
same over the whole frequency range, to within
011 db. Since it is not an easy matter to construct
an output transformer, such as is needed for match-
ing purposes, that will give a sufficiently straight
characteristic over the entire frequency range of
30 to 100 000 c/s, two output transformers are
provided for switching in as required. One of these
is employed for the frequencies from 30 to 10 000 c/s
and the other from 4000 to 100 000 c/s. The trans-
mitting level is adjusted to the required value by
means of a calibrated attenuator.

Fig. 2 illustrates the arrangement of the oscillator.

Fig. 2. Simplified diagram of the oscillator. 9, = fixed fre-
quency oscillator; G2 = variable frequency oscillator (the
frequency of G, can also be varied to a certain extent for
trimming purposes); M = mixer stage; F = filter for sup-
pressing all voltages of which the frequency is over 100 000 c/s;
V1, V2 = amplifiers; D = calibrated variable attenuator;
T1, T2 = output transformers.

The oscillator has to meet very stringent require-
ments from the aspect of "reproducibility" of the
frequency setting, in connection with the previously
mentioned frequency drift to which the speech
frequencies in carrier telephony are subject. The
absolute error in the test frequency in the higher
channels (72 kc/s) must not be greater than in the
lower, a maximum of about 20 c/s, which

'means that the higher oscillator frequencies must be
capable of adjustment and indication within an
accuracy of 0.03% and that, despite variations in

3) "A Tone Generator" by L. Blok, Philips Techn. Rev.
5, 276, 1940. The instrument described therein is not re-
quired to meet such stringent requirements as those
arising in telephony.
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temperature etc. during testing, they must not
drift more than a fraction of this 0.03%. Due
attention to the temperature coefficients and care-
ful disposition of the components in the chassis,
with respect to sources of heat, such as the valves
and power pack, have made it possible to satisfy
these requirements.

The maximum output is 850 mW, but the sizes
of the components, especially the amplifier valves,
are very much more generous than would be nor:.
mally expected for such a relatively low output
power, and the reason for this is to he found in the
special demands made upon them; in telephony all
the valves, including those in the measuring equip-
ment, are almost continuously in operation, so that
a much longer guaranteed life is necessary than for
the  average radio valve, which is in use only for a
few hours each day. For this reason the valves in
the oscillator are of a relatively larger. type.

The level -mete?

This unit ( fig, 3) comprises in the'main an ampli-
fier, suitable for frequencies of 30-100 000 c/s and a
double -diode rectifier, followed by a milliammeter

-

I/

42.X.VG.

Figs, 3. Diagram of the level -meter. D = calibrated attenuator;
potentiometer; V = amplifier; G = rectifier; A = meter;

Ii = auxiliary, plur,-in hand meter, for use if required.
When switch K is closed the feed -back produces oscillation,
for". use in "internal calibration".

Of which the scale corresponds to a range of 14 db,
giving easy reading to within an accuracy of 0:1 db.
In practice' the levels actually differ by much more
than 14 db, for; in the diagram of levels fig. 1, one
channel alone reveals differences of from 5 db
above to 60 db below the so-called zero level
(1 mW).

In some -instances the line repeaters provide
amplification to the extent of 65-70 db and the level -
meter is therefore also provided with a calibrated,
variable attenuator for reduction of the sensitivity
of the unit to the required value. The weakest sig-
nals to be measured lie 72 db below the zero level
(potentials of about 30 ii.V) and the strongest are
30 db above it (potentials of 70 V); the attenuator
is very carefully designed to avoid the possibility

that unusually high input voltages might in them-
selves affect the output and disturb the reading of
the instrument. With the same object in view, care
is also taken with the wiring, whilst due conside-
ration is given to the reduction of stray impedances,
in order to ensure the required flat characteristic
over the whole of the very wide frequency range of
30 to 100 000 c/s.

The dial calibration of the milliammeter is correct
only in respect of a certain definite degree of ampli-
fication from the built-in amplifier, and this setting
can be readily checked by means of the feed -back
which causes the amplifier to oscillate. The de-
flection of the meter is governed by the degree of
amplification, which is made to correspond to the
calibration line on the dial; should the setting be
incorrect, the amplification is adjusted by means of
the potentiometer P in fig. 3 (internal calibration).

The Analyser

This instrument must be capable of filtering from
a composite signal a very carefully determined and
readable frequency and of measuring the strength
of this frequency. A filter is used that will pass only
a very narrow band of frequencies in the region of
370 c/s and the signal under test is converted to
370 c/s by modulation with a carrier wave of variable
frequency, see fig. 4. The circuit may therefore be
regarded as the reception channel of a carrier
system in which the carrier wave employed for
modulation is variable and of which the channel
amplifier admits only one frequency, of 370 c/s,
this having been chosen to avoid confusion with
possible harmonics of the main frequency.

The fact that an analyser of this type is definitely
essential for the measurement of high values of°
filter -loss can best be illustrated by means of an
example. Suppose it is required to measure at 2000

Fig. 4. Diagram of the analyser. S = input for signal under test,
of unknown frequency f; G = input for an indicated frequency,
variable within 1 or 2 c/e; M = modulator; F = sharp cut-off
filter for 370 c/s; Ti V2, V3 = amplifiers. A = measuring
instrument to deflect only when G supplies a frequency of

+ 370 or f - 370 c/s.

c/s a high-pass filter of which the cut-off frequency
is 3000 c/s, using an oscillator of which  the
inherent distortion is 0.1%, i.e., the sum of all the
harmonics is 60 db below the fundamental. Now,
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if a straight -characteristic test -amplifier were used
instead of the analyser, it would not be possible to
measure a greater quantity of loss than 60 db, seeing
that all harmonics of 2000 cis would pass the filter
without any attenuation and produce a signal just
as strong as the 60 db damped fundamental fre-
quency. The analyser, on the other hand, first
eliminates all harmonics and heavy background
noises, after which only the strength of the fun-
damental frequency of 2000 c/s is measured, this
being passed by the filter and exactly reproducing
the filter losses at that frequency.

Construction of the equipment

For the daily testing of a large station, the neces-
sary measuring equipment is mounted on a special
panel as depicted in fig. 5; this is located at a central
point in the station and is connected by permanent
wiring to all the panels at which regular measure-
ments of level are taken. On each of the latter
panels, for instance that of the channel amplifier
for the 17 -channel system, a jack A is provided,
connected to the output voltage of the oscillator and
a similar jack B, connected to the input of the level -
indicator. Further, the inputs and outputs of the
components on that panel (in this case the channel
amplifiers) are all taken to a jack -panel, so that,
using only two leads with plugs at the points A and
B, it is possible to check all the components in
quick succession.

Measurements are carried out by two inspectors,
one of whom makes the necessary adjustments to
and takes readings from the test panel, while the
other completes the successive connections to the
different components at the panel to be tested. The
inspector at the latter can also take readings, if
desired, by means of a hand meter connected in series
with the instrument on the test panel. This is con-
venient if any adjustments to the panels are to be
made, e.g. matching of modulators 4) or readjust-
ment of the amplifiers.

The great rapidity of measurement made possible
by this division of labour is of the utmost impor-
tance in view of the very numerous measurements
that have to be made regularly, especially in the
larger stations, where sometimes 10 or 20 carrier
systems are mounted side by side.

In smaller stations no test equipment is normally
available and this has to be brought to the spot as
and when required. It is understood in all measure-
ment work that a call taking place over the channel
under measurement shall not be interrupted and,

4) Philip v. Res Techn. 7, 83. 1942,

Fig. 5. The test panels, as mounted in a Philips 17 -channel
carrier station. 0 = oscillator; N = level indicator; S = switch
panel. The right-hand panel contains the channel amplifiers
and the illustration shows the jack -panel to which the input
and output jacks of all the amplifiers, as well as tappings
from the anode circuits, are grouped. On the right-hand side,
by the jack -panel, there is a hand -meter for checking the
amplifier valves.

during the time taken for such measurement, the
calls are transferred to special spare channels.

Fig. 6 shows a photograph of the analyser, de-
signed as a readily transportable instrument for
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Fig. 6. The Analyser. One of the meters is for checking the
symmetrical setting of the balanced modulator, whilst the
other indicates in db the strength of the signal to be tested,
a calibrated attenuator being provided for this purpose.

mounting in a panel or wooden box, the latter
being preferable for locating faults, as it can be
connected to any desired point in the system or
used for measurements in unattended terminal or
repeater stations. The oscillator and level -indicator
described above can be similarly built into standard
wooden boxes and the latter, mounted in this
manner, is shown in fig. 7.

Ancillary apparatus used in normal operation

For the transmission of speech over telephony

Fig. 7. Level indicator, mounted in a robust wooden box.
The construction, as indeed that of all the equipment des-
cribed, must be extremely rigid to avoid distortion of the
chassis, buckling of the front panel etc. and thus exclude
any possibility of consequent changes in the electrical proper-
ties.

channels embodying a large number of elements
(four -wire circuits) it is essential that losses due to
reflection in these circuits be reduced to the greatest
possible extent, which means, in effect, that each
four -wire circuit must be terminated by its so-
called characteristic impedance and, to simplify
matters, a certain amount of standardisation has
been introduced. In low frequency telephony
equipment (up to 10 000 c/s) each of the elements
in the connection must have an impedance of 600
Ohms, or, in the case of higher frequencies (up to
200 kc/s), 150 Ohms. Then, in order to determine
the impedance of any one component this must
be similarly terminated, exactly as under work-
ing conditions. If the oscillator 0 (fig. 5) is sub-
stituted for the preceding components and the
level -indicator N for the subsequent elements,
the output impedance of the oscillator and the input
impedance of the level indicator must conform to
the prescribed value of 600 or 150 Ohms. Again,
it may be desired to measure the level of a line
whilst in normal operation: the level indicator, or,
if required, the analyser is then connected in
parallel with that line, in which event the
introduction of the meter into the circuit must
not produce any alteration in the speech circuit, i.e.
the level must not be changed more than 0.1 db.
The input impedance of the level indicator is then
set to a very high value, i.e. 30 000 Ohms for a line
of 600 Ohms.

The switch panel S shown in fig. 5 incorporates
the necessary equipment for the adjustment of the
oscillator output and level indicator input, as re-
quired, to the impedance values mentioned (which
must be constant throughout the whole frequency
range of 30 to 100 000 cis) 5).

Further, by means of a calibrated attenuator it
is possible to reduce by 60 db the transmitting level,
normally of 1 mW, but which for purposes of check-
ing the performance of the limiters and certain
other components may be 6 mW. This facility is
desirable notwithstanding the availability of the
calibrated attenuator in the oscillator itself, since
in some instances the carrier feed -voltage of the
whole unit is employed as test signal instead of the

5) The impedance of 4 -wire circuits is seldom exactly 600 or
150 Ohms over the whole frequency range, due amongst
other things to the presence of unavoidable capacities
and inductances. It is only in certain parts of the range,
e.g. in the case of the bandfilters, in the centre of the channel
that the impedance exactly meets the required value.
Nevertheless, the measurements are carried out with
impedances of 600 or 150 Ohms, as these not only always
furnish comparable results but the arrangement also
approximates working conditions, in so far as attenuators
for balancing or adjustment are often used, of which the
impedance is actually quite independent of frequency.
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oscillator voltage, and the 17 jacks seen on the
small panel in the lower part of the equipment
(fig. 5) serve this purpose.

The transmitting and receiving cables forming
the connections between the switch panel and the
various other panels will in some cases carry
signals of widely different levels, and checking of
the amplifiers may reveal differences of as much
as 70 db; in order, therefore, to ensure the required
accuracy of measurement, the transmitting and
receiving cables must be very carefully screened
from each other. The method of earthing the
screening, too, is of great importance. According
to whether the input or output of a component to
be tested is balanced or not with respect to earth,
the screening, which is provided in each case with
separate leads, is connected to different earthing
points: the jacks referred to above are then so
arranged that when the plugs are inserted the
screens on the relative wiring are automatically
inter -connected.

All the adjustments described in the foregoing,
such as the impedance of input or output, the
transmitting level, or earthing, are accomplished
by means of a group of switches on the switch -
panel; the use of keys or special tumbler switches,
to permit of rapid action and to provide a simple
means of reversing numerous contacts simultane-
ously, is a typical feature of telephone equipment
construction. In the design of these keys, however,
due consideration must be given to the fact that at
higher frequencies, in the region of, say, 100 000 cis,
they may tend to form a shunt across the 150 Ohm
line -impedance and upset the matching.

In conclusion, it should be noted that the two
inspectors, working together on the measurements
in the manner described, may well be some hundreds
of miles apart, for example when measuring the
losses in the cables or inter -station connections.

To meet such contingencies, the switch panel
includes the necessary connections to permit of
the transmission of instructions and reports tele-
phonically over the actual line under test.

Other measurements

A few additional maintenance tests mentioned
in the opening paragraphs will now be briefly
discussed.

Cross -talk measurements

Measurements of cross -talk are virtually measure-
ments of level, with this difference that the signal is
applied to the input of one speech channel, whilst
the level of the resultant interference is measured

at the output end of another channel. For this
purpose it is necessary to select different frequencies
according to the degree of annoyance caused to the
listener, and this process of selection is made possible
by a filter possessing a very definite - characteris-
tic; the equipment incorporating an instrument
of this type is known as a psophometer 6).

In general, cross -talk measurements only become
necessary in the event of an actual defect, such as
damage to a cable, which would disturb the balance
between the pairs of conductors. In these cases the

Fig. 8. Transportable equipment for cross -talk measurement.
Top: the psophometer 6); below: the play -back apparatus for
the speech records. On the right: the volume -meter.

6) See Philips Techn. Rev. 7, 108, 1942.
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number of measurements to be taken is extremely
large, 552 individual measurements being necessary
for the checking of mutual cross -talk between 24
pairs of conductors in a carrier cable:

Fig. 8 depicts the equipment used for this kind of
measurement. The outgoing signal usually consists
of speech, and to provide speech of a readily reprO-
ducible character and level specially selected
gramophone records are employed, of which the
play -back strength is controlled by means of a
specially adapted volt (volume) meter. The play-
back unit and psophometer are mounted in a
transportable panel, to enable cross -talk measure-,
ments to be made for the purpose of localising faults
at various points in the system.

Measurements of the strength of hum and back-
ground noises are also carried out with this in-
strument.

Checking the amplifier valves

In a terminal station serving a number of carrier
telephony lines many hundreds of amplifier valves
are used, each of which in the course of time dete-
riorates and requires replacement before an actual
interruption in the line occurs. These valves, then,
are inspected at regular intervals, for instance once
per week, and it is sufficient in the case of most of
the valve types to measure the anode current
under normal working conditions. So that this may
be done rapidly, two tappings are taken from the
anode resistance 'of each valve to a jack and all the
jacks associated with each panel of valves are
grouped on the common board to which reference has'
already been made. The different anode currents are
read direct from a portable milliammeter, plugged
successively into the appropriate jacks. For varying
types of valve the anode tappings in question have
to be arranged differently, in such a manner
that the full deflection of the meter can be used in
each case, and this would normally mean a special

scale for each different type of valve. Since the
Philips Carrier Equipment under review employs
only two distinct types, however, it is only neces-
sary for the meter to be fitted with two scales. To
facilitate reading these scales are "printed in dif-
ferent colours and each jack is marked with its
appropriate colour. .

The anode current of some types of valve does not
necessarily furnish adequate evidence of its proper
working, a more important feature being the slope,
and this is obtained by measuring the anode current
at two different values of grid bias. The jacks relat-
ing to such valves are therefore provided with a
key, by means of which the bias can be set to
a value other than the normal and this second
measurement can be taken.

Interfering frequencies; distortion measurements

As we have already shown, the modulators in a
carrier system not only supply the desired sidebands
but numerous other, undesired frequencies as well,
and in certain circumstances the latter may tend
to pass into the particular channel or even into
other channels, causing troublesome whistles. The
highest degree of accuracy is often needed to iden-
tify such frequencies and trace them to their source,
and this work can be very conveniently carried out
by means of the analyser described in the preceding
paragraphs.

The same instrument is also used for the measure-
ment of non-linear distortion; a particular frequency
is applied to the suspected component and the
strength of the resultant second and third harmonics
etc. is then measured. Special equipment can, .of
course, be constructed for the direct measurement
of distortiOn, but as these tests lie virtually on the
border line of normal maintenance measurements
in carrier telephony it has not been found neces-
sary to develop such special instruments for the
particular system mentioned above.
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The multi -reflection tube is a reflex oscillator differing essentially in construction and
functioning from the ordinary reflex oscillators. With the latter effective use can be made
of only one reflection in the space between the modulator system and the repeller'electrode.
In the multi -reflection tube, on the other hand, the electrons execute a pendulum motion
about the modulator 'system with a constant periodic time, so that each time they pass
the modulator system they induce a current of the correct phase, which results in a much
higher efficiency than that of the usual reflex oscillators. This constancy of the periodic
time is achieved by a suitable choice of the, potential gradient between the modulator.
system and the repeller electrode and cathode respectively. The multi -reflection tube
can be used for pulsating operation as well as for continuous wave operation.

Among the Modern oscillators the magnetron
and velocity -modulated tubes occupy the most
important places in the field of decimetre and
centimetre waves. Velocity modulated tubes have
recently been discussed in detail, in this periodicall);
their action is based on the electrons first being
modulated in velocity and the velocity -modulation
then being converted into a density modulation
due to the electrons overtaking each other in a
field -free space. In the so-called reflex oscillators
the effect of the electrons overtaking each other
also plays an essential part, but the conversion
of velocity -modulation into density -modulation no
longer takes place in a field -free space, the electrons
being "reflected" by an' electrostatic field back to
the modulating system that modulated them in
velocity. The principle of the reflex oscillator will
be compared with that of the "ordinary" velocity
modulated tube in more detail farther on. Here it
is to be remarked that one great objection to the
reflex oscillators hitherto known was their low
efficiency. A new reflex oscillator, the "multi -
reflection tube", has now been developed by
Philips, the principle and construction of which
will be described in this article. This new .reflex
oscillator has a high efficiency, mainly due to a

1) F. M. Penning, Velocity -modulation Valves, Philips Techn.
Rev. 8, 214, 1946.
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suitable choice of the above -mentioned electro-
static field.

Principle of the reflex oscillator'

In order to show clearly the fundamental difference
between the action of the reflex oscillator and that
of the ordinary velocity -modulated tube we shall
outline the action of the latter with reference to

t.

I 1

I I

I I
I I

III I
IiI'

A
47724

Fig. 1. Diagram showing the principle of a velocity modulated
tube. K cathode, M grids of the modulator between which
the electrons are modulated in velocity by an A.C. voltage.
Between M and I is a field -free space for overtaking, in which
velocity -modulation is converted into density -modulation;
I inductor to which density -modulated electrons give off
their high -frequency energy.

fig. 1; for all details we refer to the article already
mentioned 1). The electrons of a beam emitted
from the cathode are first brought to a high velo-
city, which is the same for all. Between the grids
of the "modulator" there is an A.C. voltage, and
here the electrons undergo small variations in velo-
city, the magnitude of which depends on the
Moment at which the electrons enter the modulator.
.Next the electrons enter a space that is free of
field, the "drift space". Because of the variations
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in velocity the electrons which started later will
be able to overtake in this space those which
started sooner, this resulting in variations in density
along the beam. .At a point where the density
reaches a high value there are the grids of the
induction system, the "inductor". Here,' owing to
the fluctuations of density, high -frequency alter-
nating currents are induced 2). By applying a
feedback from the inductor to the modulator an
oscillating system is obtained.

The conversion of velocity -modulation into
density -modulation can be brought about otherwise
than by causing the electrons leaving the modulator
to overtake each other in a field -free space. In the
reflex oscillators this is accomplished, as already
stated, by causing the electrons to .strike up
against a retarding electrostatic field, so that they
are ultimately thrown  back upon the modulator
(cf. fig. 2), obviously resulting in density modulation.

z

11

4

47725

Fig. 2. -Diagram showing the principle of a reflex oscillator.
K cathode; M modulator which here also plays the part
Of an inductor. To the right of M is an electrostatic retarding
field which causes the electrons to reverse their direction.
(How the retarding field is obtained is not indicated in the
figure.) Since the transit time of the electrons in the retarding
'field depends upon their initial velocity, and this is modulated
by M, the electron current returning to M is modulated
in density. By a proper choice of the phase difference between
this current and the A.C. voltage, the high -frequency energy
can be made to be given off to M.

The transit time of an electron in the retarding
field - i.e. the time that the electron takes to travel
from and back to the modulator - depends not
only on the properties of the retarding field but
also on the velocity with which the electron leaves
the modulator. The electrons which leave the modul-
ator at equal intervals but at different velocities
will therefore in general arrive back at the modul-
ator at unequal intervals, which means that the
originally constant current density is in fact
converted into a time -dependent current density,
and if the modulating voltage is periodic that
current density will be a periodic function of the
time.

Now if it is desired to use this method of convert
ing velocity -modulation into density -modulation
to obtain an oscillator, it is only necessary to arrange
for the modulator to act the part of inductor for
the returning density -modulated elections. This
is accomplished by a suitable choice of the phase
difference between the modulating voltage and the

current density of the electrons returning to the
modulator.

The fundamental similarity with the ordinary
velocity -modulated tubes thus consists in the fact
that, by means of a relatively long transit time,
either in a field -free space or in a retarding field,
the electrons are given the opportunity of converting
their velocity -modulation into density -modulation.
The fundamental difference consists in the modul-
ator and the inductor of an ordinary velocity-

. modulated tube having become identical. Hence-
forward this arrangement, which in reflex oscillators
provides both for the velocity -modulation of the
electrons and for the induction' of their high -
frequency energy, will be called the "modulator
system,"  (cf. footnote 2)).

Reflex oscillator with a linear retarding field

In the foregoing our remarks have been confined
to generalities and no precise definition has yet
been given of the kind of retarding field used in
the existing reflex oscillators. In point of fact,
what has been used almost exclusively so far is a
linear retarding field, by which is meant the
simple situation shown diagrammatically in fig. 3:
Here the retarding field is formed by introducing
at some distance behind the modulator 'system a
"repeller electrode" at a potential a few hundred
volts lower than the cathode potential: the potential
variation between the modulator system and the
repeller electrode is then linear, at least if space -
charge effects are to be disregarded, which will
usually be the case here.

II

II
I I '

1

R
4772i

Fig. 3. Diagram showing the  principle of a reflex oscillator
with linear retarding field. K cathode; M grids of the modu-
lator system (which plays both the part of modulator and of
inductor); R repeller electrode to which a voltage is applied lower
than that of the cathode. The variation of potential between
M and R is linear, except for possible space -charge effects.

In a reflex oscillator with a linear retarding field
an electron moves in the retarding field like a
ball thrown vertically into the air (we disregard

2) In itself the action of the inductor is nothing else than
that of a second modulator, the only difference being
that the density of the electron beam when passing through
the first modulator is homogeneous and inhomogeneous
when pdssing the second.
As a consequence the change in the kinetic energy of the
electrons in the first case is on an average zero per cycle,
whilst in the second case this variation per cycle is negative,
so that a surplus of energy is taken up by the inductor.
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space charge and air resistance). If v is the velocity
with which the electron coming from the cathode
reaches the modulator system and Av is the (positive
or negative) velocity modnlation which the electron
thereby undergoes, its transit time in the retarding
field is "

ti proportional to v Av.

Therefore the accelerated electrons (Av > 0) are
overtaken by the . retarded electrons (Av < 0)
which started later,.thus just the reverse of the case
with the continuously forward -moving electrons
in the ordinary velocity -modulated tube, where the
transit time from the modulator to the inductor is

1
ti proportional to

v Av

When lAv/v I (1, i.e. at small depths of modulation,
however, there is a far-reaching analogy between
the two types of velocity -modulated tubes, con-
sidering that then

_
1

v
v 14v1

lAvl.

This analogy will be more clearly shown in the
discussion of the efficiency.

Efficiency of the reflex oscillators

Let us suppose that a reflex oscillator (not
necessarily with a linear retarding field) is oscillating.
The periodically varying voltage on the modulator
system and the current which is induced in it by the
density -modulated electron beam will in general
contain a number of harmonic components. We
assume, however, that the oscillator circuit (for
instance a cavity resonator or a Lecher system),
of which the modulator system forms a part, is
tuned to the fundamental frequency, so that we
need only consider the fundamental components
Of the voltage and of, the induced current - with
the amplitudes Vy and .1.1 respectively. Further
we denote by -1/0 the electrostatic voltage of the
modulator system with respect to the cathode, and
by io the unmodulated electron current emitted by
the 'cathode. Assuming, further, that the induced
current is in phase with the voltage, .which is the
most favourable situation for efficiency, the follow-
ing expression holds  for the efficiency n:

i/2 Il V1

jo vo

The same formula also holds for ordinary velocity.
modulated tubes, it being understood, of course,

n - (1)

that VI and /i are then the voltage on the inductor
and the current induced in it. 3)

In order to -obtain a high efficiency it is therefore
necessary, according to equation (1), to ensure that
the ratios /l/i0 and I/1/K, are as large as possible.

The maximum value of i1/i0 at a.small depth of
modulation is found to be exactly the same for an
ordinary velocity -modulated tube as for the reflex
oscillator with a linear retarding field (cf. the
remark at the end of the previous section), being
in both cases equal to twice the maximum of the
Bess el function .11 (x), which amount's to 0.58 1).
Now with an ordinary velocity -modulated tube V1.
can be chosen equal to -1/0 (it cannot be chosen
larger because the electrons would then be thrown
back before they had reached the inductor), so
that the maximum efficiency in that case, becomes
nmax 1/2  1.16 x 1 = 0.58:

On the other hand, in the case of the reflex
oscillators in general, and thus also those with a
linear retarding field, the ratio Y1/K, must be
smaller than unity, having  regard to the starting
of the oscillation. The maximum fficiency of a
reflex oscillator with a linear retarding field is
therefore considerably less than 0.58.

Due to all kinds of incidentical factors, hoWever,
which have been disregarded in the derivation of
these theoretical maximum efficiencies, in practice
the latter are not even approximated. The efficiencies
actually attained in.practice with ordinary and with
reflex velocity -modulated tubes are of the order of
0.2 and 0.1 respectively.

The multi -reflection tube: its principle and efficiency

The objection, just mentioned, of the low value
of Vi/Vo in reflex velocity -modulated tubes can,
however, be overcome indirectly, thanks to a factor
which so far has been left out of consideration here,
namely what happens to the electrons which after
reflection have given off part. of their kinetic energy
to the modulator system. These electrons, of course,
first travel farther on in the direction of the cathode,
but ultimately they are driven back again to the
modulator system. The question then arose whether
it might not be possible to  improve efficiency by
causing the electrons to swing back and forth
around the modulator system in such a way that
each time they'pass through they give off as much
of their energy as possible. This was indeed found
to be possible and in the multi -reflection tube we

3) The efficiency of the ordinary velocity -modulated tube
is discussed in detail in the article already referred to 1).
The readers' attention is called to the fact that in that
article our quantities V1 and .T, are denoted `by V, and /,
respectively.
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have a practical realization of just such a possibility.
Let us consider this question somewhat more

closely. Each time it passes through an electron
gives off to the modulator system an amount of
energy equal to eYi sin (27rt1lT), where e is its
charge, T the periodic time of the voltage and
the moment of passage. The factor Vil-Vo in formula
(1) for the efficiency is thus equal to the ratio of
the maximum energy which an electron can give
off to the modulator system in one'passage, namely
e V1., to its original energy e Vo. If, now, the electrons
are reflected n times by the retarding electrode
and the cathode alternately before they disappear
from the beam for some reason or other (for instance
through divergence), the situation from the 'point
of view of an electron is as if in equation (1) n KT°
took the place of T71/ Tio. Therefore, if from now
on we take I1 as indicating the amplitude of the
induced current when in a reflex tube an electron is
reflected 'only once, then with n reflections the
same tube will have an efficiency n times as great:

n
nn = 7. 

r 0

provided the induced current is in phase with the
voltage at every passage of the electrons through
the modulator system, and its amplitude /1 remains
unaltered. We shall return to this requirement
shortly. First we will consider the situation "from
the point of view of the modulator system". From
that point of view the amplitude of the A.C. voltage
does not depend, upon the number of reflections,
but it is the amplitude of the induced current
which becomes n times as large - still under the
proviso just mentioned, which might be expressed
by writing equation (2) as follows:

n11 V1
= 1/ 2-

io Vo

Now what is implied by the above -mentioned
requirement for equation (2) to be valid? Obviously
it means in the first place that the periodic time
of all the electrons must be the same (in that case
once the density modulation has been obtained
it will not change during the pendulum motion),
and in the second place, that the periodic time must
remain constant, in spite of the energy of the
electrons diminishing each time they pass through
the modulator system (the induced current will
then always remain in phase with the voltage).
In other words, the condition in question will
only be satisfied when the electrons execute a
(damped) harmonic pendulum movement about
the modulator system with a periodic time that is

(2)

(2a)

the same for all electrons. Now it is known that
such a motion can only take place when the particle
is attracted by a centre of force with a force prop-
ortional to the distance; the potential then changes
as  the square of that distance and the transit
time of a particle does not then depend upon its
velocity at the position of the centre of force.
Thus if the potential to the left and right of the
modulator system had a parabolic slope, a density
maximum once obtained would travel back and forth
without being smoothed out, and would always
pass the modulator system in the correct phase.
With any 'other retarding field - especially with
the above -mentioned linear retarding field - a
density maximum becomes more and more smoothed
out during the motion, so that ijio soon becomes
very small, and there can be no question of an
improvement in efficiency.

By introducing the  parabolic retarding field,
however, we should be rejecting the good with the
bad. We wanted to introduce the parabolic field
because in that field the density modulation of
the electrons dit not change during the motion.
In particular, therefore, an electron beam originally
unmodulated in density would always remain
unmodulated in a parabolic field; in other words
.1.11i0 would not only be small, but it would be
exactly zero.

A solution of this dilemma could be sought by
dividing the problem into two, namely by first
modulating the electron beam in density in some
way or other as well as possible, i.e. by providing
for the largest possible value of in equation.
(2), and then causing the modulated beam to travel
back and forth in a' parabolic field, so that the
factor n KT° in equation (2) also assumes a
favourable value without the first mentioned factor
being changed.

This procedure is now employed in the multi -
reflection tube in a remarkable manner, as will be
explained in the following. ,

Let us return for a moment to, the case of a
single reflection in some retarding field, or other;
for the present, therefore, we will consider only
the variation of the potential to the right of the
modulator system (to the left of it is the cathode).
For every retarding field there is in general a
different maximum value of so that two
questions arise:
a) with what retarding field do we get the greatest

of all those maximum values ?
b) How great is that greatest value?

The key to,, the situation - and on this is based
the principle of the .multi -reflection tube - is the
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following: The optimum retarding field re-
ferred to in question a) provides --as we shall
soon see - not only that the electrons
receive the greatest possible density modul-
ation upon the first reflection, but also that
this automatically remains unchanged in
the following reflections, provided the field to
the left of the modulator system is parabolic.

We shall now investigate question a) more
closely. We call i1 the amplitude of the fundamental
component of the modulated electron current
at the position of the modulator system after the
first reflection, while .1./. was the amplitude of the
fundamental component of the induced current.,
Since ii = .4, we may consider instead of /11/0.
The ratio i.e. the density modulation of the
electron current, = as we have already stated -
is determined entirely by the transit times of the
electrons in the retarding field, i.e. the time taken
by the electrons to travel once back and forth from
and to the modulator system. In a given retarding
field the transit time is again determined by the
velocity with which the ,electron enters that field.
Since this velocity varies periodically with the
time t1 at which the electron enters the retarding
field, the transit time is also a periodic function
f(h) with the same period. The form of the function
../(t1) thereby depends on the retarding field, each
f(h) corresponding, in general, to a different
retarding field. Therefore, for question a) we may
substitute the two following questions:
(a1) With what f(h) is a maximum?
(a2) What must be the form of the retarding field

in order that the transit time will vary according
to the optimum f(ti) referred to in question
(ai)?

fad
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Fig. 4. The transit time F (h) of an electron in the optimum
retarding field as a function of the time t1 at which it leaves
the grids of the modulator system. The transit time of the
electrons retarded by the modulator system is indicated
by to. The transit time of the accelerated electrons is then
to + T/2 (T is the period of the A.C. voltage on the modulator
system).

We shall not go into the (not very difficult) mathem-
atical considerations which furnish an answer to
question (a1) but will confine ourselves to stating
the result. The desired function, which we shall

denote by F(ti), is represented in fig. 4 4). Except
for a constant it is given by a so-called square' sine
with an amplitude amounting to one quarter of
its period T (the function F(t1) having the dimension
of a time).

0 3T/2 2T 5T/2
4 77 2 8

Fig. 5. a) A.C. voltage V1 sin (2ntIT) between thle grids of
the modulator system as a function of the time.

b) The unmodulated electron current i = it, as a function
of the time; the black dots along the t axis represent the
electrons coming from the cathode and reaching the modu-
lator system at equal intervals.

c) The modulated current of the electrons returning to the
modulator system as a function of the time, where the transit
time function F (t,) is given by the curve of fig. 4. The heavy
line is the total current, the thin line the sum of the time -
independent component io and the fundamental component
(4i0kt) sin' (2xt/T). The black dots above and below the
t -axis represent respectively the accelerated and the retarded
electrons. It may be seen that at equal intervals during
one half of the cycle one accelerated and one retarded electron
return simultaneously to the modulator system, and
during the other half of the cycle no electrons return.

This has led to the discovery of a very' important
property of the optimum retarding field. This
retarding field must evidently be such that 1) all
electrons which are retarded by the modulator
system have the same transit time to and 2) all the
accelerated electrons also have the same, longer,
transit time to + T/2. As a result the current
density of the electrons returning to the modulator
system, as a 'function of the time, will also be a

4) Strictly speaking, this is not the most general form which
F (t1) can have. For our purpose, however,the consider-
ation of the F (t1) represented in fig. 4 is sufficient.
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square sine; it is alternately zero for one half
cycle and during the other hal; cycle equal to twice
the unmodulated current density.

This can easily be seen from fig. 5. The phase
difference between the current density and the A.C.
voltage is equdi to 24 T times the transit time to
of the retarded electrons. In order that the energy
given off by the returning electrons to the modul-
ating system may be as large as possible, the
following equation must be satisfied:

to= (1+112) T. (1= 0, 1, 2, .. ) . . (3)

Given F(ti), it is possible to calculate the maxi-
mum -value of = iltio referred to in question
b), and then is found to be 4/n = 1.27 (cf. fig. 5).

In itself this is only a slight improvement com-
pared with the case where the retarding field is
linear: (1.27 -1.16)/1.16 = 9.5%.

What we are interested in, however, is the
"optimum" retarding field that corresponds to the
specific transit time function F(ti), mainly because,
as alreidy stated, it allows of the effective employ-
ment of the pendulum motion of the electrons.

What, then, is this optimum retarding field that
is realized in the multi -reflection tube? '

If vo is the velocity of an unmodulated electron,
all the retarded electrons will reverse their di-
rection to the left of point R (see fig. 6), for which

. -
Fig. 6. Variation of the potential V to the left and right of
the modulator system M in a multi -reflection tube; K cathode.
The parabola is approximated by the three sections of straight
line. The potential slope to the right of R (the broken line
RR') provides for the accelerated electrons to have a transit
time T/2 longer than the retarded electrons. The potential
difference between M and K (or R) multiplied by the charge e.
of an electron is equal to the kinetic energy mv52/2 of an un-
modulated electron.

the voltage, with respect to the modulator system,
is -mv02/2e (m and e being the' mass and charge
of the electron respectively).

It being essential that all retarded electrons
shall have the 'same transit time, the variaton of
potential between the modulator system and point R,
in accordance with what has dread_ been stated,
must be parabolic.

If the variation of potential, to the left of the
modulator 'system is given by the second symmetri-

cal half of the same parabola, then upon subsequent
reflections a retarded electron will pass the modul-
ator system at equal intervals (k 1/2) T (see
equation (3)), in spite of the fact that its energy
decreases each time. With a multi -reflection valve
the parabola in question is approximated by the
tripartite line in fig. 6.

The accelerated electrons, i.e. the electrons
which On leaving the modulator system have a
velocity greater than vo, will on the other hand
continue to the right of R. Thanks to this
circumstance, the requirement that the accelerated
electrons must all have a transit time T/2 longer
,than the retarded electrons can be satisfied in a
simple way by choosing a suitable variation for
the potential to the right of R: the accelerated
electrons are made to "wait" at the right of R.
A potential variation which causes the electrons
to wait in approximately the desired way - and
which is realized in the multi -reflection tube -
is represented in fig. 6. The transit time of an
accelerated, election in the retarding field to the
right of the modulator system is thus equal to

(1+ 112)T + 1I2T = (1+ 1)T,

so that such an electron, upon passing the modulator
system after the first reflection, loses exactly as much
energy as it took up when passing in the opposite
direction: thus it enters the space to the left of the
modulator system with the velocity vo. From
that moment onwards the originally accelerated
electron will behave exactly like an originally
retarded electron: upon subsequent reflections it
will never be able to enter the region to the right
of R. With reference to fig. 5, we have seen that
each time after the first reflection one accelerated
and one retarded electron return simultaneously
to the modulator sytem subsequently. Such a pair
of electrons will therefore always pass the modul-
ator system together, and this means that the
density modulation obtained upon the first reflec-
tion - the square sine of fig. 5 -- will actually
remain unchanged for all subsequent reflections.

What efficiency is to be expected from a multi-
reflection'tube on the basis of the theory outlined
above? In a multi -reflection tube the optimum
retarding field is only. approximated. After a certain
number of oscillations even in a multi -reflection tube
the electrons will become out of phase, or will be
removed from the beam by other causes. Actually
this falling out of phase occurs quite suddenly:
it can be demonstrated that the electrons oscillate
with a constant periodic time until tli.eir velocity

s fallen to about one half, and thus their energy
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to a fourth, after which .they give off practically
no more energy; unless special precautions are
taken they might even begin to consume energy.
Practically speaking, the current induced in the
modulator system is therefore formed - in agree-
ment with equation (2a) - by the 'superposition of
n currents, as represented graphically in fig. 7;

n here depends upon the value of 1/1/T/0.

d
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Fig. 7. How the current induced by the electrons is formed.
a) represents the non -density -modulated current of the
electrons passing the modulator system for the first time after
leaving the cathode. At each subsequent passage of the elec-
trons in one direction or the other (indicated by arrows)
between the grids an A.C. is induced the variation of which
with time is represented in b), c) and d); the fundamental
component of the induced current is drawn separately in
each case. The sum of these currents, i.e. the fundamental
component of the total induced current, is shown in e). Simil-
arly cross -hatched areas represent the currents induced by
the same group of electrons.

For a calculation of the. efficiency it is to be
noted that:

nVi E' - E"
Vo E'

(4)

where is the value of the kinetic energy of the
electrons at the moment it falls out of phase, and
E' the original kinetic energy. Since E"/E' = 1/4
and /1= i1, lye find for the efficiency, by
combining equations (2) and (4):

E"71=3-12 -  (1--) =3-124
3-  - = 0.48 .

io E yr 4

It is found, however, that some multi -reflection
tubes can attain efficiencies up to 50°A. Even if
_the error of measurement were of the order of 4%
the result would still be doubtful, because the .
circuit losses and radiation losses certainly cannot
be ignored. We shall revert to this surprising result
later.

Construction of the multi -reflection tube

On the basis of the above theoretical considera-
tions we shall now describe a practical form of
construction of the multi -reflection tube. In the
first place there must be a parabolic field or some-
thing closely- resembling it. As .already stated in
the foregoing, the parabolic field can be sufficiently
approximated for out purpose in a simple *way by
the combination of an equipotential field and a
field with a linearly decreasing potential. Expressed
in a different way this means the combination of
1) a space, free of field in which the retarded

electrons have a longer transit time than the
unmodulated electrons, with

2) a linekr retarding field in which they have a
shortei transit time.

By a suitable choice of the dimensions of the two
spaces it is possible to make the two effects compen-
sate each other, so that we actually obtain a practic-
ally equal transit time for electrons of divergent
velocities, provided these are smaller than the
unmodulated velocity.

In fig. 8 it is shown schematically how the
modulator system MM' is surrounded by two grids
A and IA', which are electrostatically at the same
potential as th.; modulator system. Except for the
relatively slight high -frequency A.C. voltage on the
electrodes of ;the modulator system, which causes
the retardations and accelerations of the electrons,
the two grids A and A' bound an equi-potential
space, which we shall call the anode space. Beyond
A and A' are the spaces with linearly decreasing
potential, respectively towards the cathode K and
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the reflection electrode R, which is also at cathode'
potential. A second point for consideration is how,
by simple means, the "waiting time" of T/2 of the
accelerated electrons is to be attained. Here again
the combination of an equipotential space with a
field of linearly decreasing potential furnishes a

K

A M M' A' R'

R'
477J1

Fig. 8. a) Diagram showing the principle of the multi -reflection
tube. K cathode; A and A' grids forming the anode; M and
M' grids of the modulator system; R' repeller electrode;
R grids providing for the desired variation of the potential
between the anode and the repeller electrode. b) Static poten-
tial variation in a multi -reflection tube.

A A'

solution. To that end, the electrode R is constructed
as -a. double grid, while behind R there is a second.
electrode R' to which a variable negativ.e voltage.
is applied. The short field -free 'space between the
grids of R in combination with the matched linear
retarding field between R and R' gives the desired
more or less constant waiting time of T/2. The
electrons that. are only slightly accelerated are
mainly held up between the grids 1, while the
strongly accelerated electrons shoot quickly through
the double grid but are held up longer in the retarding
space RR'. The distances between the electrodes
are determined by the choice of the wave length
of the oscillations to be excited and of Cue .ioltage
to be applied between the modulator system and
the cathode. The wave length determines the
periodic time T of the oscillations, and the voltage,
in combination with the distances in question,
determines the transit time to of the electrons for
one movement to and fro, while the previously
derived expression (3)

to = (1 +112) T
must be satisfied.

In the diagram  of fig. 8 the various electrodes
are all represented by grids. The advantage of a
grid lies in the practically constant potential over
the whole cross-section of the electron beam. A
disadvantage, however, is that the grids take up
some of the active electrons, and in the case of
electrodes with a low potential this is usually
accompanied by secondary emission, resulting in
electrons, with prohibitive velocities getting mixed
with the others. Moreover, there is a considerable
loss of energy, and the part that is lost is apt to
heat the grids to incandescence and cause them to
fuse, especially in the. case of the electrodes with
a high potential. In the practical model the grids
are replaced by plates with circular openings. The
theory as developed in the foregoing therefore
applies actually only for the electrons on the outside
of the beam. For the electrons on and near the
axis the 'potential ratios and thus also the transit
times are somewhat altered.

We shall not enter into all .the mathematical
considerations in this paper. Suffice it to say that
as far as the axial electrons are 'concerned the
requirement of equal transit times for all retarded
electrons and the same transit time + 1/2 T for all
accelerated electrons is not satisfied. Here the
mechanism of overtaking resembles more that of
the reflex oscillators with linear retarding field.
At the same time it is found that the density
distribution of the axial electrons in the returning
beam is in phase with the density distribution of
the outer electrons, so that the replacing of the grids
by plates with circular openings does not, at least,
give rise to any fundamental disturbances. It is
even not impossible that the action of the axial
electrons is of predominating importance in the
starting of the high -frequency 'oscillations in the
modulator system, while the outer electrons only
become of importance at the higher oscillation
voltages and thus cletermine the efficiency.

Figs. 9a and b represent a multi -reflection tube
and its components. In fig. 9c the construction of
the valve is represented diagrammatically. The
cathode K is an indirectly heated oxide cathode.
In front of the flat emitting side of the cathode is
the drilled plate r, which is at a weak negative
potential with respect to the cathode and serves
to regulate the cathode current. The anode system
A, which surrounds the modulator system L, is a
rectangular boi open at the top and with two
circular holes in opposite sides for the passage of
the electron beam. The modulator system L con-
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sists of two metal strips, likewise provided with
holes, forming a quarter -wavelength Lecher sys-
tem for the high -frequency oscillations to be
excited.

The plates R and R', the first containing an
opening, form the reflection system. The plate R
is at cathode potential and according to the theory
should be constructed as a double grid. The equi-
potential space enclosed by the double grid, in com-
bination with the retarding field between R and R',
has to provide for the constant delay of T/2 for
all the accelerated electrons. If, however, it is
desired to dispense with any form of grid and to
deal only with the outer electrons, the plate R
will have to be of a certain thickness.

With the arrangement described in the foregoing
the Lecher system begins to- oscillate with a
voltage maximum at the ends of the strips. Opposite
these ends there are two other strips of the same
width, which take off the high -frequency energy

a)

capacitatively and conduct it out of the valve.
These strips are passed through the glass with the
help of the so-called sintered -glass technique 5).

Influence of a focussing magnetic field on the
efficiency

For a satisfactory functioning of the multi -
reflection tube care must be taken that the electrons
are not driven to the electrodes by the lateral forces
of the space charge before they have given off the
greater part of their high -frequency energy to the
modulator system. To that end a magnetic field
in the direction of the electron beam is introduced,
which opposes the divergence of the beam. At
first sight it might be thought that the intensity
of this magnetic field could be chosen quite arbitra-
rily, but that is not so. It is found that the power
output of the tube has decidedly certain maxima
for certain critical values of the magnetic field.
In the discussion of the efficiency we have already
stated that with some multi -reflection tubes the
efficiency was found to be greater than was to be
expected according to the simple theory, where no
account is taken of a possible effect of the magnetic
field. It will be seen that the explanation of this
is closely connected with the critical values of the
magnetic field in question.

5) See E. G. D or g elo, Sintered Glass, Philips Techn. Rev.
8, 1, 1946.

b)

47734

Fig. 9. a) A multi -reflection tube. Diameter of the glass envelope 55 mm. b) components
c) diagram of the multi -reflection tube of a); K indirectly heated cathode; r control elec-
trode; A anode; L Lecher system (modulator system); R and R' repeller electrodes.

c)

47772
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Let us consider the following experiment:
The Lecher system is detuned, go that the valve

cannot oscillate. If the anode voltage is now applied
and the current between anode and cathode
measured with no magnetic field, we find a certain
value. Upon' switching on the magnetic field the
current falls. This fall is greatest .for the above -
mentioned critical values of the ma.gnetic field.
From a measurement of the magnetic field strength
it is. found that the critical values are just those
at which the cathode is projected electron -optically
upon itself, i.e. at whiCh the electrons leaving the
cathode are brought back to the identical points
of .the cathode after reflection. The resulting
increased space charge in front of the cathode is
capable of decreasing the emission of the cathode
to a considerable extent, which explains the fact
that the fall in the current is a maximum for the
critical values of, the magnetic field.

What happens now when the tube oscillates at,
such a Critical value of the magnetic field? Oying to.
their loss of velocity, the originally retarded
electrons no longer return to the CathoO.C. After
reflection', the eriginally accelerated electrons lose
their excess velocity and consequently return to
'the cathode, but a closer investigation shows that
because of their longer transit time. they cannot'
contribute to the magnetic projection 'of the cathode
on itself. Only the practically immodu ated elec-.
trons return to the ' cathode in a concentrated
form and then momentarily suppress the cathode
current. This means that the emission is no longer
constant, but falls .to almost zero twice per cycle.
It can be, shown that the optimum retarding field
then remains the same as for the 'constant emission.
The ratio ii/io , however, becomes greater and
consequently also the efficiency. It is not, therefore,
so surprising that the efficiency of some multi-

 reflection valves is found to be higher than 48%,
the value found theoretically when disregarding'.
the part played by the magnetic field.

Practical details of the multi -reflection tube

The power that can be yielded by a inulti-
.reflection tube is limited by two factors:
the maximum dissipation permissible for the anode
'system and the maximum cathode current that
:the oxide cathode can furnish per cm2 without

detriment to its durability. If 3000 volts is taken
for the anode voltage, the area of the cathode can
be so chosen that the maximum dissipation for
the optimum efficiency is just reached. For the
type of multi -reflection tube shown in fig. 9 the
effective power is then 15 to 20 watts at a wave-
length of 12 cm.

The wave length is fixed for each multi -reflection
tube, because of the built-in A/4 Lecher system.
If, however, it is desired to work with a certain wave-
length band it is possible to lead the Lecher
system out through the glass wall and to, tune it
from the outside with a moveable bridge.

The best results are obtained when the transit
time to of the retarded electrons for one return move-
ment from and to the modulator system amounts
to 3T/2 or 5T/2 (this corresponds to l = 1 and 1= 2
in equation (3)). With the same voltages and the
same magnetic field a multi -reflection tube can thus
work on two wave -lengths, for instance 12 and 20 cm.
With a Lecher system that can be tuned oscil-
lations can be set up on these two wave -lengths,
and, moreover, the wave-lengtith can be varied
.continuously for a few centimeters above and below;
in this case, however, the voltages and the magnetic
field must be re -matched each time..

. The multi -reflection tube can be used very well
as a transmitting valve for all kinds of purposes
in the region of very short waves. In particular
large types of multi -reflection tubes can be used
for the (cap- acitative) high -frequency heating of
all kinds of substances having a strong abiorbing
power for very short waves.

The multi -reflection tube can be used not only
for this ordinary continuous wave operation,
but it can be made -suitable also for pulsating
operation,. i.e. for the transmission of short wave
trains of high intensity. In that case the distances
between the electrodes must be adapted to the
generally much higher values of the anode voltage
used in pulsating operation.

The multi -reflection tube can -also 'be employed
as local oscillator in receiving sets working on the
superheterodyne principle. Since power plays no
great role in receivers, it is of advantage to omit
the magnetic field, which of course reduces the
efficiency considerably (to about 4-5%) but simpli-
fies the assembly. .
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LIVING ROOM LIGHTING WITH TUBULAR FLUORESCENT LAMPS

by L. C. ItAll,FF and J. VOOGD.

Because of the high efficiency of tubular fluorescent lamps (more than 40 lumen/watt
compared with not more than 15 lumen/watt of the incandescent lamp) as well as their
good colour -rendering properties, these lamps are suitable in all respects for.use in living
rooms. The large light flux obtained for a given power consumption makes it possible to
realize a more general illumination of the living room, in contrast to the local lighting
to which we are accustomed with incandescent lamps. A much larger area of the room can
be used for the various activities of the family - reading, writing, mending, etc. At the
same time, by placing the tubular iamc against the ceiling and walls instead of M. the
middle of the room, the whole aspect of the room can be made more spacious. In this
article arguments are advanced for the utilization of these possibilities. A series of measure-
ments have been taken in a model room, with a total power input of 150 to 200 W, in
which a fixture built into the ceiling and a cornice were used. The merits of different possible
light distributions are discussed with reference to isolux diagrams.

. Artificial lighting enables us to spend dark eve-
nings more or less according to our own desires.
The lighting of homes and especially of the living
room has therefore always been of primary impor-
tance in practical living as well as in cultural life.
It is therefore understandable that eager use has
always been made of every new technical possibility
for improved interior, illumination. The succession
of oil lamp and candle, kerosene lamp, gas mantle
and electric lamp have marked the most important
steps in this development.

Gaseous discharge lamps, which have been deve-
loped within the last few decades and among which
especially the sodium and mercury -vapour lamps
have found many uses because of their high efficiency,
were not at first suitable for use in the living room.
For that purpose their colour -rendering properties
left much to be, desired. By the employment of fluo-
rescent substances, however, new possibilities were
pres6nted. The result was the familiar tubular fluores-
cent lamp with an efficiency of about 40 lm/watt
and offering a choice in the spectral composition
of its radiation by selecting suitable substances for
the fluorescent layer 1). This meant an important
advance with respect to colour rendering, even sur-
passing the modern incandescent lamp; whereas
the incandescent lamp must be considered defective
in the blue and bluish -green part of the spectrum,
with the tubular fluorescent lamp very good colour
rendering can be obtained also in those parts.

It is therefore now 'possible to profit by the above'
mentioned high efficiency of the tubular fluorescent
lamp also for living -room illumination.

1) A. A. Kruithof, Tubular luminescent lamps for general
lighting purposes, Philips Techn. Rev. 6.65.1941.
Since the word "luminescent" is apt to lead to misunder-
standing, it is better to speak of "fluorescent lamps".

628.972.6.033

In the past developments from oil lamp and
candle via kerosene lamp and gas mantle to incan-
descent electric lamps the only thought in each case
was to make use of the new invention for "more and
easier light", without fundamentally changing the
system of illumination. With the introduction
of the tubular fluorescent lamp, however, it seems
to us that a change in the principles of the lighting
system is called for. The juip.p in efficiency from
15 lm/W for the modern irandescent lamp to
40 lm/W for the tubular fluorescent lamp is so large
that an entirely different- sysfpn -Of living -room
illumination can now be considered. In this article
we shall bring forward some conclusions based upon
experience and go more deeply into several possi-
bilities.

Localized versus general lighting

When looking around attentively and objectively
in all kinds of living' rooms one is soon struck by the
fact that with the present ,lighting by means of
incandescent lamps 'much space and freedom of
movement is lost. A central lamp with shade hang-
ing at eye level and one or more table or standard
lamps form the often voluminous attributes 'of the
usual lighting system, and the result is in most
cases a localized lighting which though per-
haps more intense is not fundamentally different
from that obtained in the times of the candle and
the kerosene lamp.

This localized lighting creates a sphere of seclusion '
which is felt and appreciated by many as an essen-
tial element in -the peaceful evening hours of home 
life. On the other hand there are others who regret
that the effect of their carefully arranged interiors
is to a large extent lost in the evening because of
insufficient general illumination, who consider the
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fixtures.at eye level to be a hindrance to the appre-
ciation of the spaciousness of a room or who regard
the system of localized lighting as an undesirable
restriction of the utilitarian possibilities of the
room. The last point of view will be of especial
significance when several members of a family are
in the living room at the same time and -need for
their various occupations a light level of .100. to
200 lux, which with localized illumination is only
obtained in a very limited patt of the room.

Thus on esthetic as well as .on practical grounds
the need of a good .general illumination of
the living room is felt by many. The obvious
question, therefOre, is why such a general illumi-
nation is, only very exceptionally found.

In order to obtain some insight into this question
we shall begin with the fact that in most countries
not more than 150 watts of electric power is used
for liVing-room lighting. a limit which is determined,
 among other factors, by the ratio of the cost of
electrical energy to the standard of living of the
population. With these 150 watts when incandes-
cent lamps' are used alight flux of at most 2200
lumens is available  under the most favourable
conditions. Suppose that a riring room of ordinary
size, for instance 4 x 5 m2, has to be lighted:- We
shall' consider especially the  illumination 'of- the
"working surface", i.e. a surface at table height
above the Whole floor area 'of the-room.- With
fixtures placed close above this working surface one
can count on a light efficiency Of 0.5, so that in the
case in question 1100 lumen are available on the
working surface. The lighting will be approxi-
mately so arranged that an area of at least 21/2 m2

. under the central lamp receives an average intensity
of 200 lux, while at another spot in the room under
a standard lamp about 1 m2 receives the same inten-
sity. For the remaining 161/2 m2 of the. working
surface there is only 1100 - (200 X 31/2) = 400
lumen available. The 'greater part of the room thus
has less than 25 lux at table height. The walls are
no better off. One may thus rightly speak of "loca-
lized lighting".

What light flux, then, would be needed for an
efficient system, of general illumination?

From considerations of lighting technology, for
such a system the fixtures would be placed high,
perhaps even against the ceiling. In that way it is
easier to obtain a uniform illumination of the work-
ing surface and a stronger illumination of the
walls. This, it is true, implies that in general the
lighting efficiency will be lower; a value of 0.33 can
be counted on. The light flux available on the work-
ing surface will thus amount to about one-third

of the total light flux employed. We shall now
assume once more that a level of 290 lux is required
on 31/2 m2 of the working surface and that for the
remaining 161/2 m2 an average of 80 lux is desired.
This,' however, still does not leave enough light to
allow of work involving eye °train to be done in any
arbitrary part of the room. But the usefulness of
the room as a whole, compared with the case first
described, will be very much improved. With these
minimum requirements for a general illumination
we arrive at a light flux of about 2000 lumen on the 
working surface, i.e., according to the above, a total
of 6006.1umen. .

In addition to the increased usefulness of the
room with this illumination, the -disappearance of
fixtures at eye level and the good illumination of the
walls should be noted advantages which, in the
light of 'the arguments already mentioned, contri-
bute towards making general lighting attractive
to many.

To change over from the 2200 lumen for localized
lighting to, 6000 lumen for general illumination
would considerably increase the consumer's light
bill if he had only incandescent lamps at his dis-
posal,, and this is presumably the reason why'the
general public has never taken' such a step. It
is now reasonable to assume that the development
of the tubular fluorescent lamp will be able to
change this. Because of the much higher efficiency
of these lamps the replacement of incandescent
lamps for 2200 lumen by fluorescent lamps for
6000 lumen will in the end mean a much smaller
increase in the cost. The practical and esthetic
advantages of general illumination will then be
appreciated more and also the advantage of fluores-
cent lighting with respect to colour rendering
will beconie indispensable.

These considerations have led us to investigate
more closely the practicability of a general lighting
system .with tubular fluorescent lamps, and here a
brief account is given of the results obtained.

Some experiments with tubular fluorescent lamps for
general interior lighting.

The name already expresses the fact that the
tubular fluorescent lamp is not to be regarded. as a
point source of light like the incandescent lamp.
Therefore the position in whiCh the lamps are to be
installed in a room has to be considered from a new
angle which was unknown with separate incan-
descent lamps, namely that of mounting the lamps
parallel to lines or planes in the room. For prac-
tical purpos'es this means that these lamps, being
straight -lined, are especially suitable for mounting
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against walls or ceiling, the very position most
suitable for the above -described general illumi-
nation. Even when these tubular lamps are placed
in fittings, which must be the case in living rooms in
spite of their relatively low brightness, this still
applies to, a certain extent.

The next question is how the lamps required to
give the total light flux should be distributed in the
room. The 6000 lumen calculated above as the
minimum requirement for a general illumination
corresponds in the case of fluorescent lamps to a
power of about 150 watts, which is just the figure
taken above as basis for the present customary
lighting with incandescent lamps. Since the fluores-
cent lamps now available are in units of approxi-
mately 40 watts net, three or perhaps four such units
can be used to obtain the desired total light flux.

In order to give some idea of the distribution of
the light when the necessary lamps are placed in
different positions in the room, a number of measure-
ments have been taken with an experimental instal-
lation in a test room with a floor area of 5.5 x 3.5 m2
and height 2.75 m in which two fittings were in-
stalled as shown in .fig. 1. One is a cornice fitting

5,50 m

Fig. 1. Plan and elevation of the test room with the two fittings:
one let into the ceiling (which was somewhat lower over one
half of the room) and one in a cornice on the narrow wall
of the room.

placed over a window in one of the shorter walls
of the room and shut off from underneath by a
plate of frosted glass; this cornice contains
two tubular fluorescent lamps of 40 W each.

The other fitting is set into the slightly lower ceiling
of the other half of the room and consists of two
mat -white curved surfaces reflecting into the room
the light from two tubular lamps, likewise of 40 W

Fig. 2. Half of the test room with the fitting let into the ceiling.

each; this fitting, too, is shut off underneath by a
glass plate which disperses the light. (In actual
practice with such a fitting it may be found pre-
ferable to replace this horizontal plate by vertical
diffusing partitions, so as to avoid loss of light owing
to the collection of dust.)

Figs. 2 and 3, which are photographs of the room
with the two fittings, give an impression of the
possibilities with such a lighting system as far as the
general aspect of the room is concerned.

By switching on a different number of lamps in
each fitting, different light distributions were ob-
tained. The horizontal ;ntensity of illumination at
table height was measured at a large number of
points and the results were plotted in diagrams of
isolux lines. (These diagrams apply for lamps
yielding exactly 200 Dlm; in practice lamps deviate
somewhat from this figure.) In figs. 4a -d the floor
area of the test room is represented in each case by
a series of isolux lines for the cases 2+0, 2+1 and
2+2, respectively, the first number referring to the
number of lamps burning in the ceiling fitting and
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Fig. 4a -d. Different distributions of light in the test room obtained with different combi-
nations of the lamps in the ceiling and cornice fittings. Each figure represents a plan of
the room with isolux lines of the light distribution on the, working surface. The numbers
indicate the light intensity in lux. The areas which receive more than 200 lux are
cross -hatched. a) Refers to the case 2+0 (2 lamps burning in the ceiling fitting, 0
in the cornice), the other figures, as indicated, referring to the cases 2+1, 1+2 and 2+2.,
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the second to the number burning in the cornice.
In the first case (2+0) a large part of the room
receives less than 25 lux. The second case (2+1)
shows a quite useful distribution with nowhere

47530

Fig. 3. Other half of the test room with cornice fitting over the
window.

less than 50 lux, more than 200 lux over an area
of 2.5 m2 and more than 100 lux over 11.3 m2.
In the third case (1+2) the general illumination of
the room is still better, being scarcely anywhere
below 75 lux, but on the other hand the area with
the highest illumination (200 lux) is rather too
small, only 0.9 m2. Finally there is the case 2+2,
the isolux diagram of which speaks for itself: there
is nowhere less than 100 lux, whilst there are two
areas of 3.0 m2 and 1.1 m2 with more than 200 lux.
It is true that in the last case the total light flux
is somewhat greater than was premised, namely
8000 lumen, but it goes to show how with such a
relatively small additional power a rather good
general illumination (according to our present
conceptions) is attained, whereas if incandescent
lamps were used this would only be possible by
increasing the consumption to two or three times
150 W. Moreover, with the 2+1 illumination
(fig. 4b), where the power consumption budget is
certainly not exceeded, the result is satisfactory
in most respects.

In conclusion we may say that, thanks to the
high efficiency of the tubular fluorescent lamps, our
present day lighting system for the living room can
not only be improved but actually revised. Espe-
cially for the smaller homes, where more intensive
use is made of the living room, the system here
described, with its high level of general illumination
and inconspicuous fittings, is most appealing. Lamp
manufacturers, lighting architects and occupants
will have to cooperate if the possibilities indicated
here are to be brought to full development.
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A VOLTAGE STABILIZING TUBE FOR VERY. CONSTANT VOLTAGE

by T. JURRIAANSE. 621.316.722.1:621.384.5

Glow -discharge tubes can be so constructed that the working voltage is independent of the
current, within a fairly wide region of currents. Such tubes may therefore be used for the
stabiliiation of voltages. However, even the best stabilizer tubes at present available have
two drawbacks. In the first place they are not stable, the working voltage, i.e. the stabili-
zati9n voltage, varying considerably for different specimens of the same type of tube, giving
variations of 10 to 15 volts at a nominal voltage of, for instance, 100'volts. In the second
place the working voltage varies with time: a variation of 10 to 15 volts during the life
of the tube- is quite common. Stabilizing tubes have now been 'developed by Philips
which are practically free of these drawbacks, the variation of the working voltage for
different specimens varying by not more than a few volts, while the variation with time
is not more than 1/2 volt per 1000 working hours. This great improvement has been attained
by using a carefully.prepared molybdenum cathode and depositing a thick layer of molyb-
denum on the walls of the tube by sputtering the cathode in a gas discharge. With the
new stabilising tube ambient temperature has but little effect on the voltage. This tempe-
rature effect, which was completely overshadowed by the above -mentioned large voltage
variations in other stabilising tube, discussed at the end of the article.

Introduction

In an electrical apparatus it is often necessary
that' the D.C. voltage should be independent of
variations in the supply voltage. The grid voltage
of an amplifier valve, for example, should be very
constant, since any fluctuations may cause a
variation of the amplification. It may also be desired
to smooth the voltage ripple which is retained after
rectification of A.C. voltage. .

This stabilization of voltage can be achieved in a
simple way by means of gas -discharge tubes 1).
The' glow discharge is particularly well adapted for
such purposes, as will appear from the following.

A glow discharge Occurs between two electrodes
in an atmosphere, for instance, of a rare gas at
pressures of 0.5 to 40 mm of mercury when the
cathode is cold and thus gives no thermionic
emission of electrons. At voltages of 100 to 200 volts
a luminous aura is seen around the cathode the
glow - which is separated from the cathode by a
dark layer, Cr o okes dark space. If the current
through the tube is small the surface of the cathode
is not completely covered by the glow, the latter
appearing as. a sharply defined spot on the anode.
When the current is increased the spot spreads,
while both the current density, which is of the
order of 1 mA/cM2, and the voltage on the tube
remain constant, until the glow has completely
covered the surface of the cathode.

In this current region the so-called normal
glow discharge takes place (cf. fig. 1). Once
the whole cathode is covered by the glow, a further

i) Another method of stabilization is described in Philips
Team. Rev. 4, 54, 1941.

increase in current necessarily increases the glow -
current density and the voltage over the tube also
increases. This is then the region of the a nomalous
glow discharge.

V
400
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F

" E

0
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Fig. 1. The voltage V on a gas -discharge tube as a function of
the current i (represented diagrammatically). Several values
of the current are indicated, although not to scale, in order
to show the order of magnitude of the current at which a given
type of discharge occurs. To the left of E is the region in which
breakdown occurs. The region between E and D corresponds
to the "normal glow discharge". To the right of D the glow
discharge is anomalous. To the right of F is the region of arc
discharge.

18

In the region of the normal glow discharge,
therefore, the voltage on the glow dis-
charge tube is independent of the current.
Upon this fact is based the, possibility of using a
glow -discharge tube for stabilization of voltage.

The change of potential between the electrodes
of the tube is not linear. In fig., 2 it may be seen that
the voltage drop takes place mainly near the
cathode; this is called the cathode drop. The dis-
tance covered by this potential difference corres-
ponds quite well' to the depth of the Cr o okes
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. dark space. There is sometimes also a voltage drop
close to the anode, which is called the anode drop
and which is visible on the anode as a luminous
film or ghibule. This voltage drop amounts to 10
to 20 volts, much less than the cathode drop, which

Va

Ilk

OF

a
Iv?

Fig. 2. The voltage distribution between the cathode and the
anode of aglow discharge tube. Vk is the cathode drop; Ki is
the voltage of the anode with respect to the cathode, i.e. the
working voltage; Tik-V0 is the anode drop. At k, a and g,
respectiv.ely, are the cathode, the anode and the boundary
between the Cr o okes dark space and the glow. .

is 100 to 200 volts. Between these two regions of
drop in potential the voltage is fairly constant. In
the following we shall speak only of tubes with no
anode drop,.unless the contrary is especially stated,
so that the working voltage measured is equal to the
cathode drop. Thus for the tubes in question the
cathode drop is equal to the working voltage. When
the tube burns in the region of the normal glow
discharge the cathode drop is also called normal.

The value Vn of the normal cathode drop is
determined by the material of the cathode and the
nature of the gas. Table I gived a survey of several

Table I,

The normal cathode drop Y, (in volts) for different combina-
tions of gases and cathode materials

neon argon nitrogen

barium - . 95 155
graphite 200 - -
iron 150 165 215
potassium 70 - .65 170
molybdenum 115 -
nickel 140 130 195

.

vallies of that voltage as given in the literature for
diffeient combinations of gases and cathode
materials. -

The glow -discharge tube as voltage -stabilizing tube

For purposes of stabilization the discharge tube
is connected with the voltage source via a series
resistance- (see fig. 43). The load B, which is here
shown as a resistance, is connected across the glow -
discharge tube. The essential point is that a voltage
variation of the source shall be taken up completely
in the series resistance, since the variation of the
current through the tube causes no change in the
working voltage.

The load thus experiences 'no fluctuations in
voltage: .

The series resistance and the load will usually
be so chosen that at the average value of the vol-
tage from the source the glow -discharge tube
carries a current at which the glow half covers the.
cathode, so that the variations ' of the current
through the tube in both directions can be a
maximum.

Now in practice the cathode surface will not be
uniform physically. Very slight contaminations of
the surface have a large influence on V., so that the
values of table I give only a rough impression. A:
variation of 30 volts in the values given in the liter
rature is no exception. The contaminations men-
tioned result in different parts of the cathode having
different normal cathode drops. In that case current
variations do indeed cause voltage changes. The

Fig. 3. The circuit diagram of a voltage stahilizing tube.
G glow -discharge tube, R series resistance, B load.

differential resistance: d V/di, also called internal
resistance Ri of the tube, will then differ from zero,
since the glow discharge will first pick out those
parts of the cathode where V. is lowest. Nov the
quality of the tube is higher the lower the internal
resistance. It is thus clear that some care must
be taken in preparing the surface of the anode.

The position of electrodes with respect to the
wall and to each other can also affect Vn and thus
also' Ri. In particular Tin and Ri will increase
when the glass wall is in the immediate vicinity
of the glow -discharge, due to the fact that the posi-
tive and negative carriers or charge can reunite on
the wall.

For, many purposes satisfactory values of Ri
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have been successfully obtained and a number of
tube types for various current ranges and voltages
have been manufactured by Philips for many years.
The different voltages are_ obtained by using diffe-
rent combinations of gases and cathode materials
(table I). Soine types for 100 volts have an iron.
cathode covered with barium, in combination with
a mixture of rare gases, usually containing neon
with several tenths of a percent of argon. By the
addition ,of this small quantity of argon the fairly
high breakdown.voltage of neon is reduced to a
practical value approximating to the working
voltage. Other tubes for 100 volts have an iron
cathode covered with _magnesium and a gas filling
of a different neon -argon mixture.

A very low internal resistance is obtained in the
case of the type 100 El by not only preparing the
cathode with great care, but also by choosing the
Most favourable geometrical arrangement of the
electrodes. The tube has three concentric cylinders
with several millimeters intermediate space, in
which the, discharge takes place. The inner and outer
cylinders are the anode, the middle one the cathode,
so that both sides of the surface can be covered by
the glow -discharge up to a maximum current of
200 mA. The glow -discharge, no matter what its
extent, thus always 'burns under geoMetrically
almost equivalent conditions, while the above -
mentioned recombination of the ions on the walls
is out of the question.

The voltage stabilizing tube for very constant vol-
tage

From the above it is clear that it has long been
possible to construct glow -discharge tubes with
low internal resistance. For many applications,
however, there is the drawback that the working
voltages of different ,tubes of the .same type vary
so much, and, moreover, that in the course of time the
working voltage of a' given tube -may vary consi-
derably. The figures given for the voltage tolerance
of the usual stabilisation tubes are sufficiently
proof of this. The deviations in the values of the
working voltage and the variation during the life-
time are usually of the same order of magnitude
and May amount from 10 to 15 volts.
- We have now, however, succeeded in developing

a tube which, in addition to the normal good
smoothing- with a low differential resistance, also
has a working voltage which does not vary more
than 0.5 volt in 1000' hours and the tolerance of
which does' not exceed 2 to 3 volts as between the
different experimental specimens. From the follow-
ing it will be seen that the essential fac,tors res-

ponsible for this are the use of molybdenum as
cathode material, the cleaning of the cathode sur-
face by sputtering in the glow discharge and finally
the deposition of a layer of atomized cathode mate-
rial on the walls of the tube; this atomization is
accomplished by continuing the sputtering for a
long time after the cleaning of the cathode.

The phenomena observed when a glow discharge,
for instance in pure neon at a pressure of'20 mm of
mercury, is allowed to burn on a chemically well
cleaned, molybdenum surface are as follows 2).

When the current is so large that the glow -dis-
charge entirely covers the cathode, after burning
for five or ten minutes the cathode glow will be
seen to contract to a small part of the cathode sur-
face, the working voltage meanwhile falling from
about 300 to 150 volts. The glow -current, density
rises from about 0.5 mA/cm2, corresponding approxi-
mately to the normal current density, to one
hundred times that value. If the current through
the tube is now increased slightly the intensity.
of the light in the cathode spot increases, while the
glow at the' same time begins Slowly to spread out,
the glow discharge, however, remaining entirely
anomalous.

This continues until the whole 'cathode is again
covered by the glow. If after some time the current
through the tube is diminished until the discharge
is normal, the Tow normal current density of about
0.5 mA/cm2 is recovered, which initially prevailed
at the high voltage of 200 volts but is now found
at abont'108 volts.

If the glow is now allowed to continue to burn at
this low current, after several minutes the working
voltage is observed to rise, at first only little, but
ultimately by several tenths of a volt. This rise in
the working voltage can, also be brought about for
instance by adding to the neon several hundredths
of a percent of oxygen after the low working voltage
has been reached. The conclusion is that the low
working voltage corresponds to a molybdenum sur-
face which has been cleaned by sputtering in the
discharge with high current density, and that during
the burning with -a low current density the contam-
inations which have been liberated spoil the clean
surface again.

= This latter effect can now be avoided by con-
tinuing the sputtering  after the cleaning of the
cathode surface, until a good thick layer of atomized
molybdenum is deposited on the walls of the tube.
It therefore seemed obvious `to assume that the

2) Cf. F. M. Penning and J. H. A. Moubis, Philips Res.
Rep. 1, 119, 1946. '
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contaminations in question came out of the glass
walls, and this was confirmed by further investi-
gation: The sputtered molybdenum can act as. a
getter to take up these small quantities

tract. When the rod is again shaken into the back of
the side tube the variation of the working voltage
ceases immediately and even reverses its direction,

of gas. due to the fact that the cathode is restored under the
influence of the glow -discharge. The gaseous contam-
inations are removed from the cathOde and taken
up in the sputtered layer of molybdenum on the
walls. This porous layer of metal thus acts not only
as a getter 3) but also as a ,shield between the dis-
charge and the walls..

Due to the measures described, the value of the
normal cathode drop is now very satisfactorily
reproducible and varies only, a few volts foi different
tubes. In pure neon at a pressure of 40 mm the
average value of Vn, is about 106.5 volts; in 10 mm
argon about 103.5 volts and in neon with 1/a per-
cent argon 84.5 volts. Fig. 5 shows a practical
model of the tube for 8 mA and 85 volts stabili-
,zation voltage.

Many other metals can also be treated in this way
and give, reasonably reproducible values of Vn, but
molybdenum and zirconium- give the best results

Fig. 4. Arrangement for demonstrating the liberation of
contaminations from the wall by the glow discharge. A anode, 
K cathode, S moveable glass rod. ,

In addition, however, it is found that the  dis-
charge itself frees gases from the glass walls, so
that the sputtered layer served as a shield . he-
tween the dischargb and= the glass wall. Only after
the deposition of this layer could a voltage variation
of less than 0.5, volt, often only 0.1 volt, per 1000
hours be obtained.

The following simple experiment clearly dembn-
strates that the discharge does actually free the
contaminations from the_ glass. In a side tube of a
discharge tube with a molybdenum cathode (cf. fig. 4)
a glass rod S is placed in such a way that by
shaking the tube it can be moved toward or away
from the cathode. When the tube is evacuated and
the cathode sputtered the rod lies at the back of the
side tube, so that no sputtered molybdenum reaches
it.' When the cathode has been  sputtered long
enough for so much molybdenum to be deposited
on the glass walls that the working voltage, reckoned
over many days, remains constant, then upbn the
glass rod being brought within a distance of say 1 cm*
of the cathode, the working voltage will rise at a
rate of about 5 mV per minute.

After some time the cathode even becomes so
contaminated that the cathode spot begins to con -

Fig. 5. Practical model of the new stabilizing tube for very
constant voltage. The rod -shaped electrode is the anode, the
plate is the molybdenum cathode. Actually the interior of the
tube is scarcely visible through the black layer of sputtered
molybdenum of the walls. .

3) Cf. T. JUrriaanse, F. M. Penning and J. H. A.
Moubis, Philips Res. Rep. 1, 225, 1946.
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and also offer the advantage in manufacture that,
notwithstanding the high current density during
the sputtering, the glow, discharge contracts en-
tirely on to these cathode materials. The current
leads on which the molybdenum or zirconium are
mounted are usually made of materials which have
a much higher normal cathode drop (for nickel; for
instance, Tin 140 volts). .

The temperature coeffiCient of voltage stabilizating
tubes

Now that it is possible.to make tubes with a vol-
tage which is independent of the current and time,
another variation of the -working voltage becomes of

Volt

In the first place, from measurements which were
made possible by the fact that the. value of V
is very well reproducible when the cathodes are
prepared according to the above -described method
of procedure, it appeared that the normal Cathode
drop is indeed dependent on the gas density,
as fig. 6 shows for the gases neon and argon.

In the second place, the gas density varies
somewhat in the vicinity of the cathode when the
temperature of the surroundings of the tube changes.
..The glow heats the cathode with a power approxi-
mately equal to the voltage consumed by the tube,
since the whole voltage drop is taken up in a gas
layer several tenths of a millimeter thick around
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Fig. 6. The normal cathode drop Vn as a function of the gas pressure p for argon (Ar) and neon (Ne).

importance, .to which previously no attention had
been paid. This is the variation of the working
voltage according to the ambient temperature. With
the various older types of stabilizing tubes this
variation amounts to 0 ' to 30 mV per degree
centrigrade, the value being a negative one in the
tubes which have no anode drop. The new tube with
molybdenum cathode for 8 mA and 85 V has a
still smaller temperature coefficient, lying below
-10 mV per degree. This slight dependence on
temperature cannot be entirely avoided, as will
appear from the following.

According to the generally accepted view, the
value of the normal cathode drop is independent of
the density of the gas, so that no effect from the
ambient temperature should be expected. The actual
situation, however, does not appear to be so simple.

the cathode. The cathode is thus 'at a higher tempe-
rature than the walls of the tube, so that the density,
of the gas at the ,cathode is less than at the walls.
Approximately the densities referred to are inversely
proportional to the absolute temperatures at those
points.

Now if at a gkyen current through the tube, and
thus with a given power consumed, the ambient
temperature T1 is, increased by t degrees, in the
first instance the temperature T2 of the cathode will
also rise by t degrees, at least if the coefficient of
heat conductivity is independent of the temperature.
Now, however,

T2-I-t T2

TrEt

in other words the ratio of the temperatures and thus
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that of the densities more nearly approaches unity.
Thus if the ambient temperature becomes higher
the density near the cathode rises, W and according
to fig. 6 the cathode drop decreases. It is clear that
a negative temperature coefficient of the working
voltage is the result, as was indeed found experimen-
tally. Actually, however, the coeffidient of heat con-
ductivity of the gas is by no means independent of
the temperature, and, moreover; the transfer of heat
by radiation also plays an important part.

Due to these causes, as T1 increases so the  quo-
tient T2/T1 approaches unity even more closely
than was the case before 4).

The coefficient of heat conductivity is about
proportional to VT, so that fol. the same transfer

of heat at a higher temperature a smaller tempe-
rature gradient is required than at a lower tempe-
rature. And, finally, the difference in radiation
between cathode and wall of the tube, which is
necessary for a given transfer of heat and is.approxi-
mately proportional to T24 -T14, is reached with a
smaller temperature difference according as T1 is
higher.

For certain applications which have become
possible due to the new construction of stabilizing
tube the unavoidable temperature effect here des-
cribed will therefore have to be taken into account.

4) Dr. T. Jurriaanse, Philips Res. Rep., to appear shortly.
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IMPEDANCE MEASUREMENTS WITH A NON -TUNED LECHER SYSTEM

by J. M. van HOFWEEGEN.

A method is described by which impedances can be measured whose resistance component
is of such a magnitude that measurement by previously described method is practi-
cally impossible. The characteristic featuie of this method is the use of a Lecher system
which is not tuned to the measuring frequency. By measuring the variation of voltage
occurring along the Lecher system when it is loaded by the impedance to be measured,
the so-called reflection factor can be determined. From this reflection factor the unknown,
impedance can be calculated, whereby a diagram can beaused to advantage. The instru-
ment used for measuring the voltage must be calibrated only relatively, just as in the'mea-
surements with a tuned Lecher system. A Method of measurement is finally described in
which the measuring instrument need not be calibrated at all.

In a previous article 1) a method was described
by which impedances can be measured at wave
lengths shorter than 1 metre. There use is made of a

echer system tuned to the measuring frequency.
Attention was drawn to -the fact that with the use of
a short-circuited Lecher system of a quarter
wave length this method is only suitable for mea-
suring impedances the resistance component of
which is at least several times larger than the
characteristic resistance C. By using a short-
circuited Lecher system of a half wave length
impedances can be measured of which the resis-
tance component is at least several times smaller
than the characteristic resistance. Impedances
having a resistance component of the same order of
magnitude as the characteristic resistance (i.e.
from 10 C to C/10) cannot, therefore, be measured
by the method described. Since the wave resistance
of practically usable L e c her systems always lies
within rather narrow limits (100 to 300 ohms), there
is a rather large region of resistance, from about
30 to about 1000 ohms, which cannot be practically
measured by the method in the article mentioned.
It is, however, still posiible to measure resistances
of this order of magnitude with the help of a Le c her
system but a different principle has to be applied. 
The characteristic feature of the method is that use
is made of a Lecher system which is not tunedto
the measuring frequency. By measuring the variation
in voltage which occurs along such a Le c her system
when the system is terminated by the impedance to
be measured, the so-called reflection factor can
be determined, from which the unknown impedance
can be calculated. In the following we shall describe
the way in which this principle is worked out.

Principle

In order to explain the method of measurement

' 1) Philips Techn. Rev. 8, 1946; 

621.317.33.029.63

followed here, we will first deal briefly with the
mathematical considerations: We begin with the
familiar differential equations for voltage and cur-
rent in the two conductors of a L e c her system 2).

When a sinusoidal A.C. voltage E with the angular
frequency co (fig. 1) is applied to one of the extrem-
ities of a Lecher system we .may write for the
complex representations of voltage and current at
an arbitrary point on the Lecher system Veiw' and

where V and I are complex quantities depen-
ding exclusively on the point on the Lecher system,
and thus not on the time. The following differential
equations now hold for V and I: 3)

d V ,

dy
= I (ri jcoLl)

dI
dy

=.V (g1" jco Cr)

In these equations y is the distance from the
point in question -on the Lecher system to a certain
point chosen as zero point (here the right-hand end,

. . (1) -

V r
zx 45452

Fig. 1. Lecher system terminated at one end by a connection
in parallel of a resistance Rx and a capacity Cx and at the other
end connected with a source of high -frequency voltage E. At a
distance y from the right hand end the voltage and current
are, respectively, V and I.

see fig. 1); rr en /,/ are respectively the resistance
and the self-induction per unit of length of the two

2) Cf. also: Philips Techn. Rev. 6, 240, 1941.
3) These equations are not given in the more usual form, in

which one of the members has the opposite sign, because
here the coordinate y is reckoned from the end to which the
source of voltage is not connected (see fig. 1).
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conductors together,- while gl -and CI represent
respectively the shunt conductance and the capacity
between the two conductors, also per unit of length.
The following equations for V. and I can be derived
from (1) in a simple way:

d2V
7/2 V

ay-
d21

= 7,2.1"dy2 J-
y being here the so-called propagation con -
st ant, which is given by the formula:

(T1 + foil!) joi CI) (3)

The solution of the first of equations (2) is as
follows:

V A 77 + Be -17

(2)

(4)

where e is the base of natural logarithms and A
and B are integration constants, which therefore
do not depend upon the position but are determined
by current and voltage at one spot on the L e eller
system. From (4) and the first of equations (1) it
now follows for I that

A B
I = - e+YY -

In this equation is the so-called surge imp e -
dance or characteristic impedance, fin. which the

from -which it follows' that

,B °= A (10)

so that for the first of equations (8) we may write

V = A {e+iflY
Z

x
-

e-jflY1 . . . (11)
Zx

The quantity,
zx -c
Zx

f = (11a)

which is in general complex, is usually termed the
reflection factor. We shall explain its signi-
ficance in the following.

For the complex representation of the voltage we
may now write:

Vejas = A ej(wt+6) + feJ('-fll . . (12)

We now represent the argument of the complex
quantity f by p and the' modulus by IA so that
f= Lfleiro

As is known, the momentary value of the voltage
is equal to the real part of -its complex form. From
(12) it now follows for this momentary value that

Vmom = Alcos (cot+ 13y) + If' cos (cot-fly+90)# (13)

The first term of the binomial between the brac-
kets represents a wave travelling towards the

following formula holds: right, while the second term represents . one
travelling towards the left. These two waves. arejcoLr

(6) usually called the .incident (or direct) and the
reflected. (voltage) waves. The wave length of the

icoCI

In general y and are complex quantities. two waves is determined by the equation
We now set 3,1. = 7c (14).

y = a ± j 13 (7) The complex representation of incident and re-
If we first disregard the losses of the L e'c h er

system (r' = 0, g' = 0), then according to (3)
y = jca WC and is thus purely, imaginary, so that

-according to (7). a = 0, co

The wave impedance is now 'real and is equal
to i/L-70". One now speaks of the surge resis-
tance. For equations (4) and (5) may now be
written:

V = A ei-j13Y B CU!"

I A B

'

If, as is represented in fig. 1, the right-hand end is
terminated by an impedance 4, for '5, = 0 the ratio
of V to I is equal to 4, and thus

Zx -A+B C, (9)

(8)

flected waves, is, according to (12), given by
litlef(wt+flY) and Afei(u14Y), respectively. For y 0,
i.e. for the reflecting end where 4 is connected,
these expressions become .

Ael°" and Afejwc respectively.

This shows us the significance of f: it is the ratio
of the complex representations of reflected and
incident waves at the reflecting end.

We shall now consider the incident and reflected
waves in more detail for three simple cases (cf.
expression (11a) for f).
a) When the impedance 4 is equal to 4', f becomes

equal to zero, i.e. there is .no reflected wave.
The incident wave which is'then present alone
is called a pure travelling wave.

b) If the reflecting end is open f = 1, i.e. at that
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end the incident and the reflected voltage waves
are equal in intensity and phase.

c) If the reflected end is ihort-circufted f = -1,
s i.e. at that end the incident and the reflected

voltage waves are equal in intensity and opposite
in phase.

In cases b) and c); due to the superposition of the
two waves, at certain spots lying at intervals of a
quarter wave length alternate voltage minima and
maxima (nodes and antinodes) occur. We then speak
of standing waves. The equation for thisis found
by calculating the effective value of the A.C. voltage
given by (13). After some reduction we find

r:-2 A 111+1f12 21f1 cos (215)y -9o) . (15)

A voltage minimum occurs for those values of y
for which cos (2/3y-gyp) = -1 and at that minimum
according to (15) the voltage is

1
(Veffmin =

V 2
A 1-Ifp (16)

In the above -mentioned cases b) and c) where
If I = 1, therefore the voltage at the minima is always
zero.. We might then speak of pure : stationary
waves. Such .waves also occur when a loss -free
Lecher system is terminated by a loss -free
reactance. In that case Zx is of course purely
imaginary. From (11a) it then follows, since is
real, that I f I = L If, however, the load impedance
Zx contains a resistance component, I f I 1 and
thus the voltage is not zero at. the minima.

The theory given in the foregoing holds for every
form of transmission connection and thus not only
for a Lech er system, which is actually nothing but
a short section of transmission line used at a very
high frequency.

Determination of the reflection factor

According to (15) the positions of the voltage
maxima and minima, as well Is the further curve
of the voltage as a function of y, depend upon Ill
and p, thus on the impedn'oe connected at the'end.
By measuring this voltage 'along the Lecher system
we can determine IA and q', and from tliem Z.
The measurement of the variation in voltage can
be carried out by means of a 'measuring instrument
(diode voltmeter) which can le slid along the two
conductors (fig. 2a). We then a variation in the
voltage like that reproduced for instance in fig. 2b.

The argument cp of f can' be determined from
the distance from the end of the L e ch e r system
to the first voltage minimum. The formula for
that is

4nyo- (17)

where yo is the distance mentioned (see fig. 2b).
The modulus of f can be determined in two

different ways. In the first method the variation of
the high -frequency voltage is measured in the neigh-
bourhood of a minimum. We . then measure' to

a

1

yo
I

b 41'y

zx

45153

Fig. 2a) Diagram showing the principle of the method by which
impedances can be measured with the help of a non -tuned
Lecher system. Source of voltage E, impedance to bg
measured Zx. The shape of the high -frequency voltage curve
along the L e eh e r system is measured with the sliding diode D.

b) Curve of the high -frequency voltage V along the Lecher
system.

either side of the minimum the distance at which
the voltage is a certain number of times larger
than the voltage at the minimum. When V is the
voltage at -two points which are symmetrical, with
respect to a minimum and lie at a distance dy
from each other `(see fig. 2b), the relation between
V and Vniin is determined by:

. .

f 12.21 f I cos (2n -dy)
A

Vnzin ,1-

Thus if tly is measured for a certain' value of Ti/ Vmin,
for instance for; V/ =` 0, VI can be calculated
according to (18): -; :

If 41y is small :co in'paied! formula (18) can
be further simplified by expanding cos (27rAylA)
into a series. For V/ -=`-:1/1 we then have

1 If'
2n -7 (19)

In the second Method of determining the modulus
off the ratio between the voltage at a maximum,
Vinaxy and the voltage at a minimum Vnain, is
measured. Since the distance between two voltage
maxima is equal to a half wave length, in formula

. . (18)
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(18) tly is then equal to 1/2A, so that the formula
becomes

vmax + Ill
v.i. 1 - Ill -

(20)

In the discussion of the causes of errors of meas-
urement we shall also discuss the question of the'
advantages and disadvantages of these two methods -74,

of determining the modulus of f.

purpose is represented in fig. 3. Between part b
of conductor I and part a of conductor II a D.C.
voltage occurs which is practically equal to the
amplitude of the high -frequency voltage at the .

Losses of the Lecher system

In the foregoing it was assumed that the Lecher
system was flee of loss (a = 0). If we had not made
that assumption the equation for the variation of
the voltage along the Lecher system would have
been the following:

Veil =
T

eff =12 ji
A 11 eV ±if -2a

Y+ 2111cos (2 (21)
v

Now it is easy to understand that for a normal
Lecher system e2aY will deviate very little from
unity. Due to the loss -free dielectric (air) gi = 0,
while owing to the very high frequency coLI is very
large compared with rI. From (3) and (7) it now
follows that a<</3, or, ' in connection' with (14):
aA(27r. Since a Lecher system constructed for
the measurements in question will never be much
longer than one wave length (on this length there
are already two maxima and two minima), it will
also be true for ay that ay<2.7r. Closer investigation
of the value of a shows that this quantity is, even so
Small that there is no objection to setting 2ay<<1,
and thus e2aY will be only slightly larger thaii 1.

Upon working out equation (21) further it is now
found that the position of the voltage minima, as
well as the variation of the voltage in the vicinity
of these minima, is in the first approximation not
affected by a, so that sufficiently accurate results
for practical purposes are obtained when the losses
of the Lecher system are disregarded.

Practical arrangement

The voltage variation along the Lecher system
is measured with a diode voltmeter. The diode is

 placed in a holder which can.be slid along the two
conductors. It may often be of advantage to con-
struct each of the two conductors of the system in
two parts separated from each other by a thin
insulating layer (see fig. 3). The capacity between
these two parts of conductor is so large that with
respect to high -frequency voltage they behave as
one conductor. In this way the heating current
can be supplied to the diode without wires being
necessary to the diode. The circuit used for that

Ri

OD Rx1T
1

Vf

JUIJIP

11

15444

Fig. 3 The two conductors / and II of the Lecher system each
consist of two mutually insulated parts a and b. ,E is the source
of high -frequency voltage, V.i is the battery which furnishes
the heating current of the diode, while V. represents a battery
by means of which the anode of the diode can be given a small
negative bias. M1 is a micro -ammeter in series with a leak
resistance R1.

point at which the diode is situated. The D.C. voltage
can be measured at the beginning of the Lecher
system by means of the galvanometer M1, in series
with which the resistance R1 is connected. Thus no
wires to the diode are needed for this either.

When the impedance to be.measured is conductive
for direct current 4) it is preferably connected with
part a of conductor I; this prevents interference of
the measurement of the above -mentioned D.C.
voltage by the impedance to be determined.

Errors of measurement

A disturbing element which often causes errors
in measurement is the capacity of the measuring
diode and of the diode holder. We desire, of course, to
know the variation of the voltage along -the -L e cher
system when it is* completely "free" between the
source of voltage and the impedance to be measured.
It is only in that case that the above formulae
are valid. Although in the development of the diodes
used for these measurements and in the construc-
tion of the diode holder every effort was made to
keep the capacity as small as possible, it cannot be
reduced to such an extent that the Lecher system
may be considered as being without load at the
position of the diode. The result is that the high
frequency voltage on the system is also affected by
the location of the diode. It can be shown by cal-
culation that the voltage which is measured in this
case upon sliding the diode no longer varies symme-

4) The fact that the,impedance to be measured can be repre-
sented by the connection in parallel of Rx and C,, does not
mean that the object to be measured is conductive for
direct current. Rx and Cx form only a diagram which has the
same impedance as the required object at the frequency in
question. Thus for example: the input impedance of a radio
valve can be represented by a connection in parallel of a
resistance and a capacity, while, nevertheless, practically no
direct current conductivity exists between grid and cathode.
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trically with respect to the maxima and minima as
indicated in fig. 2b, but that it exhibits an unsym-
metrical character, as shown for instance in fig. 4.
The voltage read off at one side of a voltage mini-
mum is too high and the other side too low. When the

tV

1

1

1

min

-. Yo

4545s

Fig. 4. Under the influence of the capacity of diode and diode
holder the curve of the voltage becomes unsymmetrical with
respect to the maxima and minima.

dissymmetry in the voltage curve measured is not
too great and, moreover, tly is small compared with
the wave length, 'the deviations at either side of a

. .

voltage minimum apprOximately cancel each other
and good measuring results are still obtained. When,
however, Zx differs only slightly from the wave
resistance, the condition dy<2 is not satisfied for
V/ Vmin = 0, and incorrect results may be ob-
tained. It is then necessary to eliminate the dis-
turbing influence of the capacity of the diode and
its holder. This can be done by introducing in
parallel with the diode D a self-induction Ld (see
fig. 5) which is made so large as to be in resonance

12

45454

Fig. 5. The capacity of diode D and diode holder is tuned with
the help of the self-induction La. C1 is a blocking condenser
for DC voltage. The source of high -frequency voltage E is
coupled inductively with a loop connected with the Lecher
system by means of two resistances which together are equal
to the characteristic resistance C. Ic and K2 are short-cir-
cuiting bridges which short-circuit parts -a of conductors I and
II. The distance 11 is so adjusted that the capacity of the resis-
tances 1/2C and of any holder for these resistances is compen-
sated. By adjusting K, at the correct distance l2 it is possible
to compensate for the capacity of.a holder in which the impe-
dance to be measured is contained.

with the capacity of diode and holder, which can be
ascertained from the fact that the voltage curve
measured again becomes symmetrical with respect
to the maxima and minima. The parallel circuit
thus formed then represents a high impedance for
the measuring frequency and has practically no

effect on the shape of the voltage curve along the
Lecher system.

Another possibility of reducing the effect of the
diode capacity is to couple the diode with the system
via very small capacities. One objection to this,
however, is that a much higher high -frequency
voltage is then necessary on the Lecher system.
For many measurements this is of no importance,
but for others there are very valid objections. Thus
in measuring, the input impedance of receiving
valves the aim is to carry out the measurements as
far as possible under the conditions under which
the valves are, used in practice, thus, 'among other
conditions, with a low signal voltage. It may there-
fore be undesirable in this case to couple the mea-
suring diode very loosely with the Lecher system.

In many cases the disturbing influence of the
capacity of diode and holder can be reduced in yet
another way, namely by constructing the source of
voltage connected with the Lecher system in such a
manner that it exhibits an internal resistance equal
to the characteristic resistance. The resulting
improvement can be explained from the fact that a
voltage wave reflected at the diode cannot be re-
flected anew at the end where the source of voltage
is situated. Whether or not this exerts a favourable
effect on the above -mentioned measuring errors
depends, however, upon various circumstances, for
instance on the total length of the Lecher system.
This should be investigated for each case indivi-
dually.

Fig. 5 shows how in practice a voltage source
with the desired internal resistance is obtained.
The high -frequency voltage source E is inductively
coupled with a loop, in series with which 'are two
resistances C. ,These -two resistances are connected
with the Lecher system. As may be seen in fig. 5,
the Lecher system -is extended a certain distance to -
the left of this point of connection. On this part of
the system we have the sliding short-circuiting.
bridge K1 which short-circuits the parts a of the
two conductors. This is done for two reasons. In
the first place by setting K1 at a certain distance /1
the capacity of the above -mentioned resistances as
well, as that of a holder in which they 'are usually
fastened can be compensated. Since the wave
resistance of a L e cher system is practically a pure
resistance, the internal impedance of transmitter,
coupling loop and the above -mentioned resistances
of 1./2C should also be a pure resistance. The second
purpose of the short-circuiting bridge K1 is that it
is possible to manipulate with the D.C. volt4e con-
nections to the left of it without affecting the distri-
bution of high -frequency voltage on the Lecher
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system. The system is also extended a certain
distance to the right of the impedance to be mea-
sured. There is also a sliding short-circuiting bridge
K2 situated on this part of the system, which like-
wise short-circuits parts a. By setting K2 at a cer-
tain I2 it is possible to compensate for any capacity
that may be in parallel with the impedance to
be measured, for instance the capacity of a holder
in which the object to be investigated is fastened
and the capacity of an insulator support at this
point.

at other places than at a minimum is less important
the more precisely the above -mentioned precau-
tions have been taken for reducing the disturbing
effects of the capacity of diode and holder.

Another source of errors in measurement which
we should like to mention is a possible mutual induc-
tion between the conductors of the Lecher system
and the connections of those conductors with the
measuring diode. It has been found that large
errors may also result from this cause, especially
in determining the position of a voltage minimum,

Fig. 6. Sketch of a measuring arrangement for impedance on decimetre waves according
to the principle described in this article. In the drawing the cover and part of the wall of
the housing F have been removed. The diode holder Dh is moved by means of the screw
rods S which are driven by the hand wheel H. For the meaning of the other symbols refer
to figs. 3 and 5.

The disturbing effect experienced from the capa-
city of the diode and its holder is greater in the
neighbourhood of a voltage maximum than in that
of a voltage minimum. This is due to the fact that
the ratio between the voltage V and the current I
is larger at a voltage maximum than at a voltage
minimum. For that reason the first of the above -
described methods of determining the modulus of f
is carried out by measuring the voltage in the
neighbourhood of a minimum, although in prin-
ciple it would also be possible to measure the vol-
tage in the neighbourhood of a maximum. For the
same reason the second method of determining
is only to be recommended when the shape of the
voltage curve is such that there is little difference
between a maximum and a minimum, i.e. when the
impedance to be measured deviates only little
from the characteristic resistance 5). Of course the
objection mentioned against measuring the voltage

5) If the impedance to be measured is equal to the charac-
teristic resistance, no standing waves occur along the
Lecher system, but only travelling waves. The same
voltage is then measured at all points.

'5459

thus in the determination of the argument of the
reflection factor f. These connections should there-
fore be kept as short as possible and should as far
as possible run perpendicular to the two conductors
of the Lecher system.

Fig. 6 is a sketch of a Lecher system used for
measurements on the above -described principle.
The Lecher system is contained in a housing F,
the cover of which is partly removed in the drawing.
The diode holder Dh, which is made of poly-
styrene, is moved along the conductors by means
of screw rods S mounted outside the housing.

Diagram for calculation

When the modulus and the argument of the
reflection factor f have been determined by the
method described above, the impedance 4 has to
be calculated from those values by means of the
expression (11a). This calculation proves to be
rather laborious. It can be considerably shortened
by the use of a diagram, an example of which is
given in fig. 7.

The construction of this figure is based upon the
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fact that Zx is again determined by the connection
in parallel of a resistance Rx and a loss -free capa-
..city Cx or self-induction Lx. The real part off is
now plotted as abscissa and the imaginary part as
ordinate, while the geometrical positions of f are
dra-On for certain fixed values of Rx/C and of
1/coCxC or coLx/C, respectively. These geometrical
positions are found to be circles. Since the modulus

dances having a resistance component ..Rx lying
between about 10C and C/10.

For Rx/C>10 and Rx/C<1/10, the circles for
successive values of Rx/C lie very close together,
i.e. a small variation in f corresponds to a large
change in Rx. The determination of Rx from f
outside the limits mentioned above is therefore
inaccurate. The method of measurement described

Imaginary part
of f

45460

Fig. 7. Diagram for the determination of Rx and C., (or Lx) from a measured value of the
reflection factor f. The whole diagram falls inside a circle of radius 1.

of f is always smaller than 1, the whole diagram
falls inside a circle of radius 1. Thus by plotting the
measured modulus and the measured argument off
in this diagram the corresponding ratio of the
resistance part and the reactive part of ZX to the
wave resistance C can be read off. By the use of 
these quantities without dimensions the diagram can
be employed for a Lecher system with any
characteristic resistance. .

It is clear from fig; 7 that the method described
is especially suitable for the measurement of impe-

Real part
- of f

in thiS article is thus a satisfactory complement to.
the article cited 1), since the latter possesses a
higher precision just outside the limits mentioned.

Absolute values of the desired impedances

In the previous method as well as in the one des-
cribed above the impedances to be measured are not
found in absolute values, but only their ratios to
the characteristic resistance. In order to determine
the absolute value we must know the characteristic
resistance. For  simple constructions it can easily
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be calculated. The necessary formulae are given
below for two commonly used constructions.

For two parallel round wires of diameter d and
at a distance a apart the characteristic resistance is

= 120 In (p 62-1) ohm, . (22)

in which

a
P = Ti HL -1

45436

If a cylindrical shield of diameter D is placed
around these wires the characteristic resistance can
also be calculated according to formula (23), but
for p the following must be introduced:

a D2 - (a2-d2)P= d D2 + (a2-d2)

A completely closed cylindrical shield cannot,
however, usually be employed. For structural
reasons a square cross-section is often used, while
at the same time slits are often necessary in the
shielding, for instance for the purpose of moving
the diode holder (see fig. 6). Since a precise cal-'
culation of the characteristic resistance in such cases
is complicated and often impossible, it is usually
simpler to measure it. For that purpose it is suf-
ficient to measure the capacity between the two
conductors, which may be done at a low frequency 6).
If this capacity per cm is CI farad and the self-
induction of the Lecher system per cm is LI henry
the following relation exists between LI and Cr:

LI  Cr = 1/c2, (23)

where c' is the velocity of light in cm/sec, i.e.
c = 3 x 101°. This formula holds for shielded as
well as for non -shielded Lecher systems.

If Cris now measured, the characteristic resistance'
can be calculated from it, since it is given by:

II/-L
CI

= -1 ohm' . (24)
cC-I

Measurement of impedance without a calibrated
. instrument

As will have appeared from the above description,
in this method of measurement  also a diode volt-
meter is needed which is only xelatively calibrated.

6) When each of the conductors consists of a part a and b
(figs. 3 and 5), those parts should of course be short-
circuited.

Such a calibration is usually performed at a low
frequency, namely by comparison with a thermo-
couple which in turn has been calibrated with direct
current. As already stated in the article referred
to 1), at very high frequencies a calibration' per-
formed at a low frequency is,- relatively, no longer
correct either, due to the fact that the electrons in a
diode possess a finite transit time. We shall there-
fore in conclusion give a brief description, of a
method by which it is possible to measure impe-
dances on decimetre waves without a calibrated
measuring instrument being necessary.

This method shows much similarity to the method
described in this article. Here also the impedance
to be measured is connected to the end of a Lecher
system I, while the high frequency voltage source
is connected with the other end. In addition to the
measuring diode, however, 'a second Lecher system
II can now also be moved along system I (seefig. 8).

Fig. 8. Diagram showing the principle of an arrangement for
measuring impedances on 'decimetre waves" for which a cali-
brated voltage meter is not necessary. L e c h e r system II,
which is provided with a moveable short-circuiting bridge,
can be moved along Lecher system I. From the lengths 1a
and lb it is possible to calculate Rx and Cx.

System II is provided with a moveable short-cir-
cuiting bridge. It can be shown by calculation that
at every value of Rx and Cx it is possible to adjust
the length lb so that the part of I lying to the right
of II shows an admittance between p and q, the
resistance component of which is equal to 1/C.
The reactive component of this admittance can now
be compensated by a suitable value of the length la.
In this case, therefore, the part of I lying to the left
of is terminated by its own characteristic
resistances and no standing waves occur along it.
Upon moving the diode along the left-hand part of
I no variation in voltage will then be observed.
Zx can now be calculated from the lengths la and
1b. We shall only give .here the formulae to be
employed for the case where the characteristic
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resistance of systems I and II are the same. From vi and p we can now again calculate Rx and
For modulus and argument of f the following are Cx (or Lx), using by preference a diagram like that
then valid: of fig. 7.

1
Since in this method the diode voltmeter is only

. If' = (25) used to ascertain whether or not stationary waves
yl+ 4 tg227c -la are present on the Lecher system, it need not be

A calibrated at all. On the other hand it should be
\and possible for the mechanism for adjusting the lengths

q) = bg cos If I - 4n 161,1. (26)--. /a and lb to be set with great precision.
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1683: H. Rinia and P. M. van .A.lphen: A new
method of producing aspherical optical
surfaces (Proc. Kon. Ned.' Akad. Weten-
schappen, Amsterdam 49, 146-149, 1946).

Descartes and Newt on already advocated the
use of aspherical surfaces in optiCal instruments.
Recently interest in these has increased in connec-
tion with S c hmidt' s mirror system. Apart from
field curvature this system has only one aberration,
viz. spherical aberration, which can be eliminated
by using a correction plate with a 4th degree sur-
face. The manufacturing of these surfaces in mass
production by grinding or pressing encounters many
difficulties. In this article a method is described,
by which the plates are cast from a gelatin solution.
Some experiments with lenses provided with this
aspherical gelatin surface likewise yielded good
results.

1684: H. Rini a: New possibilities for the air
engine (Proc. Kon. Akad. Wetenschappen,
Amsterdam 49, 150-155, 1946).

After surveying the different types of caloric
engines the author describes the principle of the
air engine. A favourable temperature ratio, a
satisfactory heat transfer and adequate regeneration
are the requirements to be fulfilled: Thanks to
improvements it has become possible to construct
engines working at 3000 rpm at a mean pressure
of 10 atm. with an overall output exceeding
that of petrol engines.

1685: P. J. B ouma: Zur Einteilmig des Ost-
Wald'schen Farbtonkreises (Experientia 2,
99-103, 1946).

The author demonstrates that the principle of
inner symmetry", used by 0 s tw al d as a basis for
his colour circle, contains a number of contradictory
requirements. After restriction .of the principle it
proves possible to compute the dominant wave-
lengths of the 24 colour points of the Ostwald circle
situated on the curve of the characteristic colours
in the colour triangle. The results of these calcu-
lations are compared to the data of Richter.

1686: J. van Slo ot en: Meetkundige beschouwin.
gen in verband met de theorie der electrische

vierpolen (thesis Delft 1946) (Geometrical
considerations in connection with the theory
of electric four terminal networks).

The_ theory treated in this thesis consists of two
parts: the first two chapters deal with the proper-
ties of fourpoles as impedance transformers. In the
last three chapters the question is raised how, when
connecting in cascade (or in parallel) two fourpoles
without losses, whose transfOrmer properties are
known, the properties of the resulting fourpoles
may be found. It is proved that connection in cas-
cade is equivalent to the addition of motions in
non-euclidian space. This may be done in a so-
called C a yl e y diagram worked out for this special
purpose. The constructions are useful in the tech-
nique of ultra short radio waves.

1687: F. L. H. M. Stumpers:. Eenige onderzoe-
kingen over trillingen met frequentie-modu-
latie (thesis Delft 1946) (Some investiga-
tions an. oscillations with frequency modu-
lation).

In this thesis attention is paid to the definitions
of instantaneous amplitude, phase and frequency as
a function of time; the frequency spectrum occur-
ring with different kinds of modulation is calculated
and the possibility of interference with frequency
modulated signals (e.g. by. two emitters on one
carrier Wave, synchronised emitters or two-way
reception) is studied.

The influence of noise and disturbances is tho-
roughly investigated. Whereas only approximative
calculations are possible in the case where the noise
energy is not small in comparison with the signal
energy, in the case of impulse disturbances the
calculations can be worked out completely.

The distortion suffered by frequency modulated
signals in passing through the electrical network is
calculated using Fourier analysis and the series of
Carson and Fry. The methods used by these last
named authors are critically studied and an alter-
native development is given, which is more adapted
to the case of F.M., and which also has an asymp-
totic charecter. The theory is applied to simple
networks: simple circuit, coupled circuit, frequency
detector. Apart from the formation of harmonics
intermodulation is considered.
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Finally the results are checked by experiments.
A new method for determining the' distortion of the
measuring emitter directly from the spectrum
deserves attention.

1688: N. Warm olt z: Over het mechartisme 'van
den capacitieven. ontsteker en van den weer -
stand bij kwikdampgelijkrichters (thesis
Delft 1946) (On the mechanism of dielectric -
ignition and resistance ignition in mercury
arc rectifiers).

A short survey is given of ignition methods in
mercury pool rectifiers, based on the field theory
of the low pressure mercury arc. The time lag of the
dielectric ignitor is measured by oscillographie
methods. It is in accordance with the spaces of
time required for the rupture by an electric field of
a small distortion on the mercury surface as com-
puted by Tonks. The field strength at the sharp
point, which is formed during this process, is suf-
ficient for cold emission of electrons, from which
an arc develops in the mercury vapour formed,
simultaneously.

As regards the behaviour of the time lag of resis-
tance ignitors in experiments with frozen cathodes,
preheating the ignitor, arguments are found in
favour of Mier del's theory on this subject.

1689: J. van der' Vliet: De provitaminen-D van
- de mossel (mytilus edulis), thesis Groningen

1946 (The provitamines D of the mussel).

The mixture of provitamines D from the' sterol
fraction of the mussel is investigated. From the
product obtained from this mixture by irradiation
with ultraviolet rays a crystalline substance with
aitirachitic properties has been isolated (called
D.), which on closer examination proved to consist
of a mixture of calciferol and an unknown anti-
rachitic, almost ,inactive compound related to vi-
tamine D, having tke probable composition C28H44 0
or C29H46 0 and containing an unsaturated side
branch. Further vitamin D3 was isolated as a
crystalline ester. Oxidation of the irradiation -
product with ozone gave different new products,
who where also identified. From chemical as, well as
biological data it is concluded that the composition

 of the provitamine mixture is:
7-dehydro-chloresterol - 50 %

ergosterol 17%
cholestatriene -5; 7, 22-01-3 33%..

The presence of the two first mentioned com-
pounds is proved, that of the last one made pro-
bable.

1690: N. H. W. A d clink: Complete and incom-
plete crystals. (Nature 157, 764, 1946).

The author presents a table containing which to
his opinion are the most reliable values of N (Avo-
grado's number, chemical scale), calculated from the
density and from the dimension, as measured by
Xrray methods, of the elementary cell in the case
of' diamond, KC1, quartz, calcite, PbO, Sn and
various other metals (partly from measurements by
the author and coworkers).

It is seen that the value of N found increases in
the order mentioned, corresponding to an increasing
deviation from the ideal density. The term incom-
plete is proposed for crystals showing a density
inferior to the ideal value. The value for 10-23 N
6.02275 + .0003 for diamond,' which is very near to
Birge's value of 6.02283 ± .0011.

1691: Balth. van der. P ol: The fundamental
principles of frequency modulation (J. Inst.
El. Engineers 93, 153-158, 1946).

In a ldcture for the radio section of the I.E.E.
the author treats:
1) the problem of finding the possible current and

voltage in a circuit with' L, C, r and condensor
leak R being arbitrary functions of the time,
and

2) the problem of the response of a given network
to a frequency modulated signal. In addition the
definitions of amplitude phase and frequency are
discussed.

1692: A. Cliassen and J. Visser. The determi-
nation of uranium with oxy-quinohn e
(Rec. Tray. Chim. Pays Bas 65, 211-215,
1946).

The method of Hecht and Reich-Rohwig
for the determination of U by means of 0-oxy-
quinoline has been subjected to a critical investig-
ation.' It was found that washing with a hot 0.04%
oxine solution is to be preferred to washing with hot
water. Results are accurate within 0.1%. Separa-
tion from Mg, alkaline earths and alkali metals is
complete.
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A NEW SERIES OF SMALL RADIO VALVES
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The development of radio valves having flat bases and of either all -glass construction or
with metal envelopes made it possible to reduce the dimensions appreciably, and particu-
larly the overall length, while at the same time maintaining good performance at very high
frequencies. The downward trend of dimensions was halted, in the case of metal valves,
at the point where further reductions in size resulted in excessive mutual capacitances and
dielectric losses between internal leads, and, in the case of all -glass_ valves, at the point
where the proximity of the electrode assembly to the seal between base and envelope
exposed the cathode to excessive temperature during the sealing operation. In a new
series of valves now developed by Philips, and known as the "A" series or "Rimlock"
valves, over -heating of the cathode is avoided by joining bulb to base with a glaze or cement
which becomes 'plastic at a comparatively loW temperature. Further substantial reductions
in. bulb diameter have been achieved. A diameter of 22 mm has been adopted to permit
the use of eight contact pins in the base, thus providing the maximum number of connec-
tions required in normal receiving valves, and to ensure that there shall be no over -heating
of the bulb in the case of valves of the highest dissipation (i.e. 14 W for an output pentode)..
This article describes in some detail the construction and manufacture of these valves.

Over a considerable period the general internal
structure and form of envelope (bulb and
lead-in wires) had become stabilised, the so-called
"pinch" construction being considered normal
practice. But certain new requirements in radio
engineering called for new developments - deve-
lopments which would satisfy, for  example, the
needs of the manufacturers of small, in exp en siv e
sets for which there is a demand in most countries,
and the requirements forshort-wave and ver y-
sh o rt wave reception. including television recep-
tion.

Small, compact receiving sets call for the pro-
duction of valves and other components of the
smallest possible dimensions, and in this connection
the past seven or eight years have seen remarkable
developmentg, the first stages of which have already
been the subject of articles in this periodical 1)2).
In the new series of valves about to be described,
further reduction in size is once more a prominent
feature but, as will be explained, this reduction has
been made possible by a new manufacturing. tech-
nique which has at the same time resulted in im-
prbved performance in short-wave operation.

621.396.694-181.4

Glass and metal valves with flat bases
In valves which are to be used for short-wave

(and, when required, for ultra -short-wave) reception
it is essential, amongst other requirements, that
capacitances between the leads to the 'various
electrodes, and the dielectric losses in the insulating
material between these leads should be very small.

An important advance in this direction was made
when the original "pinch" construction was aban-
doned in favour of a bulb with a flat base 1). In
these valves the lead-in wires were much shorter;
they were enclosed in the glass for a short distance
only; and they were spaced well apart. These leads
could also be made to serve as the contact pins,
thus avoiding the necessity of fitting a base cap of
plastic material, which has been the source of large
and variable losses. Moreover, the short overall
length of the leads resulted in' proportionally
smaller self-induction and opened up new possibi-
lities for the use of valves of this type for very high
frequencies (metre waves) 3).

At this stage, -the wished -for reduction in valve
dimensions and the equally desirable improvement
in performance on short -waves were being attained

1) Philips Techn. Rev. 4; 162, 1939.
2) Philips Techn. Rev. 6,318, 1941. 3) See for example Philips Techn. Rev. 3, 103, 1938.
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by one and the same means. But when further devel-
opment was attempted on the same lines the two
requirenients came into conflict. Any considerable
decrease in size of receiving sets demanded a reduc-
tion in the diameter of the valves, since this dimen-
sion largely determines the area of the receiver
chassis. But reduction of valve diameter involves a
closer spacing of contact pins in the flat valve base,
and this results in increased mutual capacitances
and dielectric losses.

This difficulty was most pronounced in those
valves which employed both bulb and 'flat base
made entirely of metal, with the contact pins fused
into the base with glass beads, and this construction
gave little prospect of further reductions in valve
diameter. It had, however, one important advan-
tage over the all -glass construction, in that the
sealing of the metal bulb to the base is achieved
by only very slight increase of temperature in the
electrode system, since the heavy welding machine
employed for this operation generates, in a single
current impulse of short duration, an accurately
calculated amount of heat which is quickly dissi-
pated to the welding electrodes and surrounding
material due to the high thermal conductivity of
the metal parts. In the all -glass construction,
however, bulb and glass base had to be raised tl a
temperature of some 800 °C to 900 °C, and in
proportion as the diameter of the valve and the
length of the leads are reduced, the distance be-
tween the parts of the electrode system and the
seal also becomes smaller, and the temperature to
which they are exposed during the sealing operation
becomes greater. The smaller the valve, therefore,
the greater the risk that, during sealing, parts of the
electrode system may be oxidised and that the
cathode may have its emission impaired by the
chemical action known as "poisoning". Excessive
manufacturing rejects can, in these circumstances,
be avoided only by passing an inert gas such as
nitrogen through the valve during the sealing
operation - a manufacturing complication which
cannot be contemplated with equanimity.

The "glazing" technique

The problem outlined above has now been solved
in the case of all -glass valves by adopting an en-
tirely, new method for joining the bulb to the flat
base. Instead of direct fusion, a "glaze" or cement is
used, the material selected having a melting point
much below that of the glass.

When the glass base with its moulded -in contact
pins has been made, a moulded ring of the powdered
cement is placed round the upper edge of the base,

The whole is then raised to the temperature at
which the "glaze" melts and becomes firmly bonded
to the glass base (see Fig. l), and is then. slowly
cooled to relieve the mechanical stresses in the glass.

a C
47859

Fig. 1. a) Base plate of a radio valve of A series with moulded -in
contact pins. Actual size.

b) Same base plate with ring of glaze laid upon it.
c) The ring of glaze is fused on the glass.

b

The electrodes are then assembled to the supports,
the base -plate, complete with electrode assembly,
is placed over the inverted bulb in a special sealing
machine, and heat is applied until the cement
softens, *hen the base sinks by its own weight far
enough to allow the rim of the glass bulb to pene-
trate the layer of cement. On cooling, the cement
sets and adheres to the edge of the bulb to form a
vacuum -tight seal (see Fig. 2). During the whole of
this process it is only the cement and not the glass
which is softened, and for the material used in the
valves now in production the temperature employed
is only some 450 °C. The electrodes, and particu-
larly the, cathode, attain a temperature not
exceeding 230 °C as compared with 500 °C to
600 °C in the previous method of sealing:

41053

b
Fig. 2. The joining of .bulb and base plate by the glazing
technique. 1.5 times actual ,size.

a) The base plate with the fused ring of glaze is laid loosely
on the edge of the bulb.

b) As the glaze melts the edge of the bulb penetrates into
the layer of glaze and after the latter has set the bulb
and base are securely joined and vacuum -tight.
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In order to avoid risk of dangerous mechanical
stresses being set up in the valve while cooling
after sealing, it has been necessary to find a glaze or
cement having a coefficient of thermal expansion
practically equal to that of the glass used for the
bulb and base. Moreover, the material had to have a
suitable surface tension, so that the meniscus of the
layer of glaze is slightly concave (see Fig. 1c) -to
prevent the base from becoming displaced to one
side when placed on the bulb as shown in Fig.2a.

48027

Fig. 3. Detail of the sealing machine on which bulb and base
plate are joined. A metal cap is placed on the base plate (left).
The whole passes between two rows of gas flames, the layer
of glaze being heated to about 450° C, necessary for fusing.

Fig. 3 shows in detail the machine used in sealing
the bulb to the base. A metal cap is suspended over
the upward -projecting contact pins of the base.
The whole passes between two rows of flat flames
directed towards the cap. The edge of the bulb and
the base are thus heated uniformly, so that no
mechanical stresses are set up in the glass. The
weight of the cap assists the rim of the bulb to
penetrate well into the layer of cement.

This "glazing" technique has made possible the
new series of valves known as the "A" series or
"Rimlock" valves, having a diameter of only
22 mm. For the sake of comparision it may be

mentioned that the "B" series described previously
have a diameter of 32 mm., and the "C" series,
which included the short-wave push-pull pentode
type EFF 50, a diameter of 36 mm 4).

Some of the types in the "B" and "C" series are
not suitable for inclusion in the "A" series for,
reasons which are explained later.

Fig. 4a shows a number of valves in the "A"
series; Fig. 4b a valve in the "A" series compared
with valves in the "B" and "C" series; while the
reduction in dimensions is best illustrated in Fig. 5,
where four successive models of two different valve
types, namely an I.F. pentode and an output
pentode of similar performance, are shown side by
side.

In addition to making possible valves of more
compact dimensions, the "glazing" technique confers
the general advantage that the bulb can be made to
any desired shape, accurate to within 0.1 mm.,
and that this shape will be maintained during the
sealing operation. As examples, Fig. 6 shows two
bulbs without electrode systems. That on the left
has a constriction of the envelope close to the
base - required for a definite purpose to be ex-
plained later. Only by the "glazing" technique can
such small details be maintained in the finished
product - they would be entirely lost owing to the
softening of the glass if exposed to the high tempe-
ratures employed in the earlier method of
sealing.

A particularly troublesome result of glass soften-
ing occurs in small diameter valves, the plastic
condition of the glass allowing the contact pins to
depart from their vertical alignment, or even to shift
their location slightly, with the result that the
pins have to be straightened by force. To avoid
risk of cracking the glass during this adjustment,
the pins must be made of soft metal. This, in turn,
introduces the risk that the pins may become bent
in service, so that the valve will no longer fit the
holder. Using the "glazing" technique, however,
the base retains its shape throughout the sealing
process, the need for bending the pins disappears,
and it is possible to employ pins made of hard metal,
not only for the new small diameter "A" series,
but also for the valves of larger diameter in the
"B" and "C" series.

Apart from the practical advantages already
indicated, the "glazing" technique results in a
simplification of manufacture and a speeding up of
production, the latter being due not only to the

4) The development of the B and C series, the so-called
"key valves", is described in full in the article referred
to in footnote 2).
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a)

b)

EFF 50 ECH 21 UCH 41

Fig. 4. a) Five valves of the new A series ("Rimlock" valves) diameter 22 mm designed
for a normal receiving set. The types shown from left to right are: UCH 41, a triode-
hexode; OF 41 an intermediate -frequency pentode; UAF 41, a diode -pentode; UY 41 a
rectifier valve and UL 41, a 9 W output pentode. These valves are suitable for A.C. and
D.C. sets.

b) For the sake of comparison the following are shown side by side: UCH 41; ECH 21,
a triode-heptode which because it requires 9 contacts is made in the previously described
B -technique (32 mm diameter); and the short-wave push-pull amplifier valve EFF 50
in the C technique (36 mm diameter).

general simplification, but also to the fact that the
lower sealing temperature can be attained more
quickly than the higher one.

The new valves

Choice of diameter

Had the cathode temperature during the sealing
operation been the sole consideration, a diameter
considerably smaller than 22 mm could have been
selected. But it is the capacitances and other losses
between leads which are now the limiting factors,
and the extent to which the diameter can be reduced

479/5

therefore largely depends upon the number of
contact pins it is necessary to set in the base.
A further factor is the amount of heat gener-
ated in the valve which, in conjunction with the
valve diameter, determines the working temperature
of the envelope and thus affects to a large degree
the dielectric losses and electrolysis of the glass
between the pins.

The number of pins required and the amount
of heat generated vary widely between valves of
different types. Thus, a rectifier valve for a radio
receiver needs only four pins, while an indirectly-
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Fig. 5. Successive models, with about the same performance, of an intermediate -frequency
pentode (front row) and a 9 W output pentode (back row). Front row, left to right:
AF 7 (1937), EF 9 (1937), EF 22 (1941), EF 41 (1946); back row: EBL 21 (1941),
EL 41 (1947).

heated frequency changer of the triode-hexode
type (which is to be preferred owing to its inherent
constancy of tuning on short waves) requires at
least eight pins - six for the electrodes (the
cathode being common to the triode and hexode
sections and two pairs of grids can be interconnec-
ted) and two for the cathode heating.

Thus, in principal, different minimum diameters
could be selected for each valve type. But this
would be very impracticable from the standpoints
of both the valve -maker and the set -designer, both
of whom desire the greatest possible degree of
standardisation of components.

One diameter only has therefore been chosen for
the whole of the "A" series - a diameter large

Fig. 6. Photograph of the envelope of the A valves without
electrode system. Evacuation and sealing off take place
at the top of the valve. The sealed off point is reinforced
by moulding it into a compact conical form immediately
after sealing off. The two envelopes shown have different
forms of guiding mechanism for mounting the valve in the
holder (see the final paragraph of this article).

47942

enough to accommodate the maximum number of
eight pins and one which does not introduce the
risk of excessive bulb temperatures being developed
at the maximum total dissipation in any valve
designed for a normal receiving set - namely the
14 watts dissipated in a 9 W output pentode which,
in order to obtain a high mutual conductance, is
provided with a long cathode consuming 41/2 W.
The few special valves which require nine contacts
are made in the "B" or "C" series.

The diameter of 22 mm. selected for the "A"
series provides ample security so far as insulation
at high voltage is concerned. It has even been found
that a special television valve designed for a peak
voltage of 4 000 volts could be operated with that
voltage applied between two diametrically opposite
pins without risk of electrolysis of the glass or of
breakdown. This valve is illustrated in Fig. 7.

In the U.S.A. very small all -glass valves known as minia-
ture valves with a diameter of 17 mm. have been developed
in recent years. These valves, however, have a maximum of
seven contact pins. A s a consequence, an indirectly -heated
frequency changer of the triode-hexode type cannot be made
in that series, and only output pentodes of low mutual conduc-
tance or small output, unless a high working temperature
of the bulb is accepted.

Construction of the electrode system

It is generally desirable to construct the electrode
system of a radio valve in such a way that it can be
mounted on two or three support rods and that it
stands free from the walls of the envelope. This
construction is not only simpler than that in which
the electrode system is supported from the walls
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by rings or discs, but it also reduces the risk of the
assembly being distorted while being inserted into
the bulb. The free-standing construction is not,
however, easy to achieve in bulbs of small diameter
owing to the risk of the electrode system striking
the walls of the envelope under conditions of
mechanical shock or vibration, thus giving rise to
noises when the set is in operation.

The selected diameter of 22 mm is, however,
sufficiently great to permit free-standing construc-
tion to be adopted for most types, including the
triode-hexode, pentode and diode -pentode, each
of which has a length of 43 mm.

Only for the 9 W output pentode and the rectifier
in the new series has it been necessary to support
the electrode system from the walls, these valves
having comparatively long electrode assemblies
and bulb lengths of 61 mm and 52 mm respec-
tively (see Fig. 4a).

The multiple valves in the "A" series, such as the
triode-hexode and diode -pentode, differ from earlier
valves of similar type in that the more complex of
the two electrode systems is mounted below the
simpler. This simplifies the construction of the
support rods and the mica discs employed to give
the whole assembly the necessary rigidity. At the
same time it confers advantages in connection with
the effect of the conduction of heat through the
current leads at the bottom of the cathode. A short
axial extension of the cathode serves for the simpler
system, and the remaining, and longer portion of
the cathode for the more complex system. The

47 945

Fig. 7 Fig. 8
Fig. 7. Diode for television purposes. The highest voltage
that may come to lie between 4 diametrically opposite contact
pins amounts to 8000 volts.
Fig. 8. Double diode (mixing diode) for ultra short waves,
with glass guiding stud on the bulb.

average temperature of the longer section will
obviously be less affected by heat conduction at one
end than that of the shorter section.

The "glazing" technique has special advantages
in the 'case of battery valves, in which it is
important to keep to a minimum the power required
to heat the cathode. A directly heated cathode
consisting of the thinnest practicable wire with a
very thin coating of a highly emissive oxide is thus
indicated 5). Using the normal nickel filament, wire
diameters below 20 microns are not practicable
because of the low tensile strength of the material.
It was for this reason that for many years Philips
have used tungsten filaments which have much
higher tensile strength and can therefore be made
much thinner. Tungsten wire is, however, more
susceptible to oxidation than nickel, and it is in
this connection that the low sealing temperature
employed in the "glazing" technique confers a
great advantage, permitting the use of a filament
wire only 8 microns in diameter, for which a heating
current of only 12.5 mA is needed.

Valve holders

A radio valve and its holder should be so con-
structed that when fitting the valve in the holder
there is no risk that the pins can enter the wrong
sockets.

The earliest method of ensuring this was to space
the contact pins non -uniformly in the valve base,
but it was then difficult to insert the valve correctly
into a holder, especially when the latter was located
in a more or less inaccessible position in the receiver.
Furthermore, in the small all -glass valves where
the old sealing technique necessitated the use of
soft metal pins there was considerable risk that
valves would be forced into the holder, and this
introduced the danger of the glass base being
cracked.

The method adopted for the "A" series and also
for the "B" and "C" series is to space the contact
pins uniformly around a pitch circle and to provide
some form of locating device to ensure that the
valve is inserted in the correct position.

In the "B" and "C" series the locating device
consists of a stud at the centre of the base. In the
"A" series a metal ring is cemented to the lower
portion of the bulb, where the diameter is slightly
reduced. This ring carries a small rounded projec-
tion or boss which fits into a corresponding groove
in the edge of the valve -holder - hence the name

5) In these valves the proportionately smaller cathode
surface of the thinner wire has practically no effect on
the valve characteristic.
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"Rimlock". As already explained, the possibility
of fitting this ring closely round the bulb within
very small dimensional tolerances is entirely due
to the low sealing temperatures required by the
"glazing" technique.

a)
Fig. 9. a) Simple valve holder for the A series. The stud on
the rim of the bulb falls in a groove in the edge of the holder.
The valves are therefore called "Rimlock" valves.

b) Valve holder with locking device. The valve is held fast
by means of a spring which locks over the stud when the valve
is inserted. The small can in the middle of the holder provides
a screen between the contact pins right up to close under
the base plate.

b)
7944

Further, owing to the complete absence of bulb
distortion, the metal ring can be dispensed with and
the locating boss can be formed on the glass wall
itself, as is shown in the empty bulb illustrated in

Fig. 6. Fig. 8 shows a double diode (mixing diode)
for ultra short-wave operation. This solution is
particularly advantageous in ultra short-wave
valves as the metal ring would substantially increase
the capacitances of the leads.

The locating device described above makes
possible great simplification in the design of valve -
holders. In Fig. 9a, for example, a holder is shown
consisting of a flat plate carrying the contacts and
suspended by two bolts about 8 mm below the top
deck of the chassis. A circular hole in the chassis
permits the valve to be inserted, and a notch at the
correct point on the circumference of this opening
serves to accommodate the locating boss of the valve.

It is often desirable, particularly when a receiver
has to be transported with the valves in position,
to combine a locking device with the locating
arrangement. A holder incorporating a locking
device is illustrated in Fig. 9b.

In Figs. 9a and 9b can be seen a small metal can
at the centre of the holder. When the valve is in
position the can reaches just below the underside
of the valve base and serves as an electrostatic
screen between the contact pins, especially
between the anode and control grid pins. In the
"B" and "C" series valves this function was, of
course, performed by the central spigot.
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Introduction

THE USE OF ISOTOPES AS TRACERS

by A. H. W. ATEN Jr. and F. A. HEYN. 539.16.08: 539.155.2

When a small amount of a suitably chosen radioactive or stable isotope is added to one
of the substances taking part in a physical or chemical process, it is possible to follow the
atoms of that isotope right through the process, to detect -their final resting place and to
study their distribution by means of their radioactivity or difference in atomic weight.
The isotope thus used as a tracer can be employed to furnish information about the nature
and the progress of the process in question. This is especially true for processes in which
there is an exchange of identical particles. Since such piacesses are. very impor-
tant in physiology and chemistry, and the tracer .method is at present the only known
method of demonstrating and investigating such processes, it has found extensive appli-
cation in these fields. But also for numerous investigations which in principle could
be carried out in other ways, the tracer method is sound to be of great value, thanks partly
to its extremely high sensitivity and partly to the great ease with which the questions
presented can be answered. In this article a series of examples is given illustrating the use
of the method.

When the periodic system of chemical elements
was set up in the course of the previous century,
it was thought that each element consisted of only
one definite kind of atom. Later this was found to
be incorrect: an element may consist of different
kinds of atoms which have practically identical
chemical properties - the criterion for denoting
the atoms by the name of the respective eleinent -
but differ in atomic weight by one or more units.
Such isotopic atoms, so called because they have
to be given the same position in the periodic system,
may. be stable or unstable. In the latter case they
undergo a gradual change, accompanied by :a
radiation, into another kind of atom; they are then
radioactive.

Almost all the kinds of atoms occurring in nature
are stable. There are only a few unstable ones,
namely the well-known substances with natural
radioactivity, such as radium, thorium, uranium
etc. In addition to these, however, it is nowadays
possible to turn each element into one or more new

 isotopes which do not occur in nature, all of which
are unstable (artificial radioactive substances).

A single example will serve to illustrate the above.
The element' calcium occurring in nature consists
of at least six stable isotopic kinds of atoms, namely
for 96.96% Ca44, i.e. calcium atoms with an atomic
weight of 40 (in round numbers), and further 0.64%
Ca42, 0.15% Ca43, 2.06% Can, 0.0033% Ca" and
0.19% Ca48. Furthermore, up to the beginning of
the year 1944 it had been found possible to make
artificially six more radioactive calcium isotopes
with atomic weights 39, 39, 41, 45, 49, 49. The
various unstable isotopes can further be distin-
guished from each other by the character of their
radioactivity. In the case of a radioactive atom a

certain percentage of the atomic nuclei present is
transformed per second into another sort by spon-
taneous disintegration, each disintegrating nucleus
emitting, according to its sort, a negative or posi-
tive electron or an a -particle (helium -nucleus).
This is often accompanied by an electromagnetic
radiation (y -radiation). The intensity of the total
radiation of a radioactive preparation at any
moment can easily be measured. As the number of
non -disintegrated atomic nuclei is Continually
decreasing, while the chance of disintegration re-
mains constant for each atom and thus also the
Percentage of nuclei disintegrating per second, the
radioactivity observed decreases with time. The,
velocity, of this decrease usually expressed by the
"half -value time"; i.e. the time in which the inten-
sity of the radiation falls to one half, is charac-
teristic, for each isotope. The above -mentioned six
radioactive calcium isotopes have half -value times
of 4.05 minutes, 1.06 seconds, 8.5 days, 150 days,
2.5 hours and 30 minutes respectively.

The existence of the isotopes is not merely of
theoretical interest. In 'the last .10 to 20 years

. isotopes have become an extremely useful practical
aid for all kinds of scientific and technical investi-
gations. This use of isotopes is based for a large part
on the fact that an isolated isotope of an element
takes part in chemical and physical processes in
exactly the same way as the familiar mixture of
isotopes of that element which occurs in nature,
while the isotope in question can always be recog-
nized by the investigator and can be traced even
in a chemically identical environment, thanks to its
radioactivity or difference in atomic weight. The
isotope thus functions as a tracer, capable of fur-
nishing information about the process taking place,
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which would be much more difficult or even quite
impossible to obtain in any other way.

We shall explain this in more detail, but for better
orientation of the reader we shall first discuss
four examples out of the large number of investi-
gations which have already been carried out with
isotopes as tracers.

What can be done with (radioactive) isotopic tracers
First example

In the production of steel, among other sub-
stances the phosphorus, which is present in quite
considerable quantities in the crude iron, has to
be rendered harmless by adding a slag -forming
substance or by lining the crucible with a material
that reacts with phosphorus. A continuous check
has then to be kept of the amount of phosphorus
still present in the molten metal. This can, of course,
be done by chemical analysis of samples, but results
are obtained much more quickly and easily when a
small amount of radioactive phosphorus is added
to the melt at the beginning of the process. This is
rapidly distributed uniformly throughout the melt,
so that the ratio between the natural phosphorus
present and the radioactive phosphorus added is
the same everywhere.
from the melt into the slag floating on the surface
or into the lining of the crucible this takes place to
an equal degree with the natural and w ith the radio-
active element. The decrease in the percentage of
phosphorus in the melt can thus be determined
merely by ascertaining the decrease in the radio-
active phosphorus. This is extremely simple, since
it is only necessary to measure the radioactivity
of a sample of the melt, which can be done very
easily with an electrometer or an electron -counter 1).

Second example

In many factories the workers come into contact
with mercury, and it is known how harmful the
regular inhalation of mercury vapour can be; in
course of time a concentration of more than 10-4
gram of mercury per m3 of air already becomes in-
jurious to health. It is a difficult problem to detect
the presence of mercury in such minute propor-
tions, because chemical analyses are unavailing
in such cases. In a certain case which occurred in
the manufacture of tubular luminescent lamps in an
American factory, where the lamps were filled with
mercury vapour at a low pressure, a glass side -tube

1) An electron counter was described e.g. by A. Bouwers
and F. A. Heyn, in Philips Techn. Rev. 6, 75, 1941.
In the measurements allowance must of course be made for
the natural decline in radioactivity with time. We shall
return to such practical details on a later occasion.

containing a small drop of mercury had to be
"blown" onto the lamp, and inevitably the glass-
blower inhaled a very small quantity of mercury
vapour into his lungs. In order to determine how
much was inhaled a number of tests were carried
out with a volume of 2 liters of air that had been
in contact with the drops of mercury under exactly
the same conditions as in the manufacturing
process, this being drawn off by suction and passed
over a metal plate kept at the temperature of
liquid air. Practically all the mercury in the air
condensed on the plate.

The mercury used for the experiments contained
a known, small percentage of a radioactive mercury
isotope. The radioactivity of the plate, which was
quite simple to measure after the experiment, gave
an indication of the amount of mercury contained
in the air which had passed over the plate. In this
way a concentration of 5 x 10-6 g/m3 could be
detected. Average mercury concentrations were
found of about 10-5 and in one case about 4 x 10-5
g/m3, from which it was concluded that in the manu-
facturing process in question the glassblower ran
no danger of poisoning 2).

Third example

When a piece of metal is fused with a radioactive
lead isotope in an atmosphere of hydrogen and then
allowed to crystallize again, there are two possi-
bilities. In some metals, such as thallium and mag-
nesium, lead is soluble to a considerable percentage,

4 /74&

Fig. 1. Radiogram of tin with a radioactive lead isotope
(thorium B) deposited at the grain boundaries of the poly-
crystalline metal. Magnified about six times (from G. Tam-
mann and G. Bandel, Z. Metallk. 25, 154, 1933).

the lead atoms being uniformly distributed in the
grains and the polychristalline metal obtained. In
other metals, on the other hand, such as bismuth,
tin, antimony, silver, gold, copper and nickel, in
2) J. W. Irvine and C. Goodman, J. appl. Phys 14,

496, 1943.



298 PHILIPS TECHNICAL REVIEW VOL. 8, No. 10

which lead is practically insoluble, the radioactive
lead is situated on the boundaries of the grains.
When a microscopic preparation of the metal is
made and laid on a photographic plate for several
hours after development, the plate will be found to
be blackened at those places where it lay against
radioactive particles, thus where lead has been
deposited. By means of such an "auto -radiogram",
of which fig. 1 is an illustration, it is possible in the
first place to ascertain whether and to what degree
the added lead is soluble in the metal; if the lead is
entirely dissolved the entire surface of the photo-
graphic plate is uniformly blackened; if the lead
does not dissolve, or only partially, the radiogram
shows up very nicely also the boundaries of the
grains (fig. 1). Thus the isotopic method can also in
this case furnish valuable information about the
changes taking place in the structure of the metal
upon recrystallization and in rolling 3).

Fourth example

Friction between two metal surfaces is due
partly to adhesion, the result being that when the
surfaces slide over each other extremely small
particles of metal are torn out of one and taken up
in the other. This exchange of metal may take place
to such an extent that two surfaces become, as it
were, welded together (the familiar seizing). The
quantity of material thus transferred from one
metal to the other is a measure of the contribution
of this effect to the total force of friction. In general
it is a question of very small amounts which chemi-
cally can hardly be detected at all. An investigation
has now been carried out with the help of a radio-
active tracer 4). One metal surface was "activated",
i.e. it consisted for a small part of atoms of a radio-
active isotope of the metal. After this surface had
been made to slide over the second, non -activated
metal surface, the latter also showed a certain
amount of radioactivity. Amounts of 10-b0 gram of
transferred metal were detected in this way, and,
what is more, by means of a radiogram as des-
cribed in the preceding example also the distribution
of the transferred material on the surface could be
studied. From the radiogram shown in fig. 2a it
may be concluded for example, that in this experi-
ment the sliding of the two metal surfaces over each
other was not continuous but took place in small
jerks. By this method the influence of all kinds of

3) G. Tammann and G. B andel, Z. Metallk. 25, 153 and
207, 1933.

4) B. W. Sakmann, J. T. Burwell and J. W. Irvine,
J. Appl. Phys 15, 495, 1944; J. N. Gregory, Nature
(London), 157, 444, 1946 (6 April).

factors, such as the pressure, the hardness of the
surface, etc. on the transfer of material can be
studied, as also the effect of a lubricant; see fig. 2b.

4788

Fig. 2. Radiograms of a metal surface after it has been rubbed
with a piece of metal containing a radioactive component.
The radioactivity of the surface shows there has been a trans-
fer of material. This explains to a large extent the friction set
up when one surface slides over another. The illustration relates
to the friction of lead on steel a) with no lubricant, b) with
lubricant. Magnification about six times. (From J. N.
Gregory, Nature (London) 157, 444, 1946).

Why the tracer method is so important

From these few examples we can already deduce
the most important aspects which have lent such
great significance to the tracer method.

We first call attention to the last example dis-
cussed. The transfer of material can also be mea-
sured when the two surfaces sliding over each other
contain the same metals or even when they are
exactly identical. It must be realized that this
would not be possible by any other known method,
since the transfer takes place in both directions:
there is an exchange of identical particles.
It would not be possible by any chemical or physical
method to ascertain the origin of the metal present
on one of the surfaces after the experiment, whereas
the radioactive isotope immediately gives the
answer.

Processes in which there is an exchange of iden-
tical particles are very common in nature, not only
in chemistry and metallurgy, but especially in the
physiology of plants and animals. The tracer
method, which offers the only method of approach,
has been used on a large scale for the investigation
of such processes, and the publications in that
field are innumerable. In a survey of such inves-
tigations for the year 1940 5) in physiology alone
more than 300 publications are cited. But also
in the field of technology, for routine tests, and like -

5) J. R. Loofbourow, Rev. Mod. Phys 12, 267, 1940.
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wise in agriculture and chemistry, the method is
being more and more widely applied 6).

Although the last example discussed illustrates
the possibility of studying the exchange of identical
particles with the help of an isotope, the employ-

merit of the tracer method in that case is not moti-
vated only by the pOssibility mentioned. When two
different metals slide over each other the transfer
of material could in principle be studied also
by other methods. The fact that a radioactive
tracer is, nevertheless, used, is due to the fact that a
much greater sensitivity can be attained with
the radioactivity measurements, i.e. much smaller
amounts of a substance can be detected than with
other methods so far available. The same applies to
the case of the determination of mercury. In the
determination of phosphorus which was discussed
as the first example, the indicator method is not
necessary in principle either, but it was applied'
there because of the greater ease with which
the. quantity of phosphorus could be determined,
compared with a chemical or other analysis. Finally,
an important point in the employment of a radio-
active isotope is that it can be localized so easily
when mixed with a different or a chemically iden-
tical substance, while also its distribution can
be determined; see the radiograms of figs. 1 and 2.

Where radioactive isotopes are applied for the
sake of the advantages of greater sensitivity and
easier working, while in principle other methods
would also provide an answer to the questions.
raised, one might speak of "untrue" applicationi
ofthe indicator. method. In such cases. the nature
of the isotope is sometimes a matter of indifference;
in order to obtain a radiogram' of the grain boun-
daries in a polycrystalline material it would also
be possible to use a radioactive isotope of some
metal other than lead, provided it does not dis-
solve in the base metal. In the "true" applications
of the tracer method it is quite different; for there
it is essential that an isotope can be detected in
identical surroundings.

In this connection attention should be called
to the fact that the tracer method can also be
applied with non -radioactive isotopes. The atoms of
such isotopes fare recognizable (labelled) by their
different atomic weight and the properties connected
therewith, such as specific weight, velocity of dif-
fusion, heat conductivity, etc. The most important
atoms to be considered are "heavy hydrogen"

6) See, for example, the survey of chemical applications by
G. Se aborg, Chem. Rev. 27, 199, 1940, where more than
500 publications are mentioned, most of them different
from those in the article by I, o ofb o ur o w.

(deuterium) of atomic weight 2 (approx.), the
oxygen isotope of atomic weight 18 and the nitrogen
isotope of atomic weight 15. With such stable iso-
topes the measurement of the radioactivity of
mixtures of isotopes is replaced by measurements
of density or the like.

These measurements are generally much less
easy than the measurement of radioactivity' and
also not so sensitive by far. With stable isotopes
there is, therefore, no 'question -of "untrue" appli-
cations of the tracer method. The reason for using
these is solely the possibility of studying processes
of exchange, where no suitable radioactive isotopes
can be found. .

OWing to the very large number of applications
of the indicator method (true and untrue) it has
become impossible, as well as purposeless, to 'give
a survey of these applications, even if one confined
oneself to a definite field. We shall not, therefore,
attempt to do so, but in the following we shall
say something about the origin of the method and
follow this up with a number of suitably chosen
examples, with the intention of showing the possi-
bilities of the method from different angles. In a
subsequent article we shall go more deeply into the
practical performance of investigations with
radioactive and also with stable isotopes. .A's`tO this
practical performance we' can only point out here
that it is not necessary to prepare the' radioactive
(or stable) isotopes oneself, for they can be obtained
from certain suitably equipped laboratOries. In
Europe the Philips Laboratory in Eindhoven,
among Others, has already supplied suitable radio-
active substances for a number of applications.

Origin of the method

. The tracer method was initiated by Hevesy,
who first discovered the possibility of studying
processes of exchange by that means and imme-
diately put his ideas into practice (in 1915). He
used the method, for instance, to test the theory
of Arrhenius about the dissociation of electro-
lytes. In essence his experiment was as follows.
From a certain amount of normal lead a lead salt
is prepared, for instance lead chloride, and from a
corresponding amount of the radioactive lead iso-
tope, which is formed as a disintegration product
of radium, another salt, for instance lead nitrate is
prepared. When the two salts are dissolved in
water, the solutions mixed, and then the two salts
extracted separately from the mixture, the two.
lead compounds are found to have become equally
radioactive.

The lead atoms from the two salts must, therefore,
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have been completely mixed in the solution. This
result agrees entirely with the hypothesis that the
lead compounds are dissociated in the solution,
i.e. that lead occurs therein in the form of free ions.

We have just said that one salt was prepared
from normal lead and the other from the radio-
active lead isotope. Consequently, in order to carry
out the experiment in this way a sample of the pure
radioactive lead isotope would have to be avail-
able. Actually, however, this is not necessary: It is
sufficient if one sample of lead contains only a small
amount of the radioactive isotope. Hevesy recog-
nized this from the very beginning, as may be seen
from the curious story of the way in which he came
to use the isotopes in this way. He had tried in
vain to separate radium D from a quantity of lead
containing a small amount of that substance.
Since radium D is an isotope of lead (the radio-
active isotope mentioned in the radium series;
its name dates 'from the time when there was no
clear idea of the situation), it cannot, as we now
knoW, be separated by ordinary chemical means.
It was just this failure that gave Hevesy the
idea that he could always distinguish the lead of
this sample "contaminated" with radium D, from
a sample of ordinary lead: in all mixtures with ordi:
nary lead every fraction of the "contaminated"
(radioactive) lead sample takes an equal fraction
of the original radioactivity with it and can thus
be determined quantitatively by measurement- of

the radioactivity.

The "contaminated" lead is thus, as it were, indicated or
labelled by the radioactive isotope itself, and provided it is a
homogeneous mixture the whole sample can serve as a quan-
tity oflabelled atoms. This is in fact obvious when it is borne
in mind that the radioactivity of an element only means that
per unit of time a certain percentage of the atoms present in a
sample disintegrates spontaneously. If the sample also con-
tains a number of isotopic atoms which are stable and thus
will never disintegrate, the only result, in the first instance,
is that the percentage of disintegrating atoms per unit of
time, is smaller, thus the radioactivity is "diluted". In fact,
also in the first examples discussed there were certain dilutions
of radioactive phosphorus and mercury, and this is usually
the case with artificial radioactive substances where the degree
of "concentration" of the radioactivity ,depends upon the
preparation of the substance. We shall return to this in a
subsequent article.

Hevesy's applications of radioactive substances
were not confined to exchange experiments. He
realised also the signifieance of radioactivity

. measurements as a substitute for chemical analyses,
owing to the great ease and sensitivity of the method
as illustrated by our first examples, and he thus
also made use of "untrue" applications of indicators.

Once, whenhe had reason to suspect the cleanliness
of his landlady, he smeared a bit of "dirt" with a
radioactive substance on his dinner plate and
checked daily whether the plate had been properly
washed simply by measuring the radioactivity which
(literally) still clung to it. He was indeed able to
detect radioactivity of the plate for many days.
Whether or not this was to be ascribed to the care-
lessness of the landlady or to the extreme sensitivity
of the method, history fails to relate.

Denomination of the method

Hevesy called a radioactive isotope used for the
experiments described, an indicator, and thus follow-
ing his example one often speaks of the indicator
method. In recent years in English-speaking
Countries the terms "tracer method" and "tracer
atoms" have become more usual: the radioactive
isotopes are used, as it were, for discovering and
following a trace. "Labelled" and "tagged" atoms
are also often spoken of. The terms speak for them-
selves. Finally, to complete the list, we may men-
tion the denoting of these atoms as "spies", as
proposed by Evans 7). This name is meant to
indicate that each atom of a radioactive isotope
can move about unrecognized in a "crowd" of
even similar atoms until at a certain moment it
"betrays" its presence and whereabouts by its
disintegration. The concentration of "spies" in ,
the experiments usually lies between 1 to 1010

and 1 to 1015 normal individuals. Translated into
terms of human society, this would be equivalent
to one spy among a population at least five times
as large as that of the whole earth.

Further examples of the application of tracers

The examples which will be discussed in the follow.-
ing in unrelated order, will give the reader an idea
of the multifarious nature of the applications of
indicators. In order to reduce them to some kind
of systematic order we have sorted out the examples
into three groups according to the character of the
problem. In the first group the problem is only
where something is situated (localisation), in the
second group how much of a substance there is,
remains over or takes part in a process (quanti-
tative problems); in the third group it is particularly
a question of exchange processes. It must be said,
however, that often the boundaries between the
groups cannot be sharply drawn. In localisation
Problems one is obviously always concerned with
"untrue" indicator applications, as is also usually

7) R. D. Evans, Applied Nuclear Physics, J. Appl. Phys
12, 260, 1941. -
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the case in the second group (quantitative problems),
while the last group contains only "true" cases.

Localisation

A very old example is the tracing of samples of
radium that have been lost in hospitals
through carelessness or theft; the places where the
sample might possibly be, for instance the refuse
heap, are gone over with an electron counter. A
more modern case isthe tracing of stoppages in an
oil pipeline. In the periodical cleaning of the
walls of the pipe a screw -shaped scraper is placed
in the line and pushed along by the pressure of the
oil itself. If the scraper gets jammed somewhere,
it has to be located as quickly as possible, in order
to open the line at that point and remove the accu-
mulated, deposit. With the help of a radioactive
indicator' this localisation is astonishingly simple.
A Scraper is used that contains a little radioactive
material emitting y -radiation, which easily pene-
trates through the walls of the pipe and can be
detected with a somewhat modified "electron
counter". One rides along the line with this "coun-
ting" apparatus until the radioactivity betrays

:the position where the scraper has stopped..
There is another similar application in the

petroleum industry, for determining the setting
depth of the cement that is pumped in behind
the casing of an oil well. A radioactive mine-
ral, carnotite, is mixed with the cement and when a
Counting ,instrument is lowered into the drill hole
it indicates a strong radiation at the level of the
cement.

Extremely fine cracks in metal surfaces can
be detected and localised by 'applying a greasy
paste containing a radioactive substance to the
surface of the metal under high pressure. Upon the
surface being cleaned, the radioactive paste is left
in the cracks, and by making an auto -radiogram
of the surface the cracks' can then easily be seen.

Quantitative problems

In order to determine the efficiency of a fog,
smoke or dust filter, it is necessary to measure
the very small quantities of fog -forming or other
substances retained by the filter. As fog -forming
substance tricresyl phosphate containing radio-
active phosphorus is used. When this is passed
successively through several filters, their efficiency
can be judged by comparing the intensity of their
radioactivity.

Radioactive isotopes are sometimes an excellent
means of measuring very  small solubilities or
very low vapour pressures. The vapour pres-

. sure of thorium acetyl acetonate, for example,
has been determined by preparing a sample of the
compound with a strongly radioactive thorium
isotope, saturating a given volume of nitrogen
with the vapour of the compound and passing
the gas through acidified alcohol, in which the
compound is absorbed. The thorium concentration
can then be calculated from the radioactivity of
the liquid and from that the amount. of vapour in
the given volume of nitrogen.

In general it may be said that radioactive iso-
topes render valuable service in microchemistry,
i.e. the chemical investigation of extremely small
quantities of a substance, as for instance in adsorp-
tion phenomena, in very dilute solutions, etc.
Another interesting fact is that radioactivity has .

made possible the investigation of the chemical
properties of the elements "43" and t`85" and of
several "trans-uraniums", elements which could not
be found in nature but from which radioactive
isotopes could be prepared artificially in impon-
derably small quantities. -1'

Important perspectives are opened by the appli-
cation of radioactive indicators in chemical
analysis, so often constituting daily routine
work in technology. One example out of many is
the following: it is desired -to determine the bromine
content in a mixture- of a bromide and a chloride.
A complete separation of the two compounds is' very
difficult and takes up a great deal of time. If,
however, a little radioactive bromine' (in the form
of the compound. in question) is added to the mix-
ture, only a partial separation of the bromine is
sufficient. Due to the homogeneous mixing it is
known that the ratio between the bromine sepa-
rated and the total amount of bromine is equal to
.the ratio between the radioactivity separated out
and the original radioactivity. Since the latter
ratio is easily determined, it is possible to calculate
the desired total content of bromine directly from
the amount of bromine separated out.

An application in biology somewhat resembling
the above is the deterMination of the total
amount of blood in an animal. After a certain
amount of blood has been taken death inevitably
sets in and it is then impossible to draw off the iest
of the blood. If, however, a solution of some sub- '
stance or other containing a known quantity of
radioactive atoms; is injected into the test animal
intravenously and given time to distribute itself
homogeneously throughout 'the whole circulatory
system, a small sample of the blood suffices, for the
total amount of blood can then be calculated from
the percentage of injected radioactive' atoms
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recovered in the sample. (Of course no appreciable
part of the injected substance must have been.
transferred from the blood to other parts of the
body.)

The fact that it is practically unnecessary to
interfere with the normal life of the test animal is of
importance for many investigations, especially those
of a pharmacodynamic nature. We may mention
here an investigation into the rate of a b s or p ti on
of in s ulin e which is injected periodically under the
skin of sufferers from diabetes. It is often desirable
to restrict the number of injections and it is there-
fore favoural;le-if the insuline is retained for a rela-
tively long time near the point of injection, or stored
there as it were, and only slowly taken up in the
circulation. By building a radioactive atom (radio-
active iodine) into the molecule of three kinds of
insuline, viz. "ordinary" insuline, globine insuline
and protamine-zinc-insuline, and measuring from
time to time the decrease of radioactivity at the
point of injection, it has been possible to determine
that the rate of absorption of the three kinds of
insuline in the body decreases in the order given
above.

Exchange processes

Although also in chemistry and technology
numerous processes play a pall where an exchange
of identical particles occurs - we mention only
auto 'diffusion, e.g. the diffusion of lead atoms
in lead - physiology is  the most prominent
field for such exchanges. One of the most striking
examples is the continuous exchange of the build-
ing materials of the body. This has been studied
in detail with phosphorus in the form 'of various
compounds, with the help of radioactive phosphorus,
which lends itself so well for such experiments.
Hey es y has particularly done a great deal in
these investigations. It has been established, that
phosphorus does not remain permanently bound in
any constituent of the body. The exchange takes
place most rapidly between the blood and various
organs: of the phosphate ions present in the blood
at a given moment after two hours, only 2% are
still present, the rest having been exchanged. In
the liver and kidneys, too, there is a rapid renewal,
but also in the bones and even in the brain the
pho-sphorus is in course of time renewed, though
at a much slower rate. The parts of the body that
take least part in the continual exchange are the
teeth: after 250 days only 1% of the phosphorus
in the dental enamel is renewed.

In a certain case it is not so much a matter of
exchange .as one of selective assimilation of sub-

stances by certain constituents of the body, namely
where the exchange leads, as it were, to a credit
balance for that part of the body. A striking exam-
ple is the assimilation of iodine by the thyroid
gland. With the help of a radioactive iodine isotope
it ha's been determined that, out of an extra amount
of iodine administered in the food, after 1 or 2 days
a healthy person has stored up in the thyroid gland
about 3%, whereas a sufferer from goitre stores up
30% or more; see fig. 3. In certain cases of cancer

Fig. 3. The assimilation of iodine in the thyroid gland. Ahing 
the abscissa is the number of days which has elapsed after
the administration of a known extra amount of iodine in food,
along the ordinate the percentage of this amount found in the
thyroid gland as measured by means of radioactive iodine;
a) for healthy persons,
b) with benign goitre,
c) with Basedow's disease,
d) upon defective functioning of the thyroid gland' (myxoe-

dema). (From J. G. Hamilton, Application- of radio-
active tracers to- biology and medicine, J. appl. Phys,
12, 440-460, 1941).

of the thyroid gland the radioactive iodine was found
to be accumulated not in the cancer tissue but in
the healthy tissue. (Thus we again arrive at the
problems referred to under "localisation".) Some-.
what similar phenomena are found in the case of the
assimilation of radioactive strontium in the blood
and in the bones. It has been possible not only
to determine how this process is retarded, for in-
stance, by rockets and then promoted by the admin-
istration of vitamin .1), and how it is even led in the
opposite direction by Basedow's disease, but it
has also been possible to study the finer distribution
of the strontium assimilated: the strontium was
found to accumulate in the hard bone tissue, and
in the case of bone cancer it showed a preference
for the cancer tissue and possible metastases
thereof. Though straying from our subject, it
should be pointed out that this last case may be of
Value to the doctor not only diagnostically but also
therapeutically. Given a sufficiently high concen-
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radiating substance is selectively attracted by the
cancer cells, as strontium by bone cancer,, this may
eventually serve as the basis of a very effective
therapeutic treatment. (On the other hand, for
physiological applications of radioactive isotopes as
indicators it is a general rule that the destructive
effect of the radiation must be avoided by keeping

tration the radiation of a radioactilie kind of atom- the concentrations of the radioactive isotopes
has a destructive effect on the cancer tissue. If the .sufficiently small. We 'shall return to this in the

following article.)
We shall leave it at these examples. They are

sufficient to give the reader an impression of
what can be. achieved with the tracer method in
research work and routine investigation, a method
for which uses are to be found in
numbers and in eve/ wider fields.

ever-increasing
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PENETRATION AND WELDING SPEED IN CONTACT ARC -WELDING

by P. C. van der WILLIGEN.

In a previous article a description was given of what contact arc -welding is, how the
-particular electrodes are made and what can be done by that method of welding. Here
we *ill deal with several important advantages, both in welding technique and economy,
which are obtained with the new type of electrodes. The shape of the penetration differs
from the usual shape in that it is deeper in the middle and shallower at the sides, thus
giving a favourable root penetration and avoiding undercut. Furthermore the welding
speed, i.e. the amount of metal deposited per second; is greater.

Recently a ' new method of welding was de-
scribed 1)2), so-called "contact arc welding",
in which the electrodes can be kept resting on the
workpiece from beginning to end, while the

. coating of the electrode is in continuous electrical
contact with the workpiece. This new method
was the outcome of an investigation carried out
with the object, i.a., of making touch -welding
easier and of .more universal application. With
"contact electrodes" touch -welding can indeed be
carried out easily without fear of the troublesome
'freezing". This is due to the fact that the coating
of the electrodes is made very thick by transferring
a considerable part of the metal from the core wire to
the coating. At the same time this makes the coating
slightly conductive and this conductivity can be
regulated in such a way that the electrode becomes
"s elf- st ar tin g". This does away with the necessity
of striking the arc by tapping and prevents
extinction when welding with alternating current.

The goal which had been set at the beginning
of the investigation was thereby achieved. In
research work, however, it often happens that after
attaining a given goal the'concIusion is also reached
that the solution found involves certain drawbacks
preventing its application. In the development of
contact arc -welding the reverse was true.' In this
case a number of further advantages appeared,
while incidental disadvantages were found to be of
little importance and easy. to avoid. This will be
illustrated by reference to the history of the
electrode Contact 15. The facts, however, hold
qualitatively for all types of contact -electrodes.
Besides the electrode Contact 15, two other types
were developed: Contact 18 and Contact 20, which
were found in practice to be no less important than
the first mentioned type. We shall first give a brief

1) Philips Techn. Rev. 8, 16], 1946.
2) The Welding Journal, 25, 313-5, 1946.

621.791.753.41

resume of some of the characteristics of the three
types of contact electrodes 3).

The different types of contact electrodes

The contact electrodes Contact 15, 18 and 20
were developed from the ordinary electrodes Ph. 55,
48 and 50, respectively, which, as will be known,
differ mainly in the composition of the coating.
The properties and field of application of the differ-
ent types of contact electrodes are thus determined
for a large part by those of the corresponding
ordinary electrodes. In addition, of course, there
are the specific properties connected with the new
method of welding.

Thus, for example, Contact 15 and Ph. 55 have
in common the high impact value 4) and the
insensibility to sulphur in the material to be
welded 5). Contact arc -welding can be carried out
with Contact 15 in all positions. except the vertical,
where the free arc must be used 6).

An electrode, the Contact 18, was therefore
specially developed for vertical -down contact arc -
welding. As basis the electrode Ph. 48 was taken,
because this type is particularly well suited for
vertical -down welding. Contact 18 can also be used
quite well in other positions. Moreover, it gives
unusually good results in under -water welding, the
advantages of contact arc -welding, namely touch -
welding and self-starting, being particularly valuable
because under water the welder can see but very

 little, especially while actually welding, owing to
the water around the arc becoming turbid. Contact
20 is an electrode which was developed exclusively
for down -hand contact arc -welding. It is known

-3) Contact 15 and Contact '18 `have already been discussed
in the article referred to in footnote 1).

1) See Philips Techn. Rev. 6, 97, 194].
5) See Philips Techn. Rev. 7, 91, 1942.
°) The reason for this is explained on page 166 of the article'

referred to in footnote').
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that the welding speed, i.e. the 'amount of metal
deposited per unit of time, of the type Ph. 50,
which as already stated served as basis, is especially
high. Since the higher welding speed, as we shall
see, is characteristic of all types of contact electrodes,
it will be clear that Contact 20 has an exceptionally
high speed, since it was developed from the already
fast type Ph. 50. This, in fact, constitutes the most
important characteristic of the most recent of the
different types of contact electrodes..

Shape of the penetration

A question which' deserves particular attention
in welding is the shape of the penetration. By
this is meant that part of the workpiece that is
fused during the welding. When a bead is welded
on a flat plate the penetration resembles a segment
of a circle, as shown diagrammatically in fig. la
for an ordinary. coated electrode.

In the first test with the heavy contact electrodes,
however, it was already found that the shape of
the penetration differed considerably from the nor-
mal, the penetration being deeper in the middle

a)

47874

Fig. 1. The shape of the penetration: a) in the case of an
ordinary electrode and b) in that of a contact electrode.
The penetration is represented by the heavily shaded parts
of the figure (for the sake of simplicity the bead is not drawn).
It is also shown diagrammatically that the arc is more concen-
trated with contact electrodes than with ordinary ones,
resulting in the difference in the shape of the penetration.

and shallower at the sides, cf. fig. lb. This different
shape of the penetration is characteristic of all
contact electrodes.

The explanation of this particular shape of the
penetration is not difficult to find, considering that
the' arc burns only on the core wire; since in contact
electrodes 'the core wire has only a relatively small
surface, the arc is more concentrated than in the
case of ordinary electrodes, where the core wire
has a relatively large surface (see figs. la and b).
The spraying action of -the welding arc, which is
the result of the forces acting on the molten drop-
lets 7) and which, for example, makes overhead
welding possible, will therefore, in the case of contact
electrodes, also he more concentrated in, the centre.
Moreover, the longer cup of the contact electrode
keeps the droplet better directed, resulting in less
spatter. Furthermore, the great depth of penetration
in the middle is undoubtedly due to the arc
voltages of the thicker contact electrode being
appreciably higher than those of the corresponding
ordinary coated electrodes,- containing the same
amount of metal.

It is a known fact that electrodes having a high
arc voltage give a deep penetration (such as the
"high organic" type in the U.S.A.).

The relatively shallow penetration at the two
sides can now be understood, for here the arc burns
Only more or less laterally.

The peculiar form of the penetration with contact
'electrodes is in very many cases of the greatest
importance; for the following reasons. In the first
place the deep penetration in the middle
makes it possible with V -welds (and of course
with fillet welds made in the flat position) to
apply a first layer directly with a heavy contact
electrode, say with a core diameter of 5 or 6 mm.
It -is unnecessary to deposit a first layer with an
electrode of small diameter. The result is fewer
layers and saving of time, as well as other advan-
tages. (cf. below on the subject of distortion).

It is to be noted that with a certain diameter
of Contact 15 the arc voltage -is closely dependent
on the current used: with high current the arc
voltage is highest. Fig. 2 shows the relation between
arc voltage and current for contact 15-5. (The
number 5 indicates 'the diameter of the core wire
in mm.) As was to be expected, the penetration is
also found to depend very much on the current 8).

7) As stated in the article referred to in footnote 1), in special
cases it is more advantageous to use Contact 15 with
the free arc; this is also true for Contact 18.

8) See J. Sack, Philips Techn. Rev. 4,9,1939 and theWelding
Industry; July 1939.
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1757.1

Fig. 2. Relation between arc voltage and current for Contact
15-5.

When a fillet weld is made in the flat position
with two strips of 12 mm thickness, successively
with different currents, and the depth of the

67660

a)

b) 45°
Fig. 3. a) In these cross -sections of fillet welds made in the
flat position it is clearly seen that the depth of the penetration
depends upon the current: the currents in the cases shown
as 1, 2 and 3 amounted, respectively, to 375, 300 and 440
amp; the unit of the scale corresponds to 1 cm.

b) The strength of the weld is to a large extent determined
by the so-called root penetration, which is defined as the
distance OB. The root penetration is considered positive
in the direction of the arrow. A negative root penetration
means that a channel remains open in the corner under the
bead.

1'7076

penetration, the so-called root penetration (see
text below fig. 3), is measured on the cross -sections,
the result shown graphically in fig. 4 is obtained.
A similar graph could also be drawn for V welds;
the relation between the current and the root pene-
tration would be found to be qualitatively the same.
It is therefore clear that when making, for instance,
an open V weld with backing strip (see fig. 5)
and using Contact 15-6 a high current must be
used for the first layer in order to secure sufficient
penetration to the bottom of the weld.

In the second place, due to the slight pen-
etration at the sides, even when the heaviest
contact electrodes and the highest currents are used,

mm

Fig. 4. The relation between the root -penetration and the
current used with Contact 15-5, found from fig. 3.

no trouble is experienced from undercut, i.e. burning
away of the original material at the edges of the
bead. Undercut is one of the difficulties that had
to be combatted with ordinary electrodes at high
currents; undercut reduces the strength of the
welded joint.

Fig. 6 shows fillet welds made in the flat position
with Ph. 55-7 (No. 59) and with Contact 15-5
(No. 76), both with alternating current, 375 amp.,
30 volts and 375 amp., 42 volts, respectively. The
undercut can clearly be seen in No. 59 (under the
9 for instance). Fig. 7 shows two cross -sections
taken from these welds; with Contact 15-5 (No. 76d)
the root penetration is about 1.5 mm deeper than
with Ph. 55-7 (No. 59b).

To sum up, it may be stated that the shape of
the penetration as found with the heavier contact
electrodes offers important technical advantages
compared with that obtained with ordinary coated
electrodes.

Welding speed

It has already been mentioned that the arc
voltage of contact electrodes, especially those of
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5 mm and heavier, is considerably higher than that of
the corresponding ordinary electrodes. In the course
of the investigation it was also found that the heat
efficiency of the contact electrodes, i.e. the ratio

47461

a)

b)

Fig. 5. a) Diagram of an open V weld. In the case represented
in the photograph (see b), the angle was 45° and the opening,
i.e. the smallest distance between the two plates to be joined,
was 4 mm.

b) Cross-section of an open V weld made in two layers
between two plates 17 mm thick. For the first layer Contact
15-6 was used with 520 Amp. A.C.; for the second layer
Contact 15-6 with 490 Amp. The backing strip is removed
after welding.

178 74

of heat expended in the fusing of the metal to
the total amount of heat supplied, is higher. This
is due to the deep cup enveloping a larger part
of the arc than is the case with ordinary electrodes
used with the free arc. The heat in the arc is thus
used to greater advantage and the radiaton of the
arc into space is diminished. As a result of the two
facts mentioned, the welding speed, i.e. the amount
of metal deposited per second, is considerably
higher with the contact electrodes.

Averaged over a large number of tests it was
found, for example, that Contact 15-5 is about 50%
faster than Ph. 55-7. These diameters of the two
types are particularly suitable for comparison
because they contain equal amounts of iron and

slag -forming substances 9), and because incidentally
the maximum current is the same in both cases,
namely about 375 amp.

Table I gives the average results:

Table I

Electrode

Current in amp.
Arc voltage
Milligrams iron per sec.
Milligr. iron per amp. sec.

Contact
15-5

375
42

1700
4.5

Ph. 55-7

375
30

1150
3.1

In addition to this greater speed of Contact 15
compared with an ordinary coated Ph. 55 of the
same weight, there is also the possibility, already
mentioned in the discussion of the shape of the
penetration, of using a heavier contact 15 in many
cases where a lighter type of an ordinary coated
electrode would be required. This also means
greater welding speed, since with a heavier electrode
more iron is deposited per second. Therefore in
such cases this gain in speed must be added to the
above 50%.

Several further particulars

Distortion

The distortion or warping of a weld may have
unpleasant results in all welded structures and the
avoidance of this demands much care and expert
knowledge. It is therefore of great importance that
in welding with contact electrodes there is little
distortion. This fact is very closely connected with
the high welding speed and the favourable shape
of the penetration of these electrodes. It is known
that distortion increases as the welding speed
decreases and also increases with the number of
layers in the weld. It has already been explained
that in welding with contact electrodes, due to the
special shape of the penetration, fewer layers are
needed than in the case of ordinary electrodes.

Heating of the electrodes

In many cases, and especially with the lighter
electrodes 10), the highest permissible current is

9) At low currents when the arc voltage is not higher than
with Ph 55, a smaller penetration might even be expected
with Contact 15.

10) With heavier types the highest current is determined by
other factors, for instance by the desired uniformity of
the surface of the weld, which becomes less at higher
currents (convex, irregular appearance).
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determined by the fact that when using up the it might, therefore, be expected that the highest
last piece of the electrode the top end becomes red permissible current for contact electrodes would be
hot and this is apt to cause the rod to bend. Since much lower than that for ordinary ones, but

860

Fig. 6. Photographs of fillet welds made in the flat position with Ph 55-7 (No. 59) and with
Contact 15-5 (No. 76). In No. 59 the undercut can be seen under the figure 9, while No.76
shows no faults at all.

the cores of contact electrodes are much thinner actually there is not such a great difference. Thanks
than those of the corresponding ordinary electrodes to the fact that the coating of the contact electrodes

is heavy and conductive, it dissipates the heat
much better than the coating of the ordinary
electrodes, thus compensating for a large part the
effect of the smaller thickness of the core wire of the
contact electrodes. Whereas with ordinary electrodes
it is of only secondary importance whether or not
the coating makes good contact with the holder,
in the case of contact electrodes it is of great
importance that the coating should make good
contact with the holder, because otherwise the upper
end of the core wire would become red hot much
sooner than in the case of an ordinary electrode.
The holder should have a reasonably high heat
capacity and conductivity; the heads of holders

Fig. 7. Cross -sections of the fillet welds of fig. 6. In 76d, specially made for contact electrodes are of copper
which was welded with Contact 15-5, the root penetration and constructed in such a way as to fulfil thisis found to be about 1.5 mm deeper. The unit of the scale
corresponds to 1 cm. requirement.

9 7869
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MASS PRODUCTION OF ELECTRICAL SHAVERS

This photograph shows how the 48 slots are cut
in the head of the "Philishave" dry -shaver. A
series of circular saws are clamped at equal
distances around a rotating shaft and underneath
each saw is a special kind of turntable on which
a shaving head is placed. These tables are carried

on a common slide moved in the direction of the
saws. As soon as the slide has passed underneath
the saws and a slot has been cut in each head,
the slide returns and all the tables automatically
turn exactly over the forty eighth part of a circle,
ready for the next slot to be cut.
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AUTOMATIC CHANGE -OVER TO AN EMERGENCY APPARATUS
IN A COMMUNICATION SYSTEM

by G. HEPP.

In the case of a breakdown it should be possible for components of a communication
system, such as amplifiers and oscillators, to be replaced automatically by analogous
emergency components without interruption in the service. In particular the impulse
generator, from whichthe carrier waves of a carrier telephony system are derived, has to
satisfy very high' requirements as regards safety precautions. Here two methods are
described that have been developed by Philips for automatic changeover to an emergency
component as soon as the amplitude of the output signal falls below a certain value.
One of these methods is employed in a carrier telephony system already described in
this periodical. Where low -frequency amplifiers are concerned, which - in contrast to
oscillators - produce an output signal varying considerably in amplitude, a constant
auxiliary signal is added which has a frequency outside the band of the signal to be ampli-
fied. It is this auxiliary signal which brings about the change -over to the emergency am-
plifier when the intensity becomes too low.

Introduction

In the present stage of electrical communications
technique - whether it is a question of an "ordi-
nary" telephone connection or one with carrier
system, a cable or a radio connection the mes-
sage transmitted passes through numerous elec-
trical apparatus: lines, transformers, amplifiers,
etc., and the development of this technique is
undoubtedly moving in  the direction of greater
complexity of the whole system; witness the car-
rier -wave telephony repeatedly discussed in this
periodical. With this greater complexity there is,
of course, a greater chance of failures due to de-
fects, which are never entirely avoidable. On the
Other hand, and rightly, in communications tech-
nique very high requirements are set as to reliability
requirements which not only call for the utmost care
in manufacture, testing and maintenance, but
which, Moreover, make it necessary to apply
measures for limiting failures, which in spite of
everything are still apt to occur occasionally, to the
shortest possible duration - preferably so short
as to pass unnoticed by the persons who are con-,
netted. It is usually not sufficient to install an alarm
arrangement to warn the operators in case of emer-
gency. Often a certain component will have to be
duplicated and a device installed for automatically
changing over to the emergency part as soon as a

- failure occurs. This change -over must be effected
"with the minimum number of extra parts, because
they too .may be liable to breakdown. Further

 requirements which such an arrangement must
satisfy will be discussed farther on.

Obviously it will depend upon the importance of a
component hoW far these safety measures will be
carried. A typical example of, a component which in
case of a breakdown - if no emergency reserve is
provided - would lead to the simultaneous inter-
ruption of a number of connections is the impulse
generator, recently discussed in this periodical,

621.395.365.3

which furnishes a carrier system with carrier
waves 1). It is essential that there should be an
emergency generator to be automatically switched
on without interruption in case of breakdown, while
of course the operators have to be warned too. Such
an automatic transfer is especially necessary for
apparatus located where there is no operating
personnel, as is the case, for example, with most
repeater stations, which are located at regular
intervals along a telephone link.

We shall now discuss in turn some of the require-
ments which such an arrangement has to satisfy
and examine how this can be achieved. First of all,
however, let us define the term "failure" as signi-
fying a fall in the output voltage to below a cer
tain limit (for instance 80% of the rated value).
For the present we shall consider only those compo-
nents which, like a generator, give an approximately
constant voltage when functioning normally. Later
we shall also discuss components where this is not
the case (for instance low -frequency amplifiers).

First requirement: Metastability

If the output voltage falls below the critical
value the emergency generator must be switched in,
but if that voltage subsequently rises again to above
that level the regular generator must still
remain out of service until the defect has been
repaired and it has been restored to action by the
operating personnel. If this requirement were not
fulfilled then every time a bad contact is made or
a contact broken there would be a -change -over from.
one generator to the other, which would cause a
troublesome. clicking in the telephones. The possi-
bility of such an unnecessary change -over taking
place is not confined to the case of a loose contact,
for it can well be imagined that due to ageing of the
valves the ouRmt voltage may fall to round about
1) The Excitation of the Carrier Waves in an Installation

for Carrier Telephony, Philips Techn. Rev. 8, 141, 1946.
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0 for .the relay. These circuits differ in the fact that
in the one case the combination of the two
generators is mestastable, and in the other each
separate generator is metastable. By way of
example the two circuits will be discussed as applied
to simple oscillators.

4,7735

Fig. 1. Automatic change -over and alarm by means of a relay
Rel/3, see footnote 3). After pressing the starting key S
the coil of the relay is excited by the rectified voltage from the
generator I. This causes the three relay contacts to change
from the position indicated to the opposite one, so that 

1) the load 0 is connected with generator I,
2) the key S is shunted, so that after S is released the relay

coil continues to be excited,
3) the alarm arrangement is switched off.

When generator I fails, the relay opens and the contacts
return to the positions drawn in the figure, so that
- 1) the load 0 is connected with the emergency generator II,

2) the key is no longer shunted.
3) the alarm comes into action.

If generator I recovers, the conditions last mentioned  are'
maintained (metastability) until the key S is pressed down
again.

the critical value and owing to fluctuations in the
mains voltage sometimes be above and some-
times below it.

A circuit which satisfies the requirement first
formulated is said to be metastable. Fig. 1 is
an example of how this can be realized with the
help of a relay 2); its functioning is explained in
the text below the illustration.

Further requirements

A second requirement is that the transfer appa-
ratus must not use too much energy from the
generator. The excitation of a reliable relay requires
more power than can be spared for that purpose by
most generators, and especially by those used for
carrier telephony. An amplifier valve might be
used in front of the relay, but this is apt to conflict
with the requirement, mentioned at the beginning,
that there should be the minimum number of
paits subject to. breakdown themselves.

To avoid these difficulties two circuits were de-
signed in which one or more of the valves of the
generator also fulfils the function of D.C. amplifier

2) In the diagrams of this article where relay coils are denoted,
for instance, by Re 2/4, the first number is the number
of the relay in question and the second the number
of cont acts it has. Each relay contact is indicated by Re
followed by the number of the relay to which the contact
belongs. According to custom the contacts are drawn in
the position occupied when the coil carries no current.

Circuit in which the combination is metastable

Fig. 2 shows a circuit in which one oscillator
furnishes a voltage which, when rectified, blocks
the other 3). Only one of the, two oscillators can
function at one time; and if that one fails, the other
comes automatically into action without the use
of a relay. An alarm relay will of course be used
(not drawn in fig. 2).

I II
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Fig. 2. Circuit in which one oscillator (I) excites in an extracoil
of the transformer Tr I a voltage which, being rectified,
blocks the oscillator II and inversely. With this arrangement
no relays are needed to transfer the load 0. Relays for alarm
signals are omitted for the sake of simplicity. At B anode
voltage is connected.

The circuit of fig. 2 still has the drawback that in the
event of the anode being short-circuited with earth or one
of the other electrodes neither of the two oscillators can
work. This objection can be met by replacing the output
transformer by two somewhat more complicated transformers,
as indicated in fig. 3 (TrA and TrB). If we assume that
oscillator I is in action, its anode current flows through the
two coils 1 of TrA and TrB, respectively, and induces voltages
in all the other coils. These are so connected that the voltages in

coils 2 cancel each other, so that in the anode circuit of II
no, voltage is induced (a possible short-circuiting of anode II
to earth does not then affect the energy furnished by I);

the voltages in coils 3 act together so that there is a result ant
voltage which blocks II;

the voltages in coils 4 cancel each other, so that I does not
block itself.

Owing to the symmetry of the circuit the same applies,
mutatis mutandis, when II and not I is the oscillator in
function.

3) U.S. Patent 2.319.320. This circuit is related to the circuit
known as "Kallirotron", in which, hOwever, the D.C. vol-
tage that blocks one valve is taken directly from the
other without the intermediate stage of a rectified A.C.
voltage; the object in this was to produce a negative
resistance.
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Fig. 3. Extension of the circuit of fig. 2 to include two push-pull
output transformers (Tr A and Tr B), so that when an anode
is short-circuited to earth one of the oscillators continues
to function. The load must be divided equally between the two
coils 5 -(OA, OB).

The two coils 5 are the output coils, each of which feeds
half of the load. The condition for good functioning is that
these loads shall be equal, since otherwise the balance is upset.

Circuit in which each of the oscillators is metastable

Fig. 4 shows a circuit 4) in which initially each
of the oscillators is kept blocked by the negative
grid voltage from a" battery C. This blocking vol-
tage can, however, be neutralized by an equal but
oppositely directed voltage E. The voltage E for
each of the oscillators is obtained by rectification of
an A.C. voltage induced° in an auxiliary winding on
their output transformer (TrI and TrII, respec-
tively). Once it is brought into action, therefore,
the oscillator continues to generate, but it cannot
begin of itself, so that the requirement of metasta-
bility is met: In order to start, the key Si or SH is
pressed down, temporarily cutting out the negative
grid voltage, so that the valve begins to generate,
and when the voltage E has been reached the key
can be released without any change occurring.
Normally 'b oth the oscillators function, but only
the voltage generated by one of them is used.

In the anode circuits there are the relays Re1I2

4) U.S. Patent 2. 330. 582.

and Re2/1, each of which operates an alarm con-
tact, while the former also operates the switching -

over of the load 0. The relay coils are excited by
the anode direct current. The energy. taken from
the output transformer to set up the voltage E is
naturally much less than the energy necessary to
excite the relay.

The relay Re2I1 can be omitted if necessary, but
its retention has the advantage that a warning is
also given when there is a failure in the emergency
oscillator II while it is in a state of oscillation
but not in action, thus considerably enhancing
the reliability of the emergency unit. In the circuit
of fig. 2 such a possibility is entirely absent. In
cases where absolute dependability is essential,
therefore, the circuit of fig. 4' will be preferred to
that of fig. 2 (and the use of relays will have to be'
accepted). If the requirements are less strict the
simpler method of fig. 2 will receive first consider-
ation.

Temporary interruption of metastability; automatic
starting

It may happen that both oscillators fail simul-
taneously due, for instance, to a short interruption
of one of the feeding voltages - or that they fail
one shortly after the other, without any serious
defect in either. The service would then be com-
pletely at a standstill. In such an event metastability
plays us 'false and it is therefore necessary to try

47738

Fig. 4. Circuit in which each of the identical oscillators / and II
excites its own grid voltage E equal to the fixed' negative
grid bias C but of opposite polarity: Consequently each of
the oscillators is metastable, i.e. they cannot be brought
into action without pressing the starting keys S1 or S11.
The relays Re 1/2 and Re 2/1 switch over the load 0 or
respectively bring an alarth into action. +B = positive pole
of the anode battery, Tr I, Tr II = output transformers,
Al = alarm arrangement.
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to neutralize it when one of the oscillators ,fails.
This can be done in the manner indicated in

fig. 5a, namely by shunting the starting key SI
by a break -contact of Re 2/1 (and conversely by
shunting SH by a break -contact of. Re 112):
After a tempoiary disturbance oscillator I can
then resume action without outside help.

A slight addition, however, is still desirable. If,
while oscillator I is in action, "chattering" occurs in
././,* the relay contact Re 2 in parallel with. S1
would continually open and close. This would be
harmless if the voltages C and E were exactly
equal, but this is only approximately so (due in
part to the fact that E decreases as the valves
age). The adjustment ofthe valve I therefore chan-
ges somewhat as the relay contact opens or closes,
resulting in undesired fluctuations in the oscillator
voltage.

This can be avoided by connecting in series with
the above -mentioned relay contact another break-

contact of relay Re 1/2 (fig. 5b). This is open as
long as oscillator I is in action, so that the opening
or closing of the contact Re 2 in series with it has no
effect. Conversely, the other starting key is shunted
by two break -contacts in series, one of relay Re 1/2

cl+B

r

SynchA
0

Sv
Ref

Re2.
a

SI

Re1 Re2 k 177.10

Fig. 5. a) The starting key Si of oscillator I being shunted
by a break -contact Re 2, oscillator I (when oscillator II
has failed), can of itself come into action again after a moment-
ary failure. Conversely Sir is also shunted by a break -contact
Re 1.

b) When oscillator I is functioning normally, a faulty contact
in oscillator II would cause relay contact Re 2 to open and
close (fig. 5a), which might have undesirable consequences.
In order to avoid this, a break -contact Re 1 is connected
in series with Re 2. Sir is also shunted by a connection in
series of two break -contacts Re 1 and Re 2.

and one of relay Re 2/1. The two pairs of contacts are
closed when both oscillators are out of action;
these are thus given the opportunity of beginning
to oscillate anew (as far as they are in a condition
to do so), without it being necessary to press the
starting key. This is what is called automatic
starting:

Practical example

In a carrier -wave system designed by Philips
automatic change -over of the impulse generators

L.

o

C

I

OR

1

i

14
J

If
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Fig. 6. More detailed diagram, on the principle of fig. 4, of the impulse generator for a
telephony system with carrier waves.
F = filter tuned to the fundamental frequency (4Kc/Sec), Synchr. = connection. for
the synchronizing voltage, OR = signal volume control, Sv = Safety fuse, Re 1-2 =
relay contact connecting the load either with generator I or with generator II. It is indic-
ated in this way because the relays Rel./2 and Re2/1 of fig. 4 can be exchanged at will
by a switching arrangement (not shown). In this way one is free in the choice of which
generator will be considered the regular one. This change -over is done by means of the
control key of fig. 7. K0, K1, K2 -= plug connections to make the installation independant
of the contact Re 1-2, If this checking has to take, place during the operating of Osc. I
the plug is taken from K2 and placed in the position K1'. Subsequently the plug K in the
position K0 is brought into the position K0 and finally the conection between Re 1-2
and the Osc. I is broken by removing the plug from K1 and spring it temporarily in the
position K2.
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is employed on the principle of fig. 4. The circuit
used is given in somewhat more detail 5) in fig. 6.
The grid voltages C and E referred to in the fore-
going may be distinguished, and also the starting
key S1 shunted by two relay contacts according to
fig. 5b. The filter (F), however, is new; the voltage E
with which the generator unblocks itself should
only come through when the desired signal is pro-
duced and not, for example, a "hum" or some chance
oscillation. To this end a filter or circuit (F), tuned
to the fundamental frequency of the A.C. voltage
to be provided (here 4 kc/sec), is placed in front of
the rectifier cell which furnishes the voltage E.

Fig. 7 shows the key panel. The function of some
of the keys is explained in the text below the figure.

Automatic change -over of audio -frequency amplifiers

The methods of automatic change -over des-
cribed, both those of fig. 2 and those of fig. 4, are
based on the rectification of an A.C. voltage pro-
portional to the signal emitted and the use of this
rectified voltage either to block the other oscillator
(fig. 2) or to deblock its own oscillator (fig. 4).
This works satisfactorily as long as it is applied
to an apparatus that gives a reasonably constant

In the case, however, of an amplifier for
speech or music, for instance, the output voltage is

Fig. 7. Key panel for carrier wave feeding with automatic
transfer according to fig. 6. The central key is used to deter-
mine which generator will be the regular one and which the
emergency. The key at the extreme right is the starting key
(Si or S11, according to the position of the central key).
The key second from the right, in the position "M.V. Repair"
during repair of the emergency generator, also switches off
the alarm of the latter.

This diagram is at the same time an elaboration of figs. 2
and 5 of Philips Techn. Rev. 8, 140 and 143, 1946.

4774

Fig. 8. When the principle of fig. 4 is applied to low -frequency
amplifiers the blocking voltage E has to be limited (upward)
to maintain the correct operating conditions of the amplifier
valve. This limitation can be achieved by employing a battery
with voltage E' in series with a rectifier cell v which passes
current when E becomes higher than E'.

most variable and at intervals even zero. If either
of the methods described were applied to such an
amplifier, then the intervals and even the soft
passages would cause the transfer mechanism to act
as if there were a defect, thus leading quite un-
necessarily to repeated change -over.

This can be avoided in the following way. In
addition to the low -frequency signal to be amplified,
a constant auxiliary signal of a frequency lying
outside (usually higher than) the band to be ampli-
fied is laid on to the input of the amplifier. This
auxiliary signal is always present and gives at the

for the amplifier valve or valves. A filter F as in
fig. 6, tuned to the frequency of the auxiliary signal,
is of course indispensable.

If this is applied in a circuit like that of
fig. 4, it is necessary to introduce a limitation of
the voltage E, because in contrast to the case with
the impulse generator with low -frequency ampli-
fiers only a small part of the valve characteristic
is used, so that the operating conditions must
remain constant within narrow limits.

If for some reason or other the voltage E should
become too high, the valve will function in a region
with a larger mutual conductance and the output
signal will also become greater, which causes E to
increase again, and so on. In order to prevent this
one can connect in parallel with the resistance and
condenser on which the voltage E acts (fig. 8) a
battery of the desired voltage E, in series with a
rectifier cell v which passes current when E becomes
higher than E'.

By this means E is limited to the value E'.
If, due to a defect, E falls below the value E', the
cell v keeps the battery switched off as it were, so
that E can drop unhindered and finally the ampli-
fier in question is cut out. Under normal conditions,
however, E is practically equal to E', so that the
operating conditions of the amplifier valve are con-
fined within narrow limits.
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NON-FERROUS COPPER WIRE FOR MOVING -COIL METERS

by P. G. MOEREL and A. RADEMAKERS. 621.317.715.004.64:538.22

The material of Which the rotating system, of moving -coil meters is made may contain
particles of iron. The ferromagnetism of the latter, in combination with the express or
accidental itihomogeniety of the magnetic field, causes certain defects in the measuring
instrument, such as a non -reproducible ierO point or; in the case of coulometers too large,
a residual couple. Measures are discussed particularly for keeping the copper wire used
for the*moving coil as free of iron as possible, and some results thereby obtained are
mentioned.

Moving -coil meter without directional couple

As far back as the beginning of this century it
was known that a magnetic flux or a quantity of
eleciricity (Jidt) can be measured with the help of a
moving -coil meter provided it satisfies certain re-
quirements. Such an instrunient is the fluxm et er
of Grasiot 1).

The main requirement to be satisfied, contrary to
what is 4 demanded of 'an ordinary moving -coil
meter, is an extremely small directional couple.

This follows from the equation 'of motion of the moving
system:

2pJ dt
d

a DT= Aid2 t

where T represents the niass moment of inertia with respect
to the axis of rotation, rp the angle of,rotation, t the, time,
a the damping constant, D the directional couple at p L 1,
A a proportionality factor and i the current in the rotating
coil. This equation expresses the fact that the external couple
(Ai) is at equilibrium with the resultant of the couple of
the mass force, the damping couple and the directional'
couple.

If the instrument possesses 'a sufficiently small inertia and .

directional couple, such that the first and third terms of the
left-hand member of (1) are negligible compared with the

' second term, there remains:

Or integrated:

'/

(1)

a
d
dtrp

= Ai (2)

TA .1
i

A
Pt -To r= dt = -Q (3)a

to

The difference between. the readings at the moments t1
and to is thus a measure of the charge Q which has flowed in
that interyal of time.

In the complete absence of directional couple and inertia
the coil only moves while current is flowing through, but has
no definite zero Position. If the moments to and t1 of (3)
are chosen before the beginning and after the ending of the
passage of current (which will naturally be the case when
dealing with a current impulse), To and' rpi. are read when
the pointer is stationary. This is one of the advantages of

1) E. Grasso t, Fluxmetre, J. Phys. 3, 696, 1904.

this method compared with the ballistic method, where
the largest deviation has to be read.

The current i in the right-hand member, of (2) may be an
impulse generated by the change in flux in a coil to which
the instrument is connected. Then

1 dpii=

nirt
(R = total resistance of the circuit, n = number of windings
9f the coil, each of which envelops the flux 0), so that the
solution of (2) becomes

- n
'Pt - To = -a-- R- (01- Oo) (4)

If the change in flux is obtained, for instance, by 'sliding the
coil off a magnet under examination, then i0 is the flux
to be determined and c1 is practically zero, so that here
again the change in reading is a measure of the quantity
desired.

4(,

The directional couple is kept small in the first
place by 'entirely omitting the spiral springs which
cause this couple in ordinary moying-coil meters,
and further by leaving the connection wires 'to the
moving -coil limp and balancing the moving system
as truly as possible. It has; however, long been
known that often a' small directional couple still
remains 2), as a result of which the pointer does not
become stationary after the conclusion of. the cur-
rent impulse. This "parasitic" directional couple is
to be ascribed to a combination of two causes, viz.
the presence of ferro-magnetic impurities 3)
in the materials of which the moving, coil is made, in
combination with the fact that the magnetic field
in which .the coil moves is not entirely homogeneous
(although that is usually desired). If the coil con-
tains particles of iron large enough to . exhibit
ferromagnetism 4), those particles are attracted
2) H. Busch, Das Kriecbgalvanometer, Zt.f. techn. Physik,

7, 369, 1926.
2) See for example F. W. Constant, Ferromagnetic Im-

purities in Metals, Rev. Mod. Phys. 17, 81, 1945, where
further references to literature are also given.

4) 'As is known, ferromagnetism is based upon a reciprocal
action between iron atoms (or nickel or cobalt atoms).
It does not occur in the case of iron 'atoms in solution
among other atoms, at relatively large distancisfrom each
other.
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to the spots where the field strength is greatest, so
that a couple acts on the rotating system and conse-
quently when it is carrying no current it still shows
a certain preference for a definite pOsition. '

Parasitic'directional couple caused by ferro-magnetic
impurities

This is illustrated by fig. 1. Even when the iron
core between the pole pieces is perfectly centred
the field in the air gap is not absolutely homoge-

47845
Fig. 1. Not entirely homogeneous field distribution between
the iron core K and the pole piece N -S of a moving -coil meter.

neous, because of the spreading of the lines of force
at the edges of the pole pieces; it is strongest on the
N -S axis. A ferromagnetic particle of iron at point
0 becomes a (practically) radially directed magnetic
dipole and will experience a force which tends to
move it towards the position of greatest field
strength, thus in the direction of the y axis indicated
in fig. 1. This force leads to a couple which is found

. to be proportional (see below) to the imhomoge7
niety of the field, which isexpressed by .31-1,149.
Added together over all the ferromagnetic particles

dyne

0,15
of iron situated in the magnetic field, whose com-
bined mass we shall call G, this leads to a couple

aHr
KFe =CG 

a
(5) 0,10

99

acting on the rotating system, where C is a constant.
0,05

For the component in the Y direction of the force F which
a magnetic field H (with' components Hx, H,, HO exerts
on a dipole with the magnetic moment M, the following
applies:

oHy oHy  a
Fy = Mx

In the case in question where the dipole is (practically)
radially directed, M = M. and 111.) = = 0, thus,

Fy = ill as .

The components Px and F. in the first. instance have no

VOL. 8, No. 10

effect on the deflection of the, measuring instrument and
therefore are not considered here. .

In the absence of electric current rot H = 0; in another
form this is 'expressed by three equations, one of which is
as follows:

OHy

bz ay '
so that the following may be .written for 17-34

Fy = -67;

thus on the moving coil of diameter d a couple k acts of the
following magnitude:

k= M oHx
ap

= (6)
2 b)

when tp is the angle indicated in fig. 1.
In order to arrive at the total couple KB, exerted on the

moving system due to the presence of particles of iron, (6)
must be totalled up for all the particles concerned. Assuming
that, roughly speaking, all these particles are situated in an
equally strong field, with the same inhomogeniety, and that
they are similar in shape, the total couple is found to be
proportional to their combined mass G. If the other factors
are included in a single constant C, the following is indeed
obtained:

KFe =C'
OH,
699

(5)

The effect in qu6stion is thus dependent on two
factors which one can try, to influence; the amount
of iron impurities in the coil and the inhomoge-
niety of the field (G and aHriaTi];. (5)).

Fig. 2a shows diagrammatically the various
couples which acted in a given case on the moving
system of a (currentless) millicoulomb meter:
KFe the couple due to the presence of iron in the
not particularly pure coil, KB ' the maximum

cm

v N v

b 47646

Fig. 2. Couples which act on the moving system of a currentless
millicoulomb meter, a) for a moving system contaminated
with iron. b) for one practically free of iron. KFe = iron
couple, KB maximum balancing collide, KT = torsion couple,
Lest = resultant of KB), KB and KT. (It is assumed that
these three couples act in the same direction, i.e. in the most
unfavourable case).

a
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couple which remains due to unavoidable imper-
fections in the balancing, KT the torsion couple of
the current supply wires. Together they form the
residual couple Kmin which, if it is larger than the
frictional couple, makes the system* move. Fig.2b
shows these couples for the same instrument with.
materials which have carefully been kept free of
iron. It may be seen that the residual couple of 
max. 0.15 has been reduced 'to about max. 0.045
dyne cm.

Moving -coil meters with directional couple

Disturbed linear scale in galvanometers
The parasitic directional couple may be disturbing

not only in the above -mentioned flux -meters and
' coulo-meters, but also in instruments with in t ended'
directional couple: it 'disturbs the linearity of the
scale, ,owing to. the total directional couple no
longer being truly proportional to the deflection
of the instrument. This phenomenon, it is true, is
not noticeable in the usual. sort of technical
moving coil meters where the directional couple
of the spiral springs is appreciably larger than the
parasitic- couple - even when no special attention
is paid to the purity of the materials used for the
coil; in the case of sensitive moving-coil.g alv a n o -

m et er s, however, with their so much weaker direc-
tional couple (torsion wire), deviations from line-
arity may occur, and it is just with these instru-
ments that' great value is often attached to a
linear scale.

Varying zero position in meters with ,a logarithmicscale 
There is still another unpleasant phenomenim

which must also be ascribed to iron particles in the
coil, namely a changing' zero position.,By this
is meant the failure of the pointer of a measuring
instrument 'to return exactly to zero, although
it has previously been set accurately at zero; the
difference from the true zero depends upon the
magnitude ,of the deflection that the instrument
has just recorded. If upon rotation of the coil not
only the magnitude but also the direction of the
field with respect to the coil changes, upon return
to the neighbourhood of the zero position the, ferro-
magnetic impurities will exhibit a remanent
magnetization the direction of which depends upon
the magnitude of the deflection. A directional couple
thus remains which causes the so-called non -
reproducible zero point. It is obvious that this
phenomenon will also be stronger according as the
field is less homogeneous.

Although, as a rule, a linear scale is desired ,in

moving -coil meters, for special applications instru-
ments are required with a non-linear scale, and in
particular a logarithmic one, for instance
meters calibrated in decibels, as used for acoustic
investigations and in communication technology 5);
further, also photographic exposure meters (with
a photocell). In these cases the sensitivity of the
meter should decrease as the' deflection of the meter
increases. This can be obtained by giving the mag-
netic circuit such dimensions that,the field in which
the coil moves changes according to a logarithmic
laW. In this case, therefore, the field is very inhomo-
geneous, resulting in a great variation of the zero
point when the moving system contains ferromag-
netic particles.

Relative determination of the iron content '

From the above it follows_ that in the construction
of the special kinds of moving -coil meters mentioned
care must be taken that the materials of which the -
moving system is made are free of iron. This
applies to the aluminium frame on which the coil is
wound, and even foi the small weights which
balance it ( fig. 3), although the latter are outside

".!
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Fig. 3. Moving -coil meter. The permanent magnet M magnet-
izes the pole pieces N -S between which the moving coil 1)
can rotate about the core K. The pointer W is attached to
the coil. The movable counterweights G serve for balancing
the moving system.

the air gap and thus situated in only a weak mag-
netic field. But the most important part, of course,
is the copper wire used for the coil, which will
be the main subject of our discourse in the following.

In order to be able to manufacture the necessary
non-ferrous material, 'we first sought a simple
method of quickly testing different samples for iron
content. The choice fell upon a determination of the

5) For the reasons why a logarithmic scale is used here by
preference, see Philips Techn. Rev. 2, 50, 1937. ,
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remanence after magnetization in a field strong
enough to reach saturation. Taken per unit weight
of the material examined, the result is a measure of
the magnetic behaviour of the substance. The re-
manent magnetic moment Mr is determined in a

N

S

a

-
N

S

S

N

4 7 :i7f I 8

Fig. 4. Determination of the remanent magnetic moment of
a copper specimen containing iron, for instance a small rod
suspended on a torsion wire between the N -S poles of an
electromagnet.

. a) With a strong field the iron particles are magnetized.
b) After switching off the field the rod is turned 90°.
c) The electromagnet is weakly excited, causing a deflection

of the rod.
d) After commutation the rod shoWs the opposite deflection.

The angle through which it turns upon transition from c) to d)
is measured with mirror and scale.

manner as illustrated in fig. 4 and further explained
in the text below the illustration..

From the angle a through which a test rod of the
material under examination rotates upon commu-
tation of the field, thus upon transition from the
state of fig. 4c to that of fig. 4d, and from the pre-
vailing field strength H, it follows for the remanent
magnetic moment Mr that:

ar
Mr= 2H

where a is the torsion constant of the suspension
wire.- 

If Gcu is the mass of the sample of copper, then
m = Mr/GCu gives the above-mentioned measure
of the ferromagnetic behaViour.

Measurements were first carried out with the
apparatus of fig. 4 on technical electrolytical copper
wire. The values found were very divergent, due for
a large part to contaminations on the surface, as
was very soon found. After removing a thin layer
by etching in nitric acid the results lay between.
2 X 10-5 and 4 x 10' Gauss cm3/gram and showed
no' change upon further etching (until the diameter
of the wire had been reduced by one .half). From
this it may be concluded that the remaining iron
particles are distributed homogeneously in  the
copper.
' In the meantime it had been found that for the

construction of meters with no directional couple
the iron content 9f etched technical copper was a
factor 10 to 20 too high. Consequently copper
with a value of m not higher than about 10-6 was 
,necessary.

Manufacture of non-ferrous copper wire

A suitable material for this purpose was found
in so-called OFHC copper ("Oxygen -Free, High -
'Conductivity"), which was available as wire .1 mm
thick, and after etching off a layer 10 p, thick, 'this
had a homogeneously distributed iron content
corresponding to m = 1.5 x 10-7. In this state of
purity the material is diamagnetic, in contrast to
technical copper. The measurement of the rema-
nence, however, is still of value, because the dia-
magnetism shows no hysteresis.

This material thus reasonably satisfied the re-
quirement as to purity, but it still had to be drawn

. out to a thickness of 25 p. needed for the construction
of a certain meter.  When this was done in the
ordinary way, the iron content sometimes rose to
m = 10'. It therefore proved necessary to draw
the wire in a specially equipped wire drawing
machine from which iron in every form had been
eliminated as far as possible, which means, among
other things, that:

the dies (diamonds) must be kept reserved
exclusiVely for the drawing of non-ferrous copper
wire; instead of steel only bronze tongs, forceps,
etc. must be used;

no tap water, but only ,distilled water, must be
used in the etching baths and for rinsing;

the atmosphere must be kept free of dust;
the ,wire must not be touched, not even with

clean hands.
The importance of such measures will be evident

from the following example.
;In the above -mentioned apparatus a piece of

copper gave a deflection of 12.5 cm. It was removed ,
with steel forceps, rubbed slightly along the forceps
and, again hung in the apparatus. The deflection
was then 19 cm. This corresponds to an increase in
the magnetic moment of 3 x 10-7, i.e. twice as
much as 1 gram of the purest material contains!
The fact that the iron content is indeed very small
also follows from its determination by a chemical
method, which leads to results of the order of 10-2%
for technical 'and 10-4% for "non-ferrous" copper.

Practical results

The use of non-ferrous copper wire opens the possi-
bility of considerably improving the quality of
various kinds of moving -coil meters. Thus it is
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possible in the case of meters with a non-linear
scale to reduce the. zero -point error, which may
otherwise amount to one scale division, to an in-
appreciable value. Fig. 2 already showed the im-
provement in the residual couple of a millicoulomb
meter. Before the use of non-ferrous material this
couple caused the system to continue° to move

after with a velocity of about '1/20 scale division
per second after the passage of current has ceased.
When changing over to non-ferrous material,
among other measures, this velocity was brought
doWn to a maximum of 1/60 to 1/100 scale division
per second in only a small part of the scale, while
in the rest of the scale it was reduced to zero.

Issue No. -5 (of volume 1) of Philips Research Reports contains the
following papers:

R22: A. A. P a dmo s: Checking the thermal expansion of glasses and .

metals by stress -optical tests.
R23: J. L. H. Jonker: The control of the current distribution in elec-

tron tubes:
R24 : W. Elenbaas: Similarity of high-pressure discharges of the con-

vection stabilized type.
R25: M. Gevers: The relation between; the power factor and the tem-

perature coefficient of the dielectric constant of solid dielectrics IV.
R26: A. van der Ziel: Theory of grounded grid amplifier.

Readers interested in one of the above mentioned articles apply to the
Administration of the Philips Physical Laboratory, Kastanjelaan, Eind-
hoven, Holland, where a limited number of copies are available fOr
tribution. For a subscription to Philips ' Research Reports application
_should be made to. the publishers of Philips Technical Review".
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ABSTRACTS OF RECENT SCIENTIFIC' PUBLICATIONS OF THE
N.V. PHILIPS' GLOEILAMPENFABRIEKEN

Reprints of the majority of these papers can be obtained on application to the
Administration of the Research Laboratory, Kastanjtlaan, Eindhoven, Netherlands; Those
papers of which no reprints are available in sufficient number, are marked w;th an asterisk.

1693: J. M. Stevels: Chemische binding en reac-
tiviteit van eenvoudige brganische verbin-
dingen (Chem. Weekblad 42, 150-154, 1946)
(Chemical bond and reactivity of simple
organic compounds).

From experimental data the author shows that,
at least for halogenated methane derivatives, the
following properties of a C -X bond go together:
stronger binding, larger dissociation energy, larger
activation energy and collision number in the reac-
tion with Na in the gas phase, smaller binding
refraction, greater force constant of the C -X vibra-
tion. Extending to unsaturated compounds one

' may add stronger double bond character, smaller
. atomic distance.

1694: Balth. van der Pol. Merkwaardige eigen-
schappenvan geheele getallen (Natuurkun-
dige Voordrachten, Diligentia,.bana 23, den

,Haag, van Stockum, 1946).
(Remarkable properties of whole numbers).
This lecture treats some remarkable properties

of whole numbers: prime numbers, Goldb a ch's
conjecture, complex prime numbers, perfect num-
bers the number of prime numbers in a given inter-
val, Skewes' number.

1695: P. J. Bouma. Colour 'equations (Physica
12, 189-194, 1946):

Two types of equation occur in colorimetry: alge-

braic equations and colour equations. The diffe-
rence between these two kinds of equations is
explained, and a special symbol (- - - - -) is intro-
duced in order to avoid the danger of confusion
between the two types. This danger is illustrated
by a worked example where the same problem is
solved without and with the use of colour equations.

1696: J. F. H. Custers and J. C. Riemersma.
The texture of straight -rolled and of cross -

rolled molybdenum (Physica 12, 195-208,
1946).

With the aid of pole figures the textures of
straight -rolled and of cross -rolled Molybdenum
are determined. The pole figures thus obtained
show, that earlier authors described these textures
in too simple a way; they are at least twofold.

For example, after cross -rolling, there is found
besides the so-called, (100) (110) texture (where the
(100) plane is parallel to the rolling plane, and
the (110) direction is parAel to the rolling direc-
tion) a second texture, which is rotary symmetrical
around the normal to the rolling plane, and which
has a (111) plane parallel to this plane.

The texture of straight -rolled molybdenum turns
out to be in good agreement with the texture of
straight -rolled iron, as determined by Krudjumow
and Sachs; the texture of cross -rolled iron is not
known.' 
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X-RAY FLUOROSCOPY WITH ENLARGED IMAGE

by G. C. E. BURGER, B. COMBEE and J. H. yan der TUUK.
,

The Intrinsic blurring of a fluoroscope screen (for instance about 1 mm) interferes with- .

the observation of small details showing little contrast. By placing the object at a distance
from the screen ,and close to the focus an enlarged image is obtained in which the
(constant) screen blurring has relatively less effect. In order to prevent the geometrical,
blurring, which increases" rapidly upon enlargement, from spoiling the desired effect,
X-ray tubes with a very small focus must be used for enlarged fluoroscopy. Upon,
enlargement all the contrasts in the image also increase considerably, due to the fact
that with a large distance between object and screen practically no secondary, scattered
radiation falls on the screen. By the improvement in, definition and Contrast certain groups
of otherwise invisible details become' perceptible, while at the same time the enlarged
images can be studied more quickly and with less fatigue. In certain cases the enlargement
is accompanied by a significant loss in (primary)' screen brightness. The detriMental
effect of this on the perceptibility of details is analysed. In medical diagnostics the en-
largement makes it necessary,to limit the time a patient is kept uri`der observation. Phan-
tom tests and a small series of examinations of lung patients have led to the conclusion
that enlargement may well constitute an appreciable advance in diagnostics. The technique
to be followed in this case has to be further worked out. In a separate section a descrip-
tion is given of the Philips X.:ray tubek which were specially developed for the experiments
in question. They work With electrostatic focusing and provide a choice of two foci, one
normal fi:;cus of 2.0 or 1.2 mm width and a fine focus of 0.3 mm width. .

Blurring of the image in fluoroscopy

The shadow -picture obtained in X-ray screening
of any object is always affected by 'a certain bluiring,
which may be ascribed two to  causes. In the-.
first place the -focus of the X-ray froth which the
projecting Jays are emitted is not a point. The
finite width ,of the focus causes a "geometrical
blurring" Og (half shadow width), which according. .to fig. 1 is given by" "

= 'b
Og f,

a
(1)'

where a and b are respectively the distance between
-"Object and focus and that between object and screen.
In the second place the mechanism of the excitation
of. the light on the fluorescent screen causes a
blurring of the image. Every fluoroscope screen has
for this reason an intrinsic bhirring, the "screen
blurring", Os,- which for a normally -good screen
may amount, for example, to 0.6 to 1.0 mm. The
geometrical blurring is usually smaller. For instance
in the case of normal lung screening a 50 cm,

,

621.386.8:
616-073.755:
620.179.152

b 20 cm, and foci of for instance 1.2 mm width
are used; for such a case '0g ^s 0.5 mm.

In the' testing of materials as well as in Medical '-
diagnostics the object in fluoroscopy is to be able
to' observe., very small objects, often 'with little-

,
contrast (minute holes or cracks,. errors.in assembly
of the piece of work; disease nuclei in the Flings,

461/2

Fig. 1. Due to the finite Width of the focus "(F) the X-ray
shadow picture of the object (0) on the fluoroscope screen (S)
has a geometrical blurring Og.

. ,

small ulcers in the stomach, etc.) The bluiring of
the image will -be a handicap in such cases. We
shall explain this further, but for the present it
may be stated roughly that the perceptibility of

-



a detail with little contrast isrill become doubtful
as soon as the detail is no larger than the blurring
of the image. With the above mentioned'numerical
values of the blurring, therefore, all kinds of details
(sometimes important ones) smaller 'than about
1 mm would escape observation.

Principle of enlarged fluoroscopy ,

-. It is obvious that only in case of necessity will
' such a limitation be tolerated. There now exists
a method, which in principle is very simple, to
improve the perceptibility of small details, namely
fluoroscopy with enlarged image.- For that pur-
pose the arrangement 'of 'fig. 1 is modified in such
a way that b becomes several times as large as a;

:see fig. 2. It may be read off from the figure that
the object is projected on the 'screen enlarged by
a factor.

- b av =
a

. '(2)

Since all details are enlarged in the same propor-
tion (or, with a thick' object, in approximately
the same proportion), while the intrinsic screen
blurring remains unaltered,' 'small details then have

-

Fig. 2. By making the distance L between object (0) and screen
-(S) large enough, compared with the distance It between
-object and focus -(F), a more or less enlarged fluoroscopy

, image of the object can be obtained. .

a gAater chance to sliow up above the screen
b lurring: This would indeed mean that with the

_ change in the ratio of distance b/a mentioned the
geometrical blurring would increase considerably

' (equation (1)) and therefore neutralize the advan-
, tage gained. It is possible, howpver, to compensate

the increase -of the factor b/a in equation (1) by
making ,the width of the 'focus f correspondingly
smaller. For the practical application of enlarged
fluoroscopy therefore . special X-ray tubes with
a very small focus are desired. 

In the following we shall replace this rough
,picture with a more 'quantitative formulation and

also discuss the influence of various other factors
involved in enlarged screening. will be -found

, .

vir's.EbtiNiCAL
-

lthot !the -iituatioia for 'the testing of materials is
-someihat different from that for medical diagnos-
tics. The possibilities of medical applications, which -
have been studied carefully by us in recent' years,
will be dealt with in somewhat more detail. At the
same time the Xs:ray tubes especially developed by ;
'Philips in connection with, the magnification
technique will be described.

The improvement attainable by magnification

The critical size of detail
It' is  unnecessary to prove that a larger and

sharper image is more pleasant and offers more
certainty of judgement. But it may-te asked whether
in the enlarged, relatively sharper inaage details
can indeed' be observed which were formerly
invisible. In Order to answer this question it is
first necessary to consider the detrimental effect of
the blurring. '

To begin with;" we condiser the case where- b
is very small; no enlargement is thus employed
(v Fs,: 1) and the also assume a point focus, so' that
the geoinetrical blurring is zero. Outside the shadow
of the detail to be observed let the screenbrightpess
be H2, in the middle of the shadow H1 (see fig. 3a).
'At the edge 'of the shadow, dile' to the screen
blurring, the brightness does not fall abiuPtly from
the value H2 to the value H1, but there' is a transi-
tion region of width Os in which 'the brightness _
gradually varies from H2- to H1 (for the,sak of
simplicity we consider this variation' to be linear).
For the perceptibility of the detail drawn in fig.. 3a,,'
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where the diameter d is larger then the - screen
blurring Ps, this gradual transition of brightness
has no unfavourable result. If the contrast between
H1 and H2 is equal to or larger than the minimum
contrast which the ooserver can still just disting-
uish at the -angle of vision corresponding to d,
the detail will be observed in 'spite of the blurring 1).-,

'The situation- becomes different when the detail -
is smaller than the screen blurring. In fig. 3b
it may be seen that the regions of the transition
in brightness at oppOsite edges now partially '
overlap. The brightness behind the detail nowhere
falls to the low value H, i.e. the screen blurring
results in a decrease in contrast. Thus -if a -
detail of the size d < Os without the screen blurring
has just sufficient contrast to be observed, then.
1) With decreasing angle of vision the value of the minimum 

- perceptible contrast increases. Due to the cutting down
of the region of full contrast of a detail following from
fig. 3a (difference in brightness 1-1,-H1), j therefore, '
perceptibility is somewhat unfavourably afected. The 
impression of contrast upon a gradual transition in bright: -
ness H2 -H1 is also probably smaller than upon,an abiupt
transition.
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owing to the dedrease in contrast caused by the
' blurring it will remain below the required size. In

. this case we may_ call. Os the size of
detail. ,. -

48111

a b`

Fig. -3. Influence of the intrinsic screen blurring O, on the ,
projection of a detail of size d. The focus is assumed to be
apoint, so that the geometrical blurring Os, = 0. The distance
b is assumed to be still so small that no appreciable enlarge-

- ment occurs (v 1). Below, the brightness H on the fluoros-
', cope screen is plotted' as a function of the position along a

cross-section.
\ 1a) Large' detail, d > Os.'

b) Small detail, d < 'Os. The blurring here causes a decrease
in contrast; d = Os in this case is the "critical detail size".

Let us now consider the
_with magnification (v >
of the detail becomes v
constant screen blurring

same case 'when screening
1). The shadow picture
times as large, and tile
Os- can now only cause

a decrease in contrast when v  d <'0,s, i.e. in the
case of'details which are timestimes as small as before,

. Thus only,v times 'smaller detailS are apt to escape'
observation. This is the effect -with which we are
concerned in the enlargement.

The effectis partially neutralized due to the fact
 thal upon enlargement the total blurring is in any

case increased; as already mentioned the geometrical
blurring now comes to the fore. If we assume for
the moment that only the geometrical blurring Og
is present (Os = 6); then the situation for a large
and a small detail is represented by fig. 4a ancrb
respectively. Og decreases the' contrast for small
details in exactly the same way as explained above

`fo'F.the screen blurring O. "Decrease of contrast"

is now only another expression for the 'simple fact
that the fluoroscope screen is no longer 'affected -

_by the core shadow' of -the detail (see fig. 4p).
The condition for decrease of the contrast is,
analogous to -the above, v  d < Og and since _.

(v--1) .1 . . . . (3)

(see equations (1) and (2)), the perceptibility is,.
unfavourably affected for details with _

d < f (1- ) . . (4)
v

If, therefore, the enlargement were very large
(v 1), so that the screen blurring' becomes'
negligible compared with the geometrical blurring,.,_
then accerding to equation (4) the critical size of "=_
detail simply becomes equal to the width of focus.

'- From this the importance of making the focus_ as
small _ as possible for magnification techniqiie
becomes quite evident.

- ,
, The simultaneous 'occurrence of geometrical,
and screen blurring results in a total blurring Ot,_,
which can, be approximately represented 2) by

= -110g2 + 0,2

Decrease in .contrast occurs at v  d < Ot, and thus 

f

'

Fig. 4. Influence of the geometrical blurring
that Os = 0. The figure is analogous to fig.
a) Large detail, d >'08.
b) Small detail, d > 08. There is,, a decrease

b

Or It is assumed

in contrast,.

4311?

2) R. R. Newell, Brit. J. Radiology 30, 493, 1938,
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the: critical size of 'detail in the, general : case is

i'(1,_,1)2f2 Osz (6) -

or, if the formula is written in the non-dimensional
form '

d 1 I2
(v-1)3 (- + 1 . . . '(7)Os-vi Os

In, fig. 5 this relation is represented graphically.
The ratio Os is plotted as a function of the en-

.
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by the object which falls nn the screen. This
scattered radiation gives a uniform fog over the
image which reduces all contrasts - an effect,
therefore, whichIii the case of enlargement becomes
less, potent or even almost disappears. A gain in
contrast is thus obtained over the whole image.
The degree to which the contrasts may increase
is illustrated by the' fact for instance in lyng
fluoroscopy the scattered radiation may have the
same intensity as the primary radiation and ,in
screening of the abdomen its intensity may even
be three or four times as great 3).

The effect of the enhanced contrasts is further
increased by the fait that upon enlargement the
visual angles within which all the details of the
object are seen increase proportionally. For details
with a larger visual 'angle an observer has a higher
sensitivity to contrast (cf. footnote 1)).
 In fig. 6 two photographs (b and c) are given

of an object (a) on, the fluoroscope screen with
and without - enlargement. It may be seen that,t
small details originally invisible or almost so are
rendered visible and the contrasts in the enlarged -.
image become larger. For the sake of comparison'

Fig. 5. In the presence of a screen blurring 0, and simultane-
ously a geometrical. blurring (focus width f) the critical size a reproduction, (d) is also given of, the normal
of particle d, below which a decrease in contrast occurs due fluoroscopic image subsequently enlarged optically.
to the bltirring, is given by equation (7). The ratio d/O, is 
here plotted according to this equation, as a function of the
enlargement factor v, with the quotient PO, as parameter.
Each curve passes through a minimum at an enlargement
factor v = 1 ,j. (0,/f)2; the level of these minima is given

Since the screen blurring is here also enlarged'
and the fog due to the scattered radiation remains,
no improvement is obtained.

by (d/07)min = 1/1 tT (dotted -line curve). With very small
foci, for instance for f10, = 0.3, however, at an enlargement Ease of observation
of v ss 4 practically the whole theoretical gain is already
obtained.

2f19s.' It' may be seen* that with a small enough
focus the critical 'size of detail steadily decreases
with increasing enlargement, but that 'at_the 'same

,time this decrease is limited by the width of focus
f. At the :value f = 0.3 mm, which has been realized
in the X-ray tubes to be described later, and with
Os = 1.0 mm, the practical enlargement will be
not more than 4 times, since the further decrease
ofd is then no longer appreciable. The critical
size of detail here is d = 1/3 mm, while without
enlargement d = 0,1= 1 mm!

The scattered radiation

In addition to diminishing the influence of the
screen blurring enlargement also has another favour-
able effect which lies quite outside the considerations
already discussed. The longer the distance, (b)

,between object and fluoroscope screen, the smaller
the percentage of secondary n 3) scattered

3) See for example' W. J. Oosterk amp, Combatting the
scattered radiation in the medical X-ray image, Philips
Techn. Rev. 8;183, 1946.

A comparison of figures 6b, and 6c also gives an
idea of the more convenient and easier observation
of the enlarged image to which reference has al-
ready been made. The concrete advantage of this
in practice is  that perception of details is much
quicker and less fatiguing.

 The screen brightness

Influence on the improvement obtained

It would be premature to conclude from the
-above 'that in every case (with sufficiently small
focus) enlargement would be an advantage. We
have untill now disregarded the fact that upon
enlargement the brightness of the image on the
fluoroscope screen may decrease.

We must here make a distinction between the
contribution to the brightness of the primary (the
image -forming) and that of the secondary (scattered)
X-radiation. The contribution to the brightness of,. .

the secondary radiation decreases in any case "
upon enlargement. This means ,that all kinds of
physiological factors which remain to be discussed
are affected unfavourably to some extent, but on
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the whole the disappearance of the scattered
radiation can only be favourable. However, the
contribution to the brightness of the primary
radiation may also decrease appreciably upon
enlargement. We shall see presently that in the
testing of materials this is very often the case, while
in medical diagnostics it need not occur invariably.

With decreasing brightness of screen the visual
acuity and sensitivity to contrast of the observer
diminish. The advantage of the increase in all

4,3 mm

1,0 mm

/.50

II

The perceptibility of the details rich in contrast is limited
by visual acuity, i.e. by the minimum angle of vision amin,
in which the observer can still just distinguish a detail. When
the brightness decreases due to enlargement, amin increases.
At the same time, however, the angle of vision a of the detail
increases proportionally with the enlargement factor v. The
perceptibility is unfavourably affected when an,;n increases
more rapidly than v. The relation between amin and the
brightness is known from a number of investigations. The
relation between the brightness and v may, as already indicated
be very different. If we assume, for example, a variation of
the screen brightness proportional to 1/v2, it is then found that

Fig. 6. Normal (b) and four -fold enlarged (c) fluoroscopic picture of a test object (a)
consisting of an aluminium plate with stepwise varying thickness and in each step a seric,
of holes of different diameter. d) The same picture as in (6), i.e. obtained with normal
fluoroscopy, but reproduced on a scale four times as large as (b); no appreciable improve-
ment compared with (b). The fact that in tne reproductions of this review more
details can be discerned in d then in b is due to the new blurring" which the lattice
of the autotype introduces ; in this !twice small details disappear rather than large ones.

contrasts by enlargement (including the already
mentioned higher sensitivity due to the larger
angles of vision) is partly neutralized by a dimin-
ution of the sensitivity to contrast. As to the blurring
the critical size of detail caused thereby does not
depend upon the brightness, but the decrease in
contrast in the case of details with dimensions
smaller than the critical, when the observer's
sensitivity to contrast decreases, becomes fatal
already at greater contrasts, so that a larger group
of details falls into the category of those no longer
perceptible. Part of the gain which enlargement
brings especially for the observation of s m all
details poor in contrast is thus lost again.

In addition to the (small and large) details with poor
contrast to which all the above discussion refers, we must
also pay attention to small details with high contrast.
In addition to the advantage of the sharper reproduction
on the whole, enlargement gives for these details no improve-
ment in perceptibility. A loss in brightness which accompanies
the enlargement may even worsen the perceptibility of such
details. This may be explained as follows:

as long as the brightness remains above a certain limit the
increase of a remains ahead, so that upon enlargement the
"effective" visual acuity improves. At what enlargement
this limit of brightness is met depends, of course, on the
initial brightness (for v = I) and this in turn is quite different
according to the nature and thickness of the object. Enlarge-
ment above a certain factor v, which also depends upon the
object, will thus have an unfavourable effect on the observ-
ation of the very small details rich in contrast, although the
visibility of the details poor in contrast is improved. This
fact may be of importance in the testing of materials.

Screen brightness and method of enlargement

Beginning with normal fluoroscopy where object
and screen are set up close to each other, it is pos-
sible to enlarge in two ways:
1) the object and the X-ray tube can be left in

the same positions and the screen placed
farther away (a constant, b and thus also
a + b larger);

2) the screen and the focus can be left in position
and the object placed closer to the focus (a
smaller, b larger, a --I- b constant). The screen
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'brightness is' inversely proportional' to the a much smaller focus is necessary than is normally
-- 'square of the distance (a b) between focus used. If the focus is normally loaded to the limit

and screen; in the first method, therefore, upon of the power it can receive continuously per unit
enlargement a considerable decrease in brightness of surface without becoming too -hoi, ,decrease in
is obtained, while in the second method the - size of the fool's necessarily means a reduction in
(primary) brightness remains constant. the current in the X-ray tube and thus in turn a

In order to avoidthe above -mentioned disadwin- decrease in the screen brightness. In testing mate-
tages of a decrease in brightness, the second method rials where powers of 2 kW, for instance 150 kY-max,

. seems to be the better one. For the testing of mate- 20 mA and -even, more are used Continuously, with
rials, however, it cannot 'always .be applied; in the normal large foci the permissible focus temper
particular it cannot be applied in those cases where ature is indeed approached. Nevertheless, the de-
wiili normal fluoroscopy, in order to obtain the crease in size of the focus need not have such an
greatest possible screen brightness, the object and unfavourable effect on the .screen brightness as
_the screen are placed as close to the X-ray tube as' would follow from the ratios of the surfaces of the
the- dimensions of the object allow. It is therefore foci: A smaller focus has a higher specific biading

capacity (at the same focus temperature). This
is due to .the fact that the heat developed on the -

'small focus as dissipated not' only towards. the
interior of the anode but to an appreciable extent
also laterally (edge effect). Moreciver, the specific -

focus loading capacity can be further increased.by -
the employment of a rotating anode 5).

In medical diagnostics,. due to Ihejabcive-men-
tioned limitation,of the dose on .the patient, with
normal fluoroscopy ,the permissible. specific focus
loading is far from being attained: A tube voltage
of for instance 75 kVm'ax with a current of 2 mA
is used, i.e.' a continuous loading of about 150 watts:
It is here unnecessary to have the anode rotate. If
the fochS is now decreased in size, the focus temper-
ature increases .and at the,- Shadiest foci 'realized,

. of 0.3 mm, it is' found necessary to let the anode
,

rotate in order to '-be able, to employ the above- ,

- only possible to enlarge in such a caseby placing the
screen farther away, and the decrease in brightness
Proportional to (a + b)2 or; according to equatiOn
(2), proportional to v2, must be accepted into the
bargain:

In medical diagnostics,, on the other hand,
with,:normal fluoroscopy the 'patient is always

.,placed at a fairly great distance froth the focus in
,order 'to obtain an overall picture of the part of
the body concerned 4). Increasing -the screen bright-
negs by placing patient and, screen closer to the
focus would be of no 'use here since a greater
brightness could also be 'realized' by increasing the
current through the X-ray tube. The fact that
this -is not done and thus that the focus is not loaded
to anywhere near the permissible limit is due -to
the limitation of the - X-ray dose which may be

- administered to a patient in fluoroscopy.: The
intensity of radiation on the patient, by which the
screen brightness is also approximately determined,
\is chosen so low that the doctor may devote several

.'minutes to the perception of the fluoroscope
 image and still remain' far below the permissible
dose.,If it is 'now desired to pass over to enlarged
fluoroscopy the second method can in this 'case
be applied,' i.e. the patient can be placed closer,.

-to the focus provided a Correspohdingly shorter
time of observation is allowed in order to keep the
dose on the 'patient within 'safe limits in spite of
the. -stronger intensity of radiation: Since the dis-

' tance between focus and  screen here remains
unchanged the (primaiy), screen brightness with
enlarged fluoroscopy is no less" than with normal
screening.

,

 Screen brightness and focus loading
We have, explained that for enlarged screening

,') If the patient is close to the focus the relative differences
in distance for various details in the body are so large that,
some are projected considerably larger than others.

mentioned 150 watts 6).

.

Constructions of X-ray tubes with very small focus

The requirement for obtaining a small focus is
a -strong concentration of the electron beam emitted
by the filament of the X-ray tube. In tubes for .-
testing materials, where the focus must sometimes,

5) See for example J. H. Van der Tuuk, X-ray Tubes
with Rotating Anode ("Rotalix" tubes), Philips Techn.
Rev. 8, 33,1946; also Philips Techn. Rev. 3, 296, 1938.

6) It should be pointed out that the enlarging technique, at
least as far as the improvement in definition is concerned,
does not as yet offer advantages in making X-ray photo-
graphs. It is true that here too there is a kind of "screen
blurring", namely that caused by the grains of the usual
reinforcing screeris. But in enlarged photography in the
case of moving objects the blurring due tomotion would
increase very much, since the small focus for instantane-

1 ous photography in any case can he less heavily loaded '

than a large focus and for that reason alone the exposure .

would have to be longer. For stationary objects:the're
is no objection to longer exposure; but just for that reason
it is then possible, if greater definition is desired, to omit

- the reinforcing screens, so that only the very slight intrinsic -
lack of definition of the X-ray film itself remains. -
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be introduced into all kinds of cavities, the anode
'with the focus is often placed in a projection of
the tube at a distance of 20 to 30 cm from the fila-
ment. For the small as well as for normal foci the
required concentration can then only be attained
by focusing with the help of one or more magnetic
coils. This method gives good results but is
rather elaborate. With a given magnetic field the
focusing is only good for a given velocity of electrons.
If it is desired to vary the voltage on the X-ray tube
according to the object to be examined, the exciting
current of the magnetic coils must also be accur-
ately adjusted anew each time. If an extremely
small focus is desired, this adjustment has not only
to be very precise but, moreover, for the proper
functioning of the tube a carefully smoothed and
constant D.C. voltage is necessary, since otherwise
the size of focus alternates appreciably with the
ripple of the tube voltage.

In X-ray tubes where cathode and anode are
placed only about 1 cm apart - in medical diagnos-
tics such tubes are used exclusively - the problem
can be solved much more satisfactorily by em-
ploying electrostatic focusing. This means that by
giving a suitable shape to the cathode the potential
between cathode and anode is made to vary in
such a way that a strong electrostatic "lens" is
formed. This focusing is independant of the tube
voltage. The potential of every point in the deflecting
field changes proportionally with the tube voltage;
since the deflecting action on an electron is propor-
tional to this potential, and on the other hand
inversely proportional to the tube voltage which
accelerates the electron, the two effects exactly
cancel out each other.

The tubes with very small focus developed in the
Philips laboratories ( `small focus tubes") employ

'lcelectrostatic focusing. In fig. the cathode of such
a tube is shown. It may be seen that two spiral
filaments are assembled in grooves of the cathode,
one large and one very small. These can be switched
on according to choice. The thin spiral furnishes
the small focus of 0.3 mm width, the thick one
gives a focus of 2 mm or, in other tubes, of 1.2 mm,
which is intended for normal fluoroscopy and for
making photographs.

The size of the focus obtained is checked in the
familiar way by making a photograph of it with
a pinhole camera. The aperture of this camera,
which is normally made 0.2 mm, must in this case
be considerably smaller (about 0.03 mm), in order
to obtain a sufficiently sharp projection of the small
focus.

Since the tube also serves for taking X-ray

photographs when the larger focus is used, the anode
is of a rotating type which in any case is desirable
in order to be able to give the small focus a high
load. In the usual constructions of rotating anodes

Fig. 7. Cathode of a double -focus X-ray tube, with rotating
anode, specially developed by Philips in connection with the
enlargement technique. The thick filament gives a focus
of 2.0 mm width, with which photographs are made, the thin
filament gives a focus of only 0.3 mm width, intended for
normal and enlarged fluoroscopy. Thanks to the special
construction of the cathode cap the electrons emitted are
focused electrostatically on the anode.

the rotor runs in two ball -bearings. The guiding
rings of the latter in the rotor as well as on the anode
carrier have several tenths of a millimeter axial play
in order to take up the difference in thermal
expansion of rotor and anode carrier. For working
with the small focus, however, the play referred
to is undesirable. Axial vibrations of the anode
might be caused; since the focus is thereby displaced
perpendicular to the direction of the effective
beam of X-ray, a relatively considerable increase
in the apparent width of focus occurs. In order to
avoid this effect a special bearing of the rotor has
been made for which the axial tolerance is limited
to several hundredths of a millimeter.

Practical application of enlarged fluoroscopy

In the testing of materials

The above statements about the limitation of
the dosage in medical diagnostics might give the
impression that the general situation for normal
fluoroscopy is much more favourable for testing
materials. It is possible to work with a very small
distance between focus and object, with the maxi-
mum focus loading, with arbitrarily long times of
observation (apart from economical considerations).
These advantages, however, are practically neu-
tralized by the disadvantage that in testing mater-
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ials the objects dealt with have a much greater
absorption. An iron plate 0.02 mm thick
or an aluminium plate of 4.5 mm absorbs (with
the same tube voltage of 75 kV) just as much as
the chest of a patient. Thus in material testing
the screen brightness is by no means so much more
than sufficient as might be supposed. Moreover, in
a workshop it is impossible to use such low screen
brightness as can be used in the X-ray room of a
medical establishment. The result is that the em-
ployment of fluoroscopy in material testing has
always been limited to the light metals with re-
latively little power of absorption, such as aluminium
and magnesium alloys.

Enlarged screening in the testing of materials,
as was explained above, involves opposing effect
in definition and brightness. Such is also the case,
however, with normal screening technique. The
screen blurring of 1.0 mm already mentioned is
only valid for very sensitive screens having a high
brightness. If a less sensitive screen were used,
which gave for instance only half the brightness,
the blurring would only be half as great. The
compromise, which in normal fluoroscopy leads to
the choice of a given screen, must be considered
anew in enlarged fluoroscopy, and it is thus a
priori still a question whether enlargement is really
an advantage in material testing. Experience has
answered this question in the affirmative and in
the screening of light metals magnification technique
has been employed for a number of years. We
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Fig. 8. Visibility tests on a phantom of "Philite" which is
about equivalent to the human lung for X-ray fluoroscopy.
Holes of different depth and diameter were bored in the phan-
tom. For every depth (in mm) the diameter of the smallest
perceptible hole (also in mm) is plotted.
a) For fluoroscopy without enlargement, focus width 0.4 mm,

tube voltage 70 kVmin, tube current 1.4 mA.
b) For fluoroscopy with four -fold enlargement; data as in (a)
c) On an X-ray photograph under optimum conditions.

shall not go more deeply into the results obtained
but refer only to the literature 7).

In medical diagnostics

We have seen that in medical diagnostics enlarged

4814P

48149

Fig. 9. Improvised arrangement for the enlarged screening of
lung patients at the consultation bureau of the Medical
Department of the Philips Factories. The patient's position
is fixed, the fluoroscope screen and the X-ray tube are rigidly
connected with each other and can be moved by the practi-
tioner. Since in the periodically repeated, normal fluoroscopy
the patient always stands with his back to the tube and thus
the surface of the back always receives the highest radiation
intensity (four times as much as a point in the middle of the
lungs), for greater safety the patient is here placed with his
chest facing the tube.
a) Situation for normal fluoroscopy.
b) Situation for enlarged fluoroscopy.

7) See for example R. Ber t ho Id, Atlas der zerstorungsfreien
Priifverfahren T/Ro 10/7-10, J. A. Barth, Leipzig 1938.



NOVEMBER 1946 ENLARGED X-RAY. FLUOROSCOPY 329

fluoroscopy need not lead to a loss in (primary)
screen Wrightness, but only to a limitation of the
time of observation. The favourable results which
could be expected from this led to a systematic
investigation of the possibility of using enlarged
fluoroscopy in the Medical Department of the
Philips factoriep.

This investigation, of which several preliminary
results have been published elsewhere 8), was mainly

two directions.' In the first place observation
tests were performed with a phantom of "Philite"
which, as far as the absorption and scattering of
X-ray is concerned, corresponds approximately to
the chest of a patient. A number of holes of different
diameter,and depth were bored in the phantom.

- The graphic representation in fig. 8 shows the.
visibility of these holei with normal fluoroscopy (a),
when screening with four -fold enlargement (b) and
on a good X-ray photbgraph (c). It may be seen
that there is a significant improvement between nor-
mal and enlarged fluoroscopy. Moreover,
experiments already showed how important
that the perception could take place more
easily and more quickly with the large image than
with the small one. Because of this the necessary
shortening of the time of observation of a patient
(to for instance 10 to 20 sec.) already mentioned
is less of a disadvantage.

hi the second place a group of tang patients in
the routine examinations of the' consultation bureau
were examined not only with ordinary fluoroscopy
bitt also with enlarged image. The improvised

. -
arrangement with which these experiments were
carried out is shown in fig. 9. A standard on rollers
supports the X-ray tube and the fluoroscopy screen.
The screen first lies close against the patient so
that a normal orientation image is obtained. After
having examined this briefly and determined what
part of the -image requires special attention, 
tie observer takes one or, two steps to the rear

drawing with him the standard with screen and
tube, while the patient remains in his place. The

- observer can now see the part in question more
clearly on the enlarged image.

One of the disadvantages for the doctor is that
upon enlargement he literally loses contact with
the patient. In normal fluoroscopy it is very useful
to be able to turn the patient slightly and to move ,

him about so as to make use also of the sense of
touch.

When using enlargement this is not 'possible,
because the time is too short and, moreover, the
doctors' arms are not long enough to reach the -
patient from his position behind the more
screen.

In spite of this the investigation gave encouraging
results.' From statistics of the small number of
51 -cases examined 9) it was found that by enlarged
fluoroscopy in the case of 10 patients better insight
was obtained into the structure of a lung process, -

these 8 times the presence or absence of a cavity was
it was ascertained with greater security (the diagnosis was

later checked with the still better photographic,
image) and in general in 35 cases an improvement
was noted, compared with 16 cases where enlarged
fluoroscopy gave no concrete advantage.

One of the practical problems still to be solved
before enlarged fluoroscopy can become part of
the daily practice of the rontgenologist is the ade-
quate protection of the patient against too high
doses of X-radiation. This will be more necessary,
because just the difficult or interesting cases which
form the most fruitful objects for enlargement
technique are usually observed for a longer time
even in normal fluoroscopy. And this holds even
more for the screening of  the abdominal organs
than for that of the lungs, since in the former case,
due to the greater absorption, higher radiation
intensities and in some cases (stomach examinatons)
longer, times of observation must be employed.

8) G. C. E. Burger, Hand. 29 Ned. Nat. Gen. Congres,
Amsterdam 1943, p. 47. Fig. 8 is also borrowed from this. °) G. C. E. Burger, not yet published.

distant
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-THE TECHNIQUE OF INVESTIGATIONS WITH RADIOACTIVE
AND STABLE ISOTOPES

by A. H. W. ATEN Jr. and F. HEYN. - 539.155.2:539.167.3:539.16.08

When tracers (tagged atoms) are used for scientific or technical investigation, one is con-
cerned with radioactive and, in some cases, with stable isotopes of certain elements. In as
far as the choice is not prescribed by the problem itself, it is often the half -value time of the
radioactive isotopes which determines it; the half -value times must be neither too long
nor too short. Only in the cases of oxygen and nitrogen is one now limited to the use of
stable isotopes, while heavy hydrogen is also still much used. The preparation"of the
radioactive isotopes is by means of nuclear reaction brought about, for example, with the
help of a cyclotron, a high -voltage apparatus or in an uranium pile. Stable isotopes are ob-
tained by the separation of the mixtures of isotopes occurring in nature, for instance by
fractional electrolysis, distilation or diffusion. The synthesis of possibly desired compounds
of tagged atoms is in practice still one of the most difficult problems that can occur in the
application of the method. A neat solution is sometimes found by a biological method of
synthesis, i.e. in micro-organisms or in the animal body. The analysis of the mixtures of
isotopes obtained when applying this method is carried out, in the case of the radioactive
isotopes, by measurement of the radioactivity, for instance with an electron counter; many
details of this are discussed. in this article. For accurate localization of the radioactive
isotopes, auto -radiograms are very well suited. Mixtures of stable isotopes are analysed with
the mass spectrograph, or, as in the. case of heavy hydrogen for instance, by measurement
of density.

The concise survey of the tracer or "tagged"
atom method and its possibilities of application 1)

- which we gave in the previous number of this perio-
' dical will be supplemented here by a discussion of

the manner in which -the method is applied.

The following is a resum6 of the most important points in
the article mentioned.

Of every chemical element occupying a certain position in
the periodic' system there are different kinds of atoms, dif-
fering in atomic weight. These mutually "isotopic" chemically
indistinguishable kinds of atoms may be either stable or radio-
active. When two isotopes of an element take part in a physical
or chemical process they behave in practically the sang way.
Nevertheless one isotope, either because it is radioactive `or _
because of its different -atomic weight, can in principle be
recognized, localized and quantitatively determined by .the
investigator at every stage of the process. These 'atoms are,
as it were, tagged and may be used as "tracers".

Use is made of this fact for the investigation of very diverse
processes, firstly because of the great e ar e with which the
place, quantity and distribution of a radioactive substance
is determined, and becauk of the extremely great sensiti-
vity which can easily be attained; and secondly because
certain types of processes have only been made accessible for
investigation by the tracer method, namely those processes

1) What kind of atom should be 'chosen?
2) How is it obtained.

,3) In what form (chemical compound) should the
atoms be used and how can they be brought into
that form?

4) How are the mixtures of isotopes occurring in-
the experiments analyzed ?

The answers to questions 2, 3 and 4 will often be
Omplei the tagged atoms, or in some cases the de-':
sired compounds  of them, are ordered from the
nearest laboratory equipped for making them, and
the mixtures to be analyzed' are, sent to the same
address for analysis. The -fact that various labora-
tories possessing the necessary equipment - in
Europe, among others, the Philips Laboratory in.
Eindhoven - have opened the opportunity for the
application of this method, has very greatly pro-
moted the rapid spread of its use. However, even
for those who are thus relieved of the difficulties
involved in ,questions 2, 3 and 4, it will also be of
importance to be informed abut the technique
followed' in solving these questions.

where there is an exchange of chemically identical particles.
Technical examples are the diffusion of a substance in an Choice of the kind of atom
identical environment and the transfer of material upon In the first" experiments with tracers carried out
friction between two identical surfaces. Especially in the - by Heiresy and others a radioactive isotope of
field of chemistry and in the physiology of plant and animal lead was usually employed, and, sometimes also
life such processes play an important part.

thallium or bismuth. For example, the assimi-
" If it is desired to carry out an investigation with lation of lead ions ,by plants was investigated,

the help of tagged atoms, the following are the main or the distribution of lead administered between.
,practical problems encountered. a tumor and the normal tissue in the animal body.

1) Philips Techn. Rev. 8, '296, 1946. - Since the plant and the animal body normally
_ _
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contain no lead, it would in principle also have been
possible to carry out these experiments by means of
a chemical analysis, but then there would have been
the practical difficulty of determining the extremely

- small quantities of lead involved, for which the
measurement of radioactivity is particularly suited.

It was obvious that such experiments, performed
with substances which , do occur in the plant or
animal and which 'are involved in their natural
functions, could furnish much more important
results. Moreover, frdm the.point of view of method-
ics, such experiments were more interesting, since
chemical analysis must in principle fail -here, and
only the use of tagged atoms which are -also recog-

- nisable in a chemically identical environment was
able to make these experiments posible.

The -reason why the pioneers of the method chose
lead, thallium or bismuth was simply beciiise at
that time no other, tagged atoms were available.
The three mentioned are the only. non -radioactive

, elements of which radioactive isotopes with suf-
. - ficiently strong radio -activity occur in nature.

The situation is, now quite different. Since the
discovery of artificial radioactivity in 1934 we have
learned how to make one or even several radio-
active isotopes of every element. The development
of methods for the separation of isotopes has also

. made it possible to prepare stable isotopes of a-
* series of elements in sufficient quantities for prac-

- tical -use. There is such wide choice of tagged atoms
that one might almost speak of an "embarras de
choix", were it not that there are again a number
of factois limiting the choice.

To begin with, the choice is often prescribed by
' the problem itself. If, for example, it is a question
of the diffusion of certain alloy components in
steel and their influence on the properties of the
alloy, because of the usually very specific influence

' of an alloying element, tagged atoms of that same
element will have to be chosen. The same is the
case with specific biological effects of certain ele-

- ments, such as the, assimilation of iron by anaemics.
An example of a problem permitting a certain

freedom of choice is the previously described inves-
tigation of the friction between metal surfaces, at
least in so far as it is only a question of the mechan-
ism of ,the friction and not of possible specific-

- effects with certain metals.
In many cases the choice is limited by the

half -value time of the radioactive isotopes which
can be used (i.e. the time in which the radioactivity
decrea'ses to one half of its initial value). A list of
the half -value times of a series of often used iso-
topes is given in the table. The half -value time

must be neither too short nor -too long. If it is very
short it Means that the radioactivity of a sample
decreases rapidly and, in spite of the great sensi-
tivity of the -measuring instruments, falls below the
limit of detection so quickly that there is no time
to perfoim the experiment in a proper way. This ,

especially true for biological prolileths, where, in
contrast to chemical problems, the processes to be
investigated cannot be accelerated by raising the
tempeyature or otherwise._ If the half -value *time -
is very lo n git means that only a few atoms dis-
integrate per- unit . of time, the radioactivity 'then
being so slight already from the beginning that it
may not be possible to Measure it.
- The curves in figs. la and b illustrate these facts.
They also show that both, with too short and with.
too long half -value times conditions for the Measure- -
ments are improved when the  c on c entr a t i on. of,'
the radioactive isotope in  the substance is sill- *

ficiently increased. For instance, it was originally:
very difficult to carry out experiments with radio:
active carbon, while because' of the dominating '
position of carbon in all organic -chemical compounds

Table I. Half -value times of -several radioactive isotopes *)

The symbol of each chemical element is accompanied by an',
index (upper right) indicating its so-called mass number
(atomic weight in whole numbers) and another (lower left)
giving its number in the periodic system (nuclear charge).

Element

Atomic weight
of the isotope

.

mixture occurring
in nature

Symbol of the
radioactive

isotope

-

Half -value time ._

- '

Hydrogen 

Carbon

Nitrogen:

1.0081.

12.010

14.008:

1113
s 6at.

? ,0C14
-, 7N13

' 31 years .

20.5 minutes ,

>1000 years
9.93 minute's

- ) -

Oxygen 16.000 8018 . 2.1 minutes-

Sodium 22.997 nNa22 3.0 years
11i\Ta24 14.8 hours .: .

Magnesium , 24.32 - 12Mg27 10.2 minutes ,..

Phosphorus 30.98 .P32 ' 14.3 days
Sulphur' . 32.06 1eS35 87.1 days
Chlorine . 35.457 '17C38 ' 37' minutes

Potassium ' 39.096 101C42 12.4 hours
Calcium 40.08 NC" 180 days .

Manganese 54.93 25M82 6.5 days -
Iron 55.84 "25Fe82 47 days .

Copper 63.57 25Cu64 12.8 hours
Bromine 79.916 35Br82 34 hours

Strontium 87.63 , 38Sr8° -" 55 days

Iodine 126.92 531120 13 days
5311.28 25 minutes

*) Of most of the elements listed here several other isotopes
exist which are not listed. The data are taken from G,
Seaborg, Rev. mod. Phys. 16, 1, 1944.
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it was ,clegird`ble to 13-e able to carry out just such
experiments. The isotope C14 with a half -value time
of about 10 000 years was not active enough, and
in the case of ,C11 with a half -value time of only
21 minutes the experiments often had to be given up

Fig. 1. Disintegration curves of a radioactive mixture of '
isotopes a) with a short half -value time, b) with a long half -
value time. Each curve holds for a definite initial concen-
tration of the radio -active isotope in the mixture, the concen-
tration increasing in the direction of the arrow. The dotted
line indicates the minimum activity that can be detected
with the measuring instruments. T1 -T, are the respective
times during which a measurement of the activity is still
possible with the five preparations in question. The limit of
the measurement indicated by the dotted line will in general
be lower for substances with long half -value times than for
those with short half -value times. In the first case the measure-
ment of the activity can be accomplished by counting current
impulses for a longer time, so that with fewer impulses per
unit of time the statistical fluctuations of activity and zero
effect are sufficiently exceeded (see under fig. 2 and at the end
of the article). "

prematurely. Later on,
fully prepared in such
experiments concerned

, of the carbohydrates in
with it for more than 5 hours. This corresponds to 'a
.decrease in the activity to about 1/30 000 of the
initial value; actually the difference in activity
between initial and final substance may be very
much greater still, since the nature of the experi-
ment may determine the fact that the final sub-
stance contains only a fraction of the original
amount of carbon.

If it is not possible in practice to realize the re-
quired initial concentration of an isotope with an
unfavourable half -value time, there is still the possi--
bility of using a stable isotope of the element in
question, even though it is usually much more
difficulfto work with than the radioactive isotopes.
It is unfortunate that the available radioactive
isotopes of just the most important elements in
organic chemistry - carbon, hydrogen, oxygen and
nitrogen - have decidedly unfavourable half -value

however, C11 was success -
large concentrations that
with the photosynthesis
plants could be .continued"

times. In the case of nitrogen and oxygen, for most
experiments one must still use the stable isotopes
N18 and 018. For experiments with tagged hydrogen,

, VOL. B, No. 11

the heavy hydrogen isotope' with atomic- weight
2, 'deuterium (112 or D), was formerly used on a
large scale and is still being used.

In the case of a high initial activity, which according to
fig. 1a is needed in the case of isotopes with a short half -value
time, there may be a complication. When metabolic experi-
ments are being performed on animali it must be taken into,
account that the radioactive radiation not only acts as a
"spy" but may also have a destructive effect on tissues of the
test animal. There is fortunately a tolerance dose which must
be exceeded before any harmful effect of the radiation is
it a lifested. If the initial activity is so great that this dose is
exceeded, care must be taken that the progress of the experi-
ment is not altered as a result of the irradiation.

In this connection it should be pointed out that it is one of
the great advantages of the tracer method that, in principle,
the metabolism can he studied without disturbing the pro-
cesses thereof in normal living animals.

Incidentally we may mention here the remarkable fact that
not only radioactive but also stable isotopes in too high con-
centrations can dainage the life functions of a test animal.
This was ascertained in experiments on the assimilation and
excretion of water in test animals. The animals were allowed
to drink water of which the molecules to a known percentage 
were built up of heavy instead of ordinary hydrogen, and the
density of the water was then studied in the blood, lymph,
urine, etc. In the human body, which consists for 80% of ,

water, it"was found that half of all the water in the body was
renewed in 13 days. In goldfishes, which were simply allowed
-to swim in "heavy water", it was found that the water mole-
cules in a fish are practically entirely renewed within a few

) hours. When, however, the concentration of D20 in the water- .
was very high, so that many 1120 molecules in the fish were
replaced by D20, this caused the fish to die.

The preparation of tagged atoms .

The radioactive isotopes not occurring in
nature can be formed by certain transmutations of
atomic nuclei (nuclear reactions). The following are
examples of such transmutations:

16532 .. oni
151332

15p31 151332 1111

' In the first case the unstable phosphorus isotope
P32, is formed from a sulphur atom and a neutron,
in the second case from ordinary phosphorus and
deuterium. These nuclear reactions do not take
place, like chemical reactions, as soon'as the electron
clouds of the atoms approach each other, for which
only little energy is necessary, but they require the
direct influence of certain particles (for instance
protons or neutrons) on the nuclei,' which influ-
ence has to be brought about by causing the two to
collide with each other with very great force. In our
first example the necessary neutrons are obtained
by shooting deuteriurn ions at a preparation con:
taining lithium, the neutrons thus liberated being
allowed to enter a vessel containing* carbon disul-
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phide in which, according to the equation, sulphur
nuclei are transmuted into 151)32. After a certain
amount of ordinary phosphorus has been added in
order to obtain quantities which can be dealt with
practically, this phosphorus, together with the
ordinary phosphorus, can be isolated by chemical
means.

If the final product of a nuclear reaction is an
isotope of the' original atom, as in our second
exaniple, - a chemical separation would seem im-
possible at first glance. If, however, one begins ,
with a compound of the element to be transmuted,
each atom -transmuted will be thrown out of the
molecule by the shock, so that the reaction product
is in the form of free atoms' or ions, which can then
be isolated from the compound.

The strong forces required for nuclear reactions
can be given to the atoms in a cyclotron, in which
the (ioni:ed) atoms are accelerated along a spiral
trajectory to enormous velocities  corresponding
to voltages of several million or even tens of, millions
of volts; or in a high-tension apparatus working
with a voltage of several hundred thousand or -
millions of volts 2). The efficiency of the nuclear
reactions, however, is generally very low, so that
very intensive beams of bombarding particles are
necessary to obtain the desired concentrations, of -
tagged atoms. The apparatus for the preparation
of the tagged atoms therefore becomes so elaborate
and expensive that it can only be installed in a few
laboratories. As already mentioned, however,
various institutes are already making available to
every investigator the preparations of tagged atoms -
which they make. It should be pointed out that a
new: possibility. for obtaining radioactive elements
has been- opened by the construction of the ura-
nium piles which played such an important part
in the develOpment of the atom bomb; numerous
radioactive substances can be prepared with their
help.

The separation of the radioactive substance
formed in the nuclear reaction is not necessary in
every case. The experiments already mentioned

. on the friction between metal surfaces, for example,
were carried out with metal plates which had been
irradiated in a cyclotron, whereby a small part
of the atoms at the surface were transmuted in
situ. The plates could 'be used without further
treatment.

A similar case is found in a certain method of
2) See for example F. A. Heyn and A. B ouwers, An

Apparatus for the Transmutation of Atomic Nuclei,
Philips Techn. Rev. 6, 46, 1941. On the cyclotron see for
instance W. B. Mann, The Cyclotron, Methuen's Mono-
graphs, London 1940.

chemical analysis. If in a mixture of different ele-
ments one element occurs in which radioactivity
can be excited by irradiation, without a radio-
activity of comparable ,half -value time being
excited in any of the other elements, it is possible
to conclude from the intensity of the radiation
whether, and in what concentration, that element
is present. In this way it was possible to deMon-
strate in a simple way the presence in' paper of
traces of sulphur which could' not possibly be
detected by the methods of analytical chemistry,

-by exposing the paper to the intense neutron
radiation of a cyclotron and afterwards demon-
strating the presence of a radioactive transmutation
product of sulphur. The' tracer method here appears
in a rudimentary form: with the preparation and
detection of the tagged atoms their role is finished,
and they need no longer take part in an? process.

We can be brief about the preparation of stable .

isotopes as tracers. Of the elements occurring in
nature many 'consist of different stable isotopes
which are mixed in fixed proportions. Nitrogen,
for example, consists for 99.6% of N14 and for

,0.4% of N15. These' components can be separated
by making use of the difference in velocity of dif-
fuion or reaction, which difference's are based upon
the difference in atomic weight. Althosugh when the
mixture is subjected for instance to a difftision

 process,tbe ratio between the isotopes at the end' of
the process will, differ by only a few percent from
that at the beginning 3), if the mixture thus obtained
is again subjected to the same 'process and this is
repeated many times, very large deviations from the
original ratio of isotopes can finally result. This will
occur more quickly the greater the relative differ-
ence in mass, thus the lighter the element. Heavy
water, which can be concentrated by the electro-
lysis of water, since the normal hydrogen disappears
from the water at the cathode more quickly than
the heavy hydrogen (originally present in a ratio
of 1 : 5 000 to the normals hydrogen), is obtained in
a purity of 96% or -higher after only a few steps.

The, stable isotopes 2018, 71\1'13, and heavy water
are at present obtainable commercially. Heavy
water was previously very expensive: a preparation
with 96% D20 cost several times as much as its
own weight in gold. The situation has improved,
very much because of the fact that now, for instance

3) The approximate constancy of this ratio of isotopes is in
many cases an essential condition for the usefulness of the
tracer method; all the quantitative investigations according
to this method are based upon the fact that the spatial  -
distribution of the one isotope ascertained at the end of a
process is a faithful picture of the whole preparation or of
the whole amount of that substance which was made to
take part in the process. We shall return to this later.
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in Norway, sD20 is obtained on a large 'scale as a
by-product in the preparation of the hydrogen
needed for the synthesis of ammonia; that process is
carried out electrically in that country, where
electrical energy is very cheap. The oxygen isotope
8018 is prepared by fractional distillation of water,
making use of the fact that 112018 is less votatile
than 112016. The nitrogen isotope 7N16 is obtained
by a chemical firocess repeated many times.

The synthesis of tagged compounds

In many cases one works, directly with tagged
elements. 'Very often, however, experiments are
made with compounds of those elem,ents, which
means that one actually needs "tagged compounds".
How are such compounds obtained?

It is usually a question of -compounds which in
their unt a gged form could be purchased by the
investigator from the chemical industry. If this is
not thecase, as starting materials for the synthesis

' he could at least choose compounds obtainable
. commercially which are as close as possible to the
desired product and which 'can be converted into
the latter by means of simple reactions. The tagged
compounds, however, will usually have -to be pre:

, pared by the investigator himself, and this will
sometimes be made more difficult by the fact that
he, Cannot start with a closely related 'compound
but Will be compelled to begin with the tagged
element as such, or perhaps from the compound
in which the isotope is 'formed in its preparation.
In the case of some radioactive isotopes, such as
C", 'there is the further difficulty of the liMited
lifetime, which makes it necessary to carry out the
synthesis very rapidly. If, owing to such difficulties,
the investigator has no success or the normal me-
thods of synthesis are too laborious, the solution
of the problem may perhaps be found in the excel-
lent method of biological synthesis. The more or less
complicated organic substances needed for many
physiological investigations -often occur as products
of the metabolism of animals or of certain micro-
organisms. 'If, for example, glycerine is adminis-
tered to a culture of B pentosaceum (a kind of
bacteria), together with carbon dioxide with radio-
active carbon, within 30 minutes 80% of that car-
bon is obtained in the form of proprionic acid and
succinic acid. With other, micro-organisms other
compounds can be made.

A ;method which can be used in Many cases'is to
allow animals to drink "heavy water" for, a time, or
to water plants with heavy water. After some time
numerous compounds can be isolated from the
tissues in which a part of the normal hydrogen oe

,

curring in them has been replaced by heavy
hydrogen. _

A similar case of biological synthesis may be seen
in the preparation of lecithin (a group of fats
containing phosphorus) which is tagged by means
of radioactive phosphorus. Interesting experiments
have been performed with thiS substance, which has
been recently much advertised as a "nerve tonic".
When radioactive lecithin was fed to a rat it was
found that after- some time the blood of the rat
became radio -active; but the radiOactivity could
not be localized in the lecithin which is always
present in the blood plasma, but in the inorganic
phosphate -.which is also present in the plasma.
This means that the leeithin is not taken up as such
through the wall of the intestines to reach the blood
and organs -in that way, but that the lecithin is
split up in the intestines into its components. Thus,
instead of- taking lecithin, the same result can be
obtained by consuming a mixture of fats and inor-
ganic phosphates in the correct proportions. -The

- body itself then builds up `the lecithin. Use" was
made of this very fact in order to obtain the radio=,
active lecithin required for these tests; radioactive
phosphate is injected into a hen and several days
later radioactive lecithin can be isolated from the
yolkS of the eggs laid by the hen.

The analysis of the mixtures of isotopes ,

_ In 'the case of radioactive isotopes the analysis
is, performed by measuring the radioactivity. Sipce
practically all the radioactive isotopes considered.
emit negative or positive electrons, the measure-
ment can be performed with a so-called election
counter 4). This instrument contains a gas -dis-
charge tube made conductive for a very short time
by an electron. entering it. Thereby a current im-
pulse is excited in the electric circuit in which the
tube is connected. These impulses are amplified and
counted by a countingapparatus-The number of
impulses per second is a direct measure of the
radioactivity -of the substance placed in the vici-
nity of the counting tube.

It is clear that the value of the activity thus mea-
sured will still depend very much on the geometrical
configuration, i.e. on the shape and size of the
prepared object and on the r elative distance and
position of object and counter. It is always sufficient,

4) See for example' A. Bouwer s and F. A. Heyn, A
Simple Listrument for Counting Electrons, Philips Techn.
Rev. 6, 74, 1941. In addition to electron counters ioniza-
tion chambers with electroscopes are often used for mea-
suring radioactivity. These instruments are simpler but
less sensitive. The following discussion is equally valid
for all measuring arrangements, -so that we need only speak
about the electron counter.
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however, to perform relative measurements:
it is a question of comparing the radioactivity of
two substances or of one substance at different
times. For this it is only necessary to provide for
satisfactory reproducibility. In the most common case
where one is concerned with preparations in powder
form, it is customary to spread out the powders in a
certain thickness, in a dish of certain dimensions
and then to place the dish in a well defined position
with respect to the counter (fig. 2).

duced by combustion, so that the activity of each
part is concentrated in a very small volume.
The activity of these different preparations
can be compared by placing the same quantity in
each case under the counter. For comparison with
the original (very concentrated) preparation of the
nutritive substance, the latter is made up, if neces-
sary, to the required amount by the addition of
inactive ash in order to obtain the same configuration
for the measurement.

Fig. 2. Arrangement for the measurement of radio -activity with an electron counter. Under
the counter tube is a dish in which the substance to be investigated is spread out (right).
The two poles of the counter tube are connected with the counting apparatus seen on the
left of the photo. in the middle background may he seen the feeding apparatus. Even in the
absence of a radioactive substance the counter records a certain number of impulses per
minute which are caused by cosmic rays and by the natural radioactivity of the surroun-
dings. In order to diminish this so-called zero effect the counter tube with the substance is
surrounded on all sides by lead blocks, some of which can be seen in the photo.

If it is only a question of localizing the radioactive
substance, as in the case of the scraper stuck fast
in an oil pipe line - mentioned as an example in
the preceding article 1) - or as in experiments for
the assimilation of phosphorus or potassium out
of the soil in different parts of a plant, the pipe
line or the plant can simply be gone over with the
counter. More precise localization is possible by the
method of the auto -radiogram also previously
mentioned. The assimilation of zinc in the fruits of a
tomato plant, for example, has been studied by
cutting through a fruit and laying the cut surface on
a photographic plate. The spots where the fruit
contained radioactive zinc are indicated on the
developed plate by a blackening. The tomato was
found to assimilate the zinc mainly in the seeds
(fig. 3).

For more quantitative work in experiments like
the above the different parts of the plant are re -

One complication generally occurring in the ana-
lysis of radioactive preparations is the natural
decrease in the activity of a substance with time.
When it is desired to calculate from the measure-
ment of activity the fraction of the total amount of
radioactive substance which has entered into the
preparation to be analyzed, a factor depending
upon the time should enter into the calculation.
This, however, is avoided in a very simple way
when the activities measured are always expressed
as a percentage of the activity of a portion
of the original preparation which has not been
used in the experiment. Since the activity of
the latter decreases at the same rate, the time
factor is automatically eliminated.

The sensitivity that can be obtained with the
electron counter is extremely high. With ordinary
counters the presence of an amount of 105 radio-
active atoms can be demonstrated, i.e. 10018 to
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10-19 gram molecules. The limit is set by the
statistical fluctuations of the number of atoms
disintegrating per unit of time and the fluctuations
of the zero effect (see the text under fig. 2).

Fig. 3. Auto -radiogram of a cut surface of a tomato. The plant
had been nourished for some time with radioactive zinc,
which for the greater part was accumulated in the seeds.

With the preparations used in the tracer method
the concentration of the radioactive isotope is
usually not more than 1 : 1010 (see the article
referred to in footnote 1): it is then possible to
demonstrate the presence of 10-9 gram molecules of
the preparation. With particularly sensitive coun-
ters and very concentrated preparations it has
been possible to demonstrate the presence of
2 x 10-12 gram molecules of copper, i.e. an amount
of 10-10 gram.

According to the attainable reproducibility of
the geometrical configuration, the accuracy of
the radioactivity measurements with the counter

varies between about 0.1% and 5%. In the neigh-
bourhood of the limit of sensitivity the accuracy
naturally decreases. An accuracy of 10% means
that for example in exchange experimentS it is
only possible to determine the amounts of the
isotopes exchanged with a possible error of 10%.
Sometimes, however, this is sufficient for the pur-
pose in view. The difference in mass of two iso-
topes is also accompanied by a slight difference in
diffusion and reaction velocity (see above under the
preparation of stable isotopes), so that the ratio of
isotopes in a physical or chemical exchange process
does not always remain entirely constant, but may
change slightly, sometimes even by several percent.

The analysis of mixtures of stable isotopes is
a problem by itself, which we shall only touch upon
lightly here, because these isotopes are of less im-
portance for practical applications. The oldest and
in modern form still much used method of analysis
is the "mass spectrograph" method of Aston. in a
gas -discharge tube ions of the mixture are formed
and then deflected to a greater or lesser degree by
an electrical and magnetic field according to their
mass. This method has been developed to a high
degree of accuracy, namely to errors of only 0.5%
in the ratio of isotopes to be determined. A much
easier method of analysis is that based on the mea-
surement of density, which is used for example for
deuterium, the heavy isotope of hydrogen, in the
form of "heavy water" (D20). Since it is possible
without too great difficulties to measure the density
of water to an accuracy of 10-6 - in this connection
it is also important that water can so easily be
purified by distillation - it is possible to determine
D20 quantitatively in extremely great dilution in
H20. If the deuterium forms part of other hydrogen
compounds the same method of analysis can be
applied by first burning the compound and concen-
trating attention on the water formed in the com-
bustion. Sometimes only very small quantities are
then available for the measurement of density, but
this is no objection since there are methods of
measurement in which 1/100 or even 1/1000 cm3
of water is sufficient.
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SECRET PRODUCTION OF RADIO RECEIVERS IN OCCUPIED TERRITORY

by "ONE OUT OF MANY."

During the German occupation the Dutch were
strictly forbidden to listen to foreign broadcasts, but
as long as they were left in possession of their
wireless sets, few obeyed the orders. When, however,
in 1943 the German authorities enforced their com-
mands by confiscating wireless sets on a large scale,
there arose a need everywhere for pocket-size
receivers, which could either be hidden away in a
small corner or camouflaged in an article of daily use.
It was, of course, primarily the task of the Philips
concern in Eindhoven to satisfy this demand, and
though a normal and organized production was out
of the question, personal initiative was not lacking.
Soon a lively activity sprang up in small workshops
and private rooms and the amateur set -making
of earlier days underwent a temporary but intensive
revival.

Official production figures are lacking and no one
knows exactly what was achieved, but it is esti-
mated that several thousands and perhaps tens of
thousands of these pocket-size receivers were pro-
duced in Eindhoven. Though we can only draw
on our own experience and on that of a small circle

621.396.181.4"36"

of friends we hope that the following notes will
nevertheless give a fair idea of the difficulties and
anxious moments of all who partook in this more
or less risky venture.

Preferably "button" or "acorn" valves were used
to keep the set as small as possible, and the so-
called reflex circuit was very popular owing to the
high sensitivity to be obtained from it with only
two of these miniature valves. In this circuit the
first tube serves both `as high frequency and low
frequency amplifier, while the second tube is used
as grid detector with feedback; the low frequency
signal from the anode of this last valve is impressed
on the grid of the first valve. In this circuiting
system the H.F. and L.F. parts must be carefully
separated by filters to avoid self -oscillation.

Fig. 1 illustrates an example of such a circuit,
which when using a headphone would give a
satisfactory reception on an aerial of two on three
meters stretched out in the room.

Since there was no space for a normal tuning
condenser, so-called trimmers with a capacity
varying from 3 to 30 1./.1).F were used (fig. 2). With
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well chosen coils the 30, 40 and 50 -meter bands
could then be covered, which left an ample choice
of stations to be tuned into.

4 C2

II

+200 Vo

Fig. 1. A reflex circuit frequently used. The pentode P serves as
h.f. and as LE amplifier; its anode is inductively coupled with
the grid of the triode D which is employed as grid detector.
From the anode of D the low frequency signal is fed back into
the grid of P via a low-pass filter comprising the elements
R1, C, and Rg. The headphone is taken up in the lead to the
screen grid of P, the condensor C3 being inserted to avoid h.f.
signals in the telephone leads.
The triode D has also been fitted with a normal h.f. feed -back
which is regulated by the condenser C3. A weak inductive
coupling between the coils L1 and L2 precludes the transmission
of LC signals from P to D.

Another circuit frequently adopted is illustrated
in fig. 3. In this circuit the triode-hexode UCH 21
is employed, the triode being used as grid detector
and the hexode as L.F. amplifier. This combination
is made possible by the fact that the grid of the
triode is not internally connected with one of the
grids of the hexode.

Despite the wide choice of stations referred to
above, listening in was often far from a pleasure
owing to the many jamming stations set up by
the Germans especially in the short wave range.
Combined with the unavoidable fading these made
reception difficult and frequently impossible, and
in the course of time this induced many set -
makers to change over to longer wavelengths. The
smaller range of wavelengths then to be covered
was compensated by a more reliable reception.

On the medium wave the British "Home Service"
in particular was free from jamming for a long

time, and on the 1500 meters the news could still
be distinguished with sufficient clarity from a
disturbing background. When, however, the station
usually tuned into happened to change its wave
length it became necessary to alter the coils and
this was generally no easy matter with such minute
home-made seik.

The circuitniustrated by figures 1 and 2 were
specially designed for sets of very small dimensions.
Those, however, who had given up their wireless to
the German authorities, according to orders, and
consequently did not live in constant fear of their
house being searched, could take the risk of some-
what larger dimensions. In a collection recently
exhibited to members of the B.B.C. staff visiting
the Netherlands we observed a couple of receivers
mounted on a sturdy brass chassis and fitted with
interchangeable coils and two normal valves,
the EF 6 and EBC 3, which reproduced various
English programmes on a loudspeaker with an aerial
of only one meter. We know that 15 of these

*8/4

Fig. 2. A trimmer, ordinarily used for the correction of capa-
cities in tuned circuits, is now employed as tuning condenser.
The construction shown above is that of a sliding condenser,
one electrode being moved with respect to the other by a
screw movement; the capacity ranges from 3 to 30

sets were made by one person single handed,
some of which were supplied to the underground
movement. And this is by no means to be considered
as a record.

Practically all pocket-size receivers were made for
direct use on the 220 volt AC mains, the anode

Fig. 3. Another circuit of frequent appli-
cation, combining grid detection and
amplification in a single valve (UCH 21).
A normal feed -back can be adjusted by
means of Cr To avoid the use of a
transformer the heater is fed from the
mains via the condenser C3. The anode
voltage is also taken from the mains
after rectification by the selenium rec-
tifier Se.
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X9/06

Fig. 4. A wireless set assembled in baby's powder duster. The connecting flex camouflaged
by knitted covering was used as girdle on mother's dressing gown. The telephone covered
in similar fashion was hung in the cradle as baby's rattle.

voltage being obtained by rectifying the mains
voltage either with an "acorn" valve or with a
selenium rectifier which could supply a maximum
current of 10 mA. Smoothing was effected with an
electrolytic condenser specially developed for this
purpose comprising 2 x 8 µF in a cylindrical
space 18 mm in diameter and 50 mm long.

The cathode heating current was in many cases
furnished by a small transformer. Since, however,
these were not always easy to come by, the

heating current was in other cases taken directly
from the mains, an incandescent lamp or better
still a condenser being used as series impedance.
A valve like the UCH 21, being designed for a
small heater current and a high heater voltage,
was specially suitable in this respect. Appropriate
condensers were again constructed and manufac-
tured on a fairly large scale solely for this purpose.

It should, however, be noted that the use of a
transformer had one definite advantage in that it

46/09

Fig. 5. A wireless set concealed in the cut-out pages of a hook.
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could also be fed from a bicycle dynamo, connected
to the low voltage side. In this case the dynamo
furnishes the 6 volts required for feeding the fila-
ments and this low tension is stepped up by the
transformer to the 220 volts needed for the anode

48110

Fig. 6. The base of this lamp contains a superheterodyne
receiver with 5 valves and a telephone serving as loud speaker.
In addition to its obvious use as reading light the wireless
could be put in operation by plugging a nail in an almost
invisible hole. The spoke of a bicycle wheel serving as aerial
could be slipped right back inside when not in use.

voltage. Turning the bicycle upside down and
mounting the dynamo on the rear wheel fork, the
set could be operated by driving the pedals by hand.
In this way many have been able to get the news
even when for some reason or other the supply
of electricity broke down.

To collect the necessary components was not
always an easy matter and frequently the con-
struction of the set will have been prescribed by
whatever materials happened to be available.
Anyone having a stock of special parts under his
custody would sooner or later be obliged to keep

it safely under lock and key to prevent it from
dwindling in a mysterious manner.

In finding a suitable camouflage individual
ingenuity was given free rein. At an exhibition of
the resistance movement we noted for instance a
wireless receiver assembled inside the headlight of a
bicycle lamp; as the glass was covered with the
prescribed black -out screen nothing could be seen
from outside. Other devices are illustrated in the
picture heading this article, while in figs. 4, 5 and 6
some original "solutions" are shown in greater detail.

The most urgent need for reliable news was,
of course, felt by those imprisoned in German camps.
In the spring of 1944 a Dutch prisoner of war in
Neu Brandenburg succeeded in sending a request to
Eindhoven for certain specified parts to be sent to
him concealed in a food parcel. So much experience
had by that time been gained that it could be de-
cided to send him a complete set instead, camou-
flaged in a tin of vegetables. In this case the circuit
of fig. 3 was adopted and after the set had been
assembled the weight of the tin was made up to
its proper value, care being taken that the centre
of gravity coincided with its normal position. Fur-
thermore the inside of the tin was provided with a
special lining so that it would produce the correct
sound on being tapped. When eventually a message
came through that the "football boots (this was
the prearranged code -word) had arrived in safety
and were an excellent fit" our joy was great, as
will easily be understood.

Needless to say this war -time venture had its
dangerous side, and unfortunately some who took
part forfeited their lives; in spite of that, however,
the work went on, outwitting the enemy with
cunning enterprise.
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. ELECTRICAL DETECTION OF TRACES OF POISONOUS GASES
IN THE ATMOSPHERE

by J. BOEKE.

. A catalyst of finely divided platinuin which catalyzes an oxidation reaction is found to be
hindered in its function by many gases which are also poisonous to the human body. Based
on this fact, an instrument has been designed which can detect the occurrence of poisonous
gases, for instance carbon monoxide in mines, garages* or boiler -houses, hydio-cyanic acid
gas in galvanizing shops, etc. The instrument contains a platinum catalyst on a platinum
wire serving as one of the resistance branches in a Wheatstone bridge and along
which a mixture of methylalcohol and atmospheric air is conducted. The heat developed by
the oxidation of the alcohol keeps the platinuni wire at a temperature of 120-150 °C, at:
which the bridge is brought into equilibrium. When the catalyst is poisoned the oxidation
reaction ceases, the wire cools off and, due to its change in resistance, the bridge is thrown
out of equilibrium, thereby setting an alarm arrangemen't into action. A simple portable
model of the instrument is desciibed. '

Suffocation and poisoning

The energy for 'die vital processes
animal is furnished by "combustion" of the organic
compoUnds in the food: an oxidation of the hy-
drogen- and the carbon in these compounds by the
oxygen in the air. For this oxidation it is necessary
that oxygen can be inhaled from the surrounding
air through the respiratory organs, eventually being
carried by the blood to the various organs involved
in the oxidation processes. -

If, therefore, the air inhaled by an animal were
replaced by a gas containing little or no oxygen,
for instance only nitrogen or laughing gas (N20),
the animal would die for kck of oxygen: it would
suffocate, or some of -its vital functions would cease;
it would become unconscious.- .

Elihu Thomson showed in 1873, by experi-
ments on the .T h o ins o n's family cat, that in the
case just described the term suffocation must
be used in contrast to the poisoning which oc-
curs, for instance, due to the presence of carbon
monoxide in the atmosphere. In the case of suffo-
cation (at least if life is not already extinct), upon
oxygen being administered, the organism quickly
resumes its normal functions, whereas in the case
-of the poisoning mentioned the after-effect lasts

' longer and -in spite of renewed supplyof oxygen --
death may still set in after some time. In the case
of such poisoning as this it is not the external
supply of oxygen that ceases, but 'rather the
transfer of the oxygen from the lungs to the com-

. pounds to be oxidized. The agents serving for this
transfer are the haemoglobin (red pigment) in the
blood = which together with oxygen forms a
chemical compound, oxyhaemoglobine, that can

- easily be decomposed again and carries it in that
-form to the organs 7- and a number of specific

in man and
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substances dalled ferments or enzymes. ,The haemo-
globin combines with carbon monoxide more readily
than with oxygen, so that where carbon monoxide
is present the oxygen -blood compound can no
longer be formed and the supply of oxygen through
the body stops. In a similar way the ferments in the
body can be rendered inactive by -certain gases in,
the air inhaled. Their function as carriers also '
ceases; they are "poisoned". Since the ferments are
present only in very small amounts it is under-
standable that even only traces of a poisonous _

gas may be sufficient to block a special ferment
function essential in the chain of metabolism of the
organism, and thereby cause the entire organism -
to suffer a "death by star-Vatilin". Only 0.03 vol. %
of the well-known prussic acid (hydrogen cyanide)
in the atmosphere inhaled for a, few moments is
sufficient to kill an adult. It is less well known that
hydrogen sulphide (given off by rotten eggs) is
just as poisonous and in fact, because its action is -

cumulative, even more dangerous. Due to its
extremely strong odour, however, we are warned in -
time and can escape from the poisonous atmosphere.

Unfortunately in many other cases of poisonous
gases the nose does not function as an alarm instru-
ment. Our sense of smell very often fails to react to
gases which ordinarily do not occur free in nature
but which are usually only formed by human
agency: carbon monoxide is quite odourless fo'r
one, hydrogen cyanide for many. Even with re-
spect to hydrogen sulphide, which does often occur
in nature, the nose is not always reliable: after a
relatively short time the sense of smell becomes
so used to it that the concentration could be in --
creased until a fatal dose is unsuspectingly inhaled.

- In practice there are many cases where there is a



- 342 PHILIPS TECHNICAL REVIEW

risk of coming into contact with these or other
'poisonous gases. For example, in garages or boiler -
houses, where carbon .monoxide may be formed
owing to incomplete combustion; in mines where
carbon monoxide may also occur; in painters'
workshops where carbon monoxide is liberated
in the drying of paint containing linseed oil; in the

- fumigation of ships' holds and of houses with
hydrogen cyanide preparations, where traces may
linger after the treatment; in galvanizing shops
where hydrogen cyanide may be developed owing
to incorrect handling of cyanide -containing baths,
etc. In such cases it may often be desirable to have
at one's disposal an objective alarm apparatus

-sufficiently sensitive to react even to, traces of
invisible, more or less odourless poisonous gases

 and vapours.
At first .glance this might seem ,impossible of .

achievement. How can an instrument, distinguish
whether "a gas is poisonous to human beings or not?
The instrument shoud not, of course, react to non-
poisonous gases.

A solution of this problem is made possible by
the fact that the phenomenon of poisoning in the

- human body shows a far-reaching parallelism with
the phenomenon of the poisoning of a -platinum
catalyst. An alarm arrangement based upon this
willbe described here 1). For a good understanding
of its working, however, it is necessary first to say
something about the functioning of a catalyst.

Catalysts

'Oxidation by. transfer 'in addition to_ ordinary
- oxidation is also mete with Outside the living

organism. _

Hydrogen is an easily oxidizable gas which on
being burnt gives off heat. and forms water. At
room temperature, however, no combustion takes
place; due to the fact that between the two mole-
cedes of hydrogen and oxygen approaching each
other there is an energy threshold preventing them
from combining at room temperature. If the tempe-
rature is increased by the flame of a match the'
energy of Motion of a number of molecules is in-
creased sufficiently to cause them to pass over the
energy threshold; the heat of combustion then libe-
rated keeps the reaction going. _

'However, there is yet another, possibility of
bringing about the oxidation of hydrogen (and of
compounds containing hydrogen), namely by means
-of a preparation of finely divided platinum, .so-
called platinum black, upon which both hydrogen

-

Netherlands patent no. 54716, applied for 23,Dec. 1939.
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- and oxygen are absorbed. This phenomenon, which
was discovered as early as 1823 by. I) oh ereiner, -
may be explained as follows. In the adsorbed state
the molecular structure of the gases is somewhat
loosened by the fields of force of the platinuni atoms,
which means a lowering of the aboVe mentioned
energy threshold,- so that the latter can already
be exceeded at room temperature and reaction takes
place. The platinum itself does not take part in the _ -

reaction, it only catalyses it. This may be ex -
Pressed by saying that the oxygen, which in a free

' state does not react with -free hydrogen, is carried
,over to the hydrogen by the platinum, acting in -

much the same way as the organic carriers, the fer-
ments, enzymes, etc., which may also be considered
as catalysts. Since the platinum does not take part
in the reaction and thus is not consumed, and the_
adsorbed molecules after their mutual reaction
leave the surface to make room for the adsorption
of new molecules, a small amount of platinum can
catalyse the reaction of any desired large amount of
gas, as is the case with ferments.

Upon platimlm black being heated to a high
temperature its catalytic properties are lost. This
can be explained by the assumption that the cata-.
lysis does not take place uniformly over the whole
platinum surface, but at special "active" spots,
for instance the edges and corners of the minute
crystals of platinum on the surface 2)." This as-:.
sumption agrees entirely with the explanation of '
catalysis by adsorption, since the platinum atoms
at such spots are surrounded by fewer neighbouring
atoms than in the plane face,' and therefore have
left over,. as it were, forces of attraction to attract
foreign molecules (see fig. /).-At'a high temperature ..

a

Fig. 1. Diagram of the surface of a catalyst with the fields of
attraction shaded (a). Edges and corners of crystals in the sur-
face form -active spots where foreign molecules are preferen-
tially adsorbed (b).

. ,

4776,

recrystallization takes place, the many small
crystals combining to form a ,few large ones. The
numbe'r of edges and corners is thereby considerably"'
reduced, until the  number of active spots is too
small to make any catalytic action perceptible.

D oh ereiner, who also knew of this phenomenon,
noted that trades of hydrogen sulphide, hydrogen.
cyanide and carbon -monoxide also made platinum
black ineffective; the catalyst was "poisoned".
2) See the survey: E. K..Ride al and H. S. Taylor, 'Cata-

lysis in Theory and Practice, MacMillan & Co. London 1926:
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;DETECTION OF POISONOUS GASES

The' explanation is that the poisonous substances
- are very 'easily adsorbed on the platinum, their

molecules_ occupying the active spots and staying
there, thus blocking the catalytic function. Since
the adsorptipn is a surface effect, it is also clear
that a very small volume of the poison can make the
catalyst ineffective, since every active spot need
only be occupied by one or a few poison molecules.

For reactions in which different gases are involved,
different catalysts are generally ,used, and the
poisons also" seem to be more or less specific:
Hydrogen sulphide, a strong *poison for platinum;
is not poisonous for nickel sulphide catalysts, which
are used technically in the preparation of syn-

' thetic petrol (Am. gasoline). Oxygen, a normal
-component in reactions accelerated by platinum,
is a strong poison for the iron catalysts in the syn-
thesis of ammonia, etc. -

There is, however, a remarkably pronounced
parallel between the poisoning properties of all
kinds of substances for platinum and for the organic
cataiysts which -play a part in the body. Let us
compare, for -instance, platinum with catalase,
an enzyme occurring in most body liquids such as--,
blood and milk. Both substances may function as
accelerators of the reaction in the decomposition

 of hydrogen peroxide into, water and oxygen. It
has been studied how this catalytic function is

' 2.- hindered by certain "poisons"; in the table below' 3)
the number of gram molecules of a series of poi-
sons is given which is necessary, to reduce to One
half the velocity of the reaction mentioned for
given platinum or catalase preparation. It may be
seen -that platinum is poisoned by a whole series of
substances which are also poisonous to catalase.

- Carbon monoxide is, it is true, not poisonous for
catnlase, but it -is important that platinum is also
sensitive to it, since, as has already been mentioned,
carbon 'monoxide is poisonous for haemoglobin.'

It is impossible to state exactly upon what the
parallelism between the poisonousness for plati-
num 'Mad that for the organic catalysts is based.
It may be noted, however, that they both have the
property of catalysing reactions at low temperature
where oxygen is involved. The inorganic catalysts
which catalyse the same reactions at higher tem-
peratures, such as certain oxides, are insensitive to
many of the poisons listed, probably because of the
fact that at higher temperature the poison mole-

_ cules themselves begin to react and therefore'do not
 continue to block the active centres.

3) BorroN'ved from an article by W. D. -Bancroft in the
book referred to in footnote 2).
'

Poison

Concentration of poisbn
(in gram molecules)

fora certain
preparation

of blood
catalase

for a certain
platinum

preparation

Sublimate, HgC12 . . . .

Hydrogen sulphide, H2S
Hydrocyanic "acid, HCN
Mercuric Bromide, HgBr2
Mercuric Cyanide, Hg(CN)2
Iodine solution, I2 in KI .
HYdroxylamine hydro -

Chloride, NI120H.HC1 
Phenyl hydrazine,

Calls NHNH2
Aniline, Coll5NH2 . .

Arsenic trioxide, As2O3 . .

Carbon monoxide, CO .

Hydrochloric. HC1

1/2 000 40
1/300 000

1/20 000 000

1/200 000
1/50 000 000

1/25 000

1/50000
1/50

very
poisonous

1/8000 _

Principle of the alarm apparatus

1/2 000 000
1/1 000 000'
1/1 000 000
1/300 000
1/300 000
1/50 000

1/80 000

1/20 000
1/400

non-poisonous
to 1/2000

non-
poisonous
1/100 000

- The fundamental principle of the alarm appa-
ratus, which is based upon the above parallelisni,
is the following. An oxidation reaction is caused
to take place on a platinum catalyst. Heat is there-
by liberated. The oxygen -for the oxidation 'is fur7
nished by suction of atniospheric air.' If the latter
contains., a poison (in the form of gas, vapour or
mist) the catalyst loses its effect, the reaction stops

- and. thus also the heat .development. The check on
poisonous substances in the air is thereby reduced

 to a check on the heat development.
As oxidation reaction we have chosen the oxi-

dation of methylalcohol. A mixture, of methyl -
alcohol vapour and air flows along a layer of pla-,
tinum black deposited on a platinum wire with 4n -
intermediate layer of aluminium oxide., This
wire forms one of the arms of a Wheatstone
bridge ( fig. 2). By the heat of oxidation released by

47770

Fig. 2. Diagram showing the principle of the circuit, of the
alarm apparatus. The platinum wire P bears 'the catalyst
(a layer of platinum black) along which a mixture of methyl -
alcohol and atmospheric air is blown. R variable, B1,5 fixed
bridge resistance, T headphone.'
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the catalyst the temperature of the platinum wire
and thus its resistance is increased. The bridge
is brought into equilibrium at the temperature
ultimately attained by the wire after the oxidation
has proceeded for several; moments (120-150 °C).

The presence of a poison will immediately cause
the temperature of the catalyst and ,its carrier to
fall, the equilibrium of the bridge is disturbed and
a buzz is heard in the head phones shown in the
diagram. Of course it is also possible to cause the
disturbance of the equilibrium of the bridge to
actuate a series of sirens or signal lamps by means
of a relay.

After an alarm has been given the apparatus is
prepared again for detection by "depoisoning" the
catalyst. This is done by raising its temperature
for a short time to about 400 °C, which evaporates
the poison or causes it to disappear owing to a
reaction with the mixture of methyl alcohol and
air.

Activity and equilibrium temperature of the catalyst

In order that the catalyst should be hindered in its function
by very small amounts of poison, it is desirable that the acti-
vity of the catalyst (i.e. the number of active spots) should be
small compared with the amount of the reaction components
passed over it per unit of time. This means that all the active
spots available are continually occupied with the reaction.,
If this were not the, case the blocking of a certain number
of active spots due to occupation by poison molecules would not
necessarily affect the total amount of reaction product formed
per unit of time. The heat developed per unit of time would
then also remain unchanged, and with certain conditions of
cooling (by radiation -and convection) the temperature, which
is determined by the equilibrium between heat developed and
heat dissipated, would not, necessarily undergo any change
either:

The activity of the catalyst must therefore expressly be
reduced until it operates under full load. This is done by heat-

" ing the catalyst wire for some time at about 700 °C. Obviously,
however, one must not go beyond a certain limit, because an,
entirely inactive catalyst can no longer be neutralised by
a poison.

This limitation can be expressed in another way. As the
activity of the catalyst is reduced so the temperature at which
it works must increase in order that the oxidation reaction may
keep itself going. In the extreme case of zero activity, the work-
ing temperature must simply be equal to the ordinary flame
temperature. at which the oxidation can keep itself going
without a catalyst. From this it follows that with increasing
equilibrium temperature of the catalyst there can be less and
less question of "Poisoning": the parallelism with the sen-
sitivity to poisons of the enzymes and ferments which act at
blood temperature becomes less and less pronounced.

An equilibrium temperature of 120 to 150 °C was found to be
the most suitable. In making this choice it must also be taken
into account that the working temperature should not be too
low, in order to ensure adequate disturbance of the bridge
equilibrium when the catalyst becomes poisoned and cools
down to room iemperature, so that a clear indication can be
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obtained with a very simple and, not highly sensitive appa-
ratus.

The fact that we may, count on a cooling to room temperature-
may be explained as follows. Upon poisoning, i.e.' reduction
in the number of active spots available, less heat will be pro-
duced by the reaction. On the other hand, as already stated, to
maintain the reaction with a smaller numbei of active spots
a higher temperature is necessary. From this it may be seen
that upon a slight poisoning of a fully loaded catalyst no new
equilibrium can be established; the temperature falls rapidly
to room temperature.

The desired equilibrium temperature of 120-150 °C is realized
by annealing the catalyst until with the given glow of the
alcohol -air mixture it adjusts itself to' that temperature. Of
course the velocity of supply of the reaction components must
then remain constant, in order that the equilibrium of the bridge
shall not be disturbed already without any poisoning. The
regulation of the velocity of flow is found not to be very
critical, since the influence of the more rapid supply of the
reaction mixture as the flow increases is approximately com-
pensated by the deeper cooling then taking place. It is
important, however, to keep the concentration of alcohol in
the mixture very constant.

When the catalyst is put into action the oxidation reaction
does not start spontaneously. The catalyst must first be heated
artificially for a moment abode the equilibrium temperature
to be reached. This is done in the same way as the
"depoisoning" previously mentioned.

Construction of a, portable instrument'

A portable alarm apparatus constructed according
to the principles described is shown in fig. 3. In
addition to great sensitivity, reliability and sim-

- plicity of operation, it was necessary ,- to make it
portable - to aim at light weight and small energy
consumption. The solution was found in the
following details.

The catalyst wire is mounted in an exchangeable
tube in the same way as the metal filament in an
incandescent lamp.

- The air to be tested is supplied by means of a
diaphragm punip. This consists of a fiatloudspeaker
diaphragm with, a cover in front of it with a blast
opening. The diaphragm is vibrated by a kind of
electric bell. This simple arrangement works as a
pump with a capacity' of about 7 liters air per
minute.

Via a needle valve and a capillary methyl alcohol
drips from a reservoir into a mixing chamber where

.the alcohol vapour is carried along by the current
of air passing through. A fine wire in the capillary ,
permits a fine regulation of the alcohol supply and a
rapid cleaning of the capillary if it becomes stopped
up. The mixing chamber is pre -heated by the ex-
hausted oxidation gases; thanks to this measure
the working temperature of the catalyst is little
affected by temperature variations .of the outside air.

In order to obtain a buzzing tone in the head-
,
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Fig. 3. Cross-section of a portable model of the alarm instru-
ment. P exchangeable "lamp" with platinum catalyst, M
reservoir with methylalcohol which, via the needle valve N
and the capillary C, drips into the mixing, chamber K. B elec-
tric bell which sets the -loudspeaker diaphragm L vibrating
by means of which the air entering, possibly via The filter F,
is blown through the mixing chamber. The exhausted air leaves
the apparatus at U. R variable resistance for balan-eing the
bridge circuit. Z1 pocket torch battery for normal operation,
Z2 battery for starting and depoisoning the catalyst, T con-
nection for the headphone.- >

 phone used. as indicator the' resistance bridge has
to be fed with A.C. voltage or intermittent. D.C.
Voltage. For this purpose the voltage across the
winding of the electric bell system driving the
pump is' used.

The resistances in the arms of the bridge take up-
. energy.  Since the energy consumption must be a
minimum, the winding of the bell system, in which
in any case current must flow, is provided with a
.middle tap, and the two halves are used as. fixed,
bridge resistances. Moreover .with the help of a
eOndenser the winding is brought into electrical
resonance with the characteristic frequency of the
interruptor of the bell- system; *see fig. 4. By these
measures the total 7onsumption of energy of the
apiaratus is reduced to 0.5 Watt, which is -supplied
by, a' pocket -torch battery.

When the variable resistance for setting the bridge
in eqUilibrium i3 tamed completely back, a switch
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connects the catalyst wire with another' battery,
so that it can be heated for a few seconds by ' -
3 Watts to about 400 °C, for "starting" and "de -

poisoning". - - ,

In front of the openings. hrough which, the pump -

draw's in air from the outside a filter can, if desired,
be placed to block the entrance for certain gases.'
In/this w4. it is posSible to demonstrate the pres-
ence of certain gases selectively,- for instance in
garages where petrol vapour is alwasy present 'and
wheie the instrument is not required to react to

. that bilt only to 'possible carbon monoxide; in this
case, therefore, a filter must be used whiCh absorbs
petrol vapour but allows carbon monoxide to,pass
through.. The fact that the catalyst is also 'pois-.
oned by petrol vapours which are only slightly
harmful for the body is one of the deviations from
ihe above -mentioned parallelism. However, it is
also possible to take advantage Of this fact in order/
to detect petrol or other vapours in places where.
their presence would lead to the formation of
explosive' Mixtures. An analogous possibility 'of
application is based on the fact' that the. catalyst'
is sensitive to Freon and other voltatile halogenated
hydrocarbons only slightly harmful for human
beings., .

477,2 -

Fig. 4. More detailed diagrani of tie circuit of the apparatus.
The two halves of the exciter coil of the bell system also serve
as the fixed resistances R1, R2 of the bridge circuit. Z battery,
C condenser, L diaphragm pump; other letters as in fig. 2.

These fairly expensive gases are used, for example,
'in refrigerating _plants, and the instrument de-
scribed would be very well suited for detecting leaks
in such plants. It is clear, however, that such appli-

- cations have nothing to do with the original pur-
pose of the apparatus and that other specific
actions or reactions' of the gases, in question could
probably also'be used for the purpose.

.
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culties 'con_ netted with such measurements in this,
case. The fact that it cannot be a thermal arc, -

however, is evident when it is realized that for ther-
mionic emission of the'Current densities just men-
tioned a temperature of at least 3500 °C would be
-necessaiy; the occurrence of such temperatures

.."must be considered out of the question. because
mercury very readily' evaporates at a much =lower '

.1) ,the thermal aic, where the cathode is raised _temperature. From the current density and the
to such a- temperature as to, bring about a amount of mercury that -evaporates - it `follows,
thermionic emission of the ordei_of the arc moreover; that the temperature of the cathode spot
current; - must be between 200 and 300 °C, at which teniperi:

the field arc, where electrons are liberated- * ature thermionic emission is quite negligible.'

from the Cathode by  an- electric field
Methods of initiating a cathode spotwhich- must be of a strength at -least several

times 107 V/cm - set-up by the positive ions
formed in the arc. By way of contrast with
'thermionic emission one usually, speaks here of
Cold emission.

. It is this cold emission with which we are con-
cerned in 'mercury -cathode rectifiers. Here
the cathode is ,a pool of mercury and the discharge
emanates from" the so-called cathode spot, i.e. a
highly luminescent spot- where there is a strong
concentration of electrOns and ions and where the
current density is estimated to average 4000 A/cm2
(estimations' varY, however, from 1700 to 18 000

.,A/cm2). This -Spot moves about over thc mercury
in a most irregular manner.

'Whether the mercury arc is a thermal or a field
arc cannot well be decided from direct temper%
attire measurements because  of the many diffi-

.

I) See for example M. J. Druyvesteyn and 'J. G. W.
Mulder, The Physical Basis of Gas -filled Rectifiers with

- lint Cathode, Philips Teel n. Rev. 2, 122,-1937.

.
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POTENTIAL DISTRIBUTION AT TYE- IGNITER OF. A RELAY' VALVE
WITH MERCURY CATHODE

by by N. WARMOLTZ. 621.316.546.032.43:621.317.329

In order to obtain a Letter insight into the manner in which a cathode spot is formed on
mercury by means of a dielectric igniter it was desired to know, among other things, the,
field strength on the surface of the mercury. This article describes how this was determined
with the help of a one -hundred times enlarged model of an igniter in an -electrolytic tank.
The presence of two dielectrics between the mercury of the cathode and the conducting
part of the igniter (namely vacuum and quartz) makes it necessary to  use two
electrolytes in the electrolytic tank. The liquid -tight partition betWeen these electro-
lytes must be conductive in the direction perpendicular to its surface, but insulating in the
horizontal direction along that surface. A simple solution is given for the problem of
constructing such an anisotropic wall.
When assuming that the mercury surfaCe is smooth the results of the measurement
lead to field strengths which are too low for cold emission. If, however, it is assumed, with -
Tonks, 'that the mercury surface may be drawn out to small sharp points by the electric
field, then a satisfactory explanation is found for the emission observed.

A fofm of discharge much used in technology is
the arc. Its wide -spread use is due to its power of
conducting large currents with relatively low voltage

- loss., Thii is one of the factors that have madefit
, possible " to construct rectifiers of high efficiency.

Arc discharges may be divided into several kinds.
For rectifiers andrelated applications the following

.
are mainly used: - '

-

 A cathode spot is not formed spontaneously.
In order to Make a mercury -cathode rectifier func-
tion, a cathode spot must be formed in 'some wayOr
other. An old but still used method consists in
sending _an auxiliary current through the mercury,
cathode and an igniting electrode which  reaches .

into the mercury ,and is then drawn out of it, for 
instance by an ,electromagnet or a bimetal_ relay.
The auxiliary current is then interrupted' and a
cathode spot is found to have been formed. From
this an arc discharge to the main anode(s) can -,
develop:

Another method of ignition originated by
Cooper-Heivitt,dates from 1901. The.glass wall
of the vessel containing the Cathode mercury is
surrounded bY,a metal ,band at the level of the ,

.meniscus. When a voltage of about 10 kV is applied
between _the cathode and this -."ignition band"
- the latter must be positive -a spark occurs at
the edge of the Meniscus which can pass over into a
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.'cathode spot 2). This dielectric ignition,
contrast to the preiriously mentioned ignition by
immersion with its mechanical -inertia, has the

_- advantage that the ignition can be repeated at- a
rapid rate and brought about at accurately deter-

' mined moments.- A discharge tube with dielectric
ignition thus has the character of 'a relay valve 3),
i.e. -a switch with practically _no time lag.'
Moreover, thanks to the mercury Cathode, it can
pass veiy large currents without harm. These pro-

- perties are of particular importance for 'switching
devices serving to generate current -impulses of
variable length; interval and 'aMplitude. The
technique demands these -properties; for instance,
for electrical-' resistance welding 4) and for strobos-
copic purposes. Thus, for example, in the stro-

- boscope3),already discussed"in this periodical the -

Cooper Hewitt's ignition band;: it consists of a
small _quartz- tube filled with mercury, which is -
shown in fig.' 2 enlarged and in a slightly different;
form.' The action is the same as with the ignition
band, the impro'vement consisting -mainly. in the

Fig. 2. - Dielectric igniter. A insulating wall, B conductor,1
C mercury cathode, D voltage connection of the igniter.

greater durability of quartz. During the first 'few
moments following the formation of the cathode spot

. an auxiliary electrode (fig. 1) connected to the same
voltage source as the igniter S serves as anode for'
the discharge, which then develops further toward
the main anode. The 'whole breakdown takes place
within a. very short time (of the order of 10-7 sec. -`

calculated from the moment at which the cathode

.4106

spot ,was fornied).
When studying the properties of this igniter it '

- was found desirable to know the distribution
--Fig. 1. Relay valve with dielectric ignitei. Al main anode, of potential in the space between the mercury.
K mercury cathode, I dielectric igniter, H auxiliary anode, surface and,the outs'ide wall of the igniter (respec--  h point to which a voltage -impulse positive with respect to K
must be applied to obtain a cathode spot. tively C and'A in fig. 3).,This is connected with the

above -mentioned cold emission of electrons from
.

' tube sketched in fig. I is used as switch for thelamp .

- producing the light flashes. In this case current
- impulses of up to 2000 A are required, with a flash'

- time of the order Of 1.0' sec and a frequency of up
- to 250 flashes per sec. The ignition electrode of the,
tube shown in fig. 1 is an improireff design of

2) N. Warmoltz, On the Mechanism"- of the Capacitative
Igniter and of the Resistance Igniter in Mercury -Vapour
Rectifiers, dissertation Delft 1946 (English summary).

3) There is also another group of relay valves, namely those
with control grid, in .which the anode current can
only flow when the control grid voltage exceeds a certain
value. The cathode in this case may be either of mercury
or it may be a hot cathode. Applications of relay valves
with hot cathodes are described, for instance, in the article

 referred to in footnote 4); in principe, however, relay valves
with capacitive ignition can also be used there. We cannot
here give a comparison of the two systems: relay valves '
with control grid and those with capacitative ignition.

4) D. M. Ditinker. Relay Valves 'as Time Switches for spot
' welding,, Philips Techn. Rev. 1, 11, 1936.
5) S. L. de. Bruin, An Apparatus. for Stroboscopic Obspr-

vation, Philips Techn..R6V. 8, 25, 1946.

.ear 4

Fig. 3. Position of the mercury meniscus at the igniter: The
letters A, B and C have the same significance as in fig. 2.
a is the so-called limiting angle whose magnitude differs
for different substances and which for the combination
mercury -quartz was 136°30'.

the mercury surface. For this, of course, the elec-
tric field strength at the surface and the potential
difference through which an electron passes on its"
path through the above -mentioned ' space are of
great importance. These two quantities can be -
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derived from the distribution of potential, which we
have determined in the Manner described below.

We did not try to calculate this distribution
of potential because of the mathematical complexity
of the problem. Measurements led more quickly
to the goal, and in particular measurements carried
out on a* similarly shaped model in an' eleetr o-
lyti tank trough, especially since the necessary_
apparatus was for the main part already available 6).

The electrolytic tank

Use is made of the fact that the distribution of
potential in an electrostatic problem is )ntical

1, with that in the corresponding conduction problem,
that is to say it is identical With the case where the
same electrodes with the same mutual potential
differences are surrounded by condultors (prefer-
ably liquid, such as electrolytes) instead of dielec-

i', tries. The specific resistance of these conductors
'must be high compared with that of the electrodes.

VOL. 8," No. 11
-

Fig. 4. Cross-section of a plane igniter. A quartz plate, on
which the ingition occurs, B inner conductor (for instance
mercury), C mercury cathode, D voltage connection.. .

. .

Both cases are governed by Lap 1 a c e's equation. - -

and the same boundary conditions. , . fig. 4. A model of this was constructed with a hun-,
In a cross-section of the conthiction model -ded-fold linear enlargement for the measurements

- which can often advantageously he constructed in the electrolytic tank a top view of which is given
as a proportional enlargement of the original elec- diagrammatically in fig. 5. The conducting part of
trostatie case - the potential is measured at any the igniter is.represented by the flat plate B, the.

desired point with the help of a moveable probing mercury surface by the plate C bent to cerrespond
electrode. Providing the latter is small enough, it to the 'Meniscus, both being of copper. The space

- .. / -
causes no appreciable disturbance of the original indicated by A corresponds to the insulating cover-

_

potential distribution. . ing of the igniter. Here, however, a complication
In the practical application a tanlc of insulating arises which did not occur in the tank measurements .

material is used, filled`with a weal( electrolyte, tap described in the ,article referred to in footnote 6).
water for instance. ,The model of the' electrodes,
made for instance of copper, is placed in this vessel,',
and  voltages are applied between the elecyodes
(A.C. voltages of not too low frequency in order to
avoid Polarization at the electrodes). With the
moveable probing electrode points are found where,

:  the potential has a certain value, ascertained by.
-Means of a bridge circuit. A stylus coupled with the
probing electrode records the corresponding, points

 on a sheet of paper; the geometrical position of these
points is' one of the desired e- quiPotential lines.

Design of a tank with two electrolytes

In order to keep the model simple we have con-
- sidered the distribution' of potential- in the case of

plane igniters. Those actually used' are in fact
, cylindrical, but the ignition mechanism is in prin-

ciple the Same in both shapes.. '

A. possible form of a plane igniter is `sketched in

48010

Fig. 5. View from above (diagrammatic) of an electrolytic
tank (T) for measurement of the distribution of potential
on a model of a dielectric igniter. The flat copper plate B
and the bent copper plate C represent (enlarged 100 times)
the analogen of the inner conductor and the mercury
meniscus respectively (cf. fig. 4)./The plate B is situated in
a vessel E filled with a solution of copper sulphate ; outside
this vessel there is tap water. The space A corresponds to the
quartz plate A of fig. 4. By parallel displacement of the plate
the width of A can be B varied to correspond to different

 thickness of wall of the igniter. S is an anisotr copic wall
conductive in the 'direction X but not in the direction Y (see

- fig.- 6). The probing electrode, which is not draivn, is moveable
' in the spaces' C -S and S -B. The probing electrodd is a copper

G. Hepp, Measurement§ of Potential by means of the wire of 0.1 mm diameter, projecting I to .2 mm out of an
Electrolytic. Tank, Philips Techn, Rev. 4, 223, 1939. insulating covering.

.
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There, in the 'electrostatic case, there was only one Since the U pieces are spaced, there is no coudne-
dielectric (a vacuum), between the electrodes and tivity in the longitudinal (Y) 'direction.
this could therefore' be represented in the tank - - It is only in the immediate vicinity'of this aniso;
model by one electrolyte. In our case; however, tropic wall that the discontinuities of the "trellis
there are two dielectrics : the space between A and work" are manifested. Therefore no measurements
C (fig. 3), in which there is only -mercury vapour, were taken at distances less than the thickness of .
and the insulator A consisting of quartz or suchlike ' the wire of the spacing (both 0.5 mm).

.' material. This means that at the corresponding
places in the model different electrolytes must
also be used, with conductivities in the same ratio
as the dielectric constants 'of the insulators, viz 1 for
vacuum (in this respect the mercury vapour pre -
_sent is withoirt significance)_ and 4.4 for quartz.
The place in the tank corresponding to the quartz -
(A in fig. 5) 'rnuit therefore be, filled with an elec-
trolyte having a 'Conductivity 4.4 times that of
the place corresponding to the vacuum. We chose
for the latter tap water and for the former a solution
of copper sulphate. Since the two electrolytes must
of course be kept separate, the copper sulphate
is in a' separate vessel,

Ittell

Fig. 6. Anisotropic wall separating the electrolytes (S in fig:5).
A plate p of insulating material is wound at intervals'with bare.
copper wire k, fig. 6a. In the longitudinal direction there is a
groove g 6b. With a knife m the windings are cut through

When considering what material should be used above this groove and the ends thus formed are 'bent around
for the wall S (fig. 5) of this vessel, one encounters the edge of the groove; fig. 6c., In this way a plate is formed ,,

which is surrounded by a series of spaced U-shaped pieces ofthe following peculiar difficulty. Metal cannot be hare wire.
used because conductive walls would form equi-
potential

,-potential surfaces for which there is no analogy The copper plate B (fig. 5) is moveable in the
in the electrostatic case; this would lead to an en- tvessel' containing the copper, sulphate, so that
tirely erroneous, picture of the -original distribution measurements can be made with different widths ;

of potential. If, however, the' whole vessel were
made of non-conductive -material, an entirely dif-
ferent potential distribution would again be, ob-
tained: both electrolytes would then function as -
coatings of a condenser, with the walls of the vessel
as dielectric taking up practically the whole po-
tentialdifference applied. What is desired is a con-
struction in which the wall S (fig. 5) conducts in
the direction X but not in the direction Y (its be-
haviour in the third direction is a matter of indif-
ference), while the other walls must be insulating.

An Obvious solution satisfying these apparently
contradictory requirements is the following. A
large number of metal pins are driven-. through
an insulating plate in such 'a way that they project
on both sides but make no contact with each other.
These pins then give the desired conductivity in
the X -direction, while no current can flow in direc- -

tions perpendicular to that. 'To make such a wall,
hOWever, is rather laborious. A more practical
solution has been found in the construction illus-

_

trate& in fig. 6, consisting of a plate of insulating
material surrounded by a series of spaced, U-shaped
pieces of bare copper wire. The latter provide for the
necessary conductivity in a direction perpendicular
to the surface of the plate '(X direction in fig. 5).'

of the space A (corresponding to the different thick-
nesses of quartz in the igniter).

`Results of measurements

, , As a check, several potential distributions'. -were
first measured with tap water -also in vessel -.E,
(fig. 5). It is then' to be expected that the equi-
potentials surfaces on the partitioning wall (S,
fig. 5) will be continuous. Fig. 7 shows the result of a
measurement for two thicknesses of wall (0.35 and
3.0 mm, i.e. 3. -and 30 cm'inthe model). As may
be _seen, by. a parallel displacement over the thick -n`,
ness ,of the partitioning wall S (or ,rather slightly
more than that- thickness in order to exclude the
region where the field disturbance of the indiVidual
"bars", is appreciable) the equipotential lines can
be made to run almost without interruption.

Fig. 8 gives some, of the actual 'measurements
taken on the model of the igniter for three thick-
nesses of wall (0.35, 1.0 and 3.0 mm). The kink
observed in the equipotential lines actually corres-
ponds to the dielectric constant of the igniter wall
*of abOnt 4.4.

7) This method has also been applied by R. Stacho NO a c
E.T.Z. 62, 441, 1941.



 \ .

- 7 PHILIPS TECHNICAL REVIEW:

Fig. 7. Result of check measurements in which the vessel E (fig. 5) was also filled with tap
water, to correspondto an imaginary igniter wall with a dielectric constant of 1 and a
thickness of 0.35 mm (fig. 7a) and 3.0 mm respectively (fig. 7b). The curves are measured
equipotential lines, the numbers indicating the corresponding potential (that of the elec-
trodes C and A being set at 0 and 1 respectively). When the thickness of the separating

- wall S is imagined to be reduced to zero, the equipotential lines continue without inter-
ruption, as was to be expected.

The electrical lines of force undergO a change of direction
at the boundary surface between two media of different
dielectric constant (el, e2), in such a way that the electrical

. *hen yi and y2 are the respective angles which the equipo-
tential lines make with the normal to the boundary surface.

By drawing the lines of force in these figures andfield strength on either hide of the boundary surface has the '
...

same tangential component, but that the normal conziponents measuring along them the distances of the eqUi-.:
are inversely proportional to the dielectric constants. From this potential lurfaces the electrical field `strength can ,
it follows that for the Change of direction of the lines of force; be determined. In order to find the field strength ':.

at the mercury 'surface several equipotential sur-
- faces' running 'close along the electrode : C were ; ..,:-

accurately measured once more. - - ' - .

(cf .fig. 9) = .

- tg /11 N1Q1/P1N1 1/P1N1 = ei
tg /32 N2Q2/P2N2 '1/P2N2 e2

. '
For'the equipotential lines intersecting the lines of force at
right angles, the following is therefore valid:

tg cotg 82,

tg y2 cotg /12 e,,
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It was found, as is indeed well knoWn; that the
electrodes must be absolutely clean. If that is so,
then the probing electrode takes up the pOtential of
the electrode by just touching it. ;Otherwise there

-
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Fig. 8. Several measured distributions of potential on a plane igniter whose wall has a
dielectric constant of 4.4 and a ,,thickness (a) of 0.35 mm, (b) of 1.0 mm, and (c) of -

- 3.0 mm; ley les and les are lines of force. .

"!.;:
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always remains a potential difference between that
electrode and the probing electrode caused by lower
conductivity of the surface layer.' It was found 're-_
cessary to clean- the electrodes and the partition
wall daily with -concentrated sulphirric acid.

7

T.

Q2 -

Alt

strengths. R. Haefer* determined the necessary
field strength with tungsten points examined
ultramicroscopically for smoothness of 'surface 8);
In agreenient with the theoretically derived values
he found that for_ a 'current density of 45 A/cm2
a field strength of 3, x 104 kV/cm is required,,and
that for 104 kV/cm only 3 x A/cm2 may be
expected. The 'same applies to mercury, which has
almost the same work function as that'of tungsten.
Consequently the, field strengths- of 102-103 kV/cm
occurring in our case are unable to 'cause any
appreciable cold emission.

The following two points now require an expla-
nation:
1) How can cold emission occur at the place ob-

served while the field strength deduced from the7
18012'

Fig. 9. P1 and P2 are points on either side of the boundary measurements is too low? ,

surface between media with different dielectric- constants
(ei, 62). The electrical field strength (P1Q1; P2Q2) at these
points has the same tangential component (P1T1 = P2T2),
but 'the normal components are inversely proportional to the

. dielectric constants (P1N1 : P2N2 = E2 : e,). From this follows
the change iii direction of the lines of force occurring at the -
boundary surface and also that of the- equipotential lines
intersecting the lines of force at right angles.

: Fig. 10 ghows some of the' results of the deter-
mination of the field strength at the mercury suf..
face with walls 0.35, 1.0 and 3.0 mm, thick. Here
121.F(F expressed in'kV/cm) is plotted as a function
of the height above the boundary line'between the
mercury and the .wall of the igniter. Since an in-

,
finitely high field strength is expected at this boun-
dary line, due to the discontinuity, caused by the
limiting angle, the curve for 1/F is there drawn
to zero. -7

- .

Mechanism of the iftnition
- _

In order :to explain 'this conception of the me
charism of the igniter we shall consider the proCess
of ignition somewhat more closely. -

It has been found by direct observation that the,
spark arises at a height above the igniter
wall which, with a given thickness and material
of the wall, depends ,only on, the voltage of the
igniter. For example, with a wall thickness of 0.35
mm we found the following values for these two
quantities:

3.15 kV ,0.21 mm
3.55 kV 0.065 mm
4.5 kV. ., 0.025 mm

At these voltages it follows from fig. 10, curve a,
that the field strength at those places is: 94.5,
255 and -750 kV/cm. _

The_question now is whether or not cold elec-
tron emission can be expected with these field

2) Why is it that the spark does not arise deeper
in the gap between meniscus and quartz wall,

- where the field strength is higher ?
The answer to the last question would lead us "

too far afield; suffice it to state that deeper in the.
-gap. some discharge can, indeed ,be observed; but`
:this cannot develop' into 'a cathode 'spot, because
-the potential difference passed through by the elec-
trons emitted is too small.

cm/kV
0,25

1/F

0,20

x

a15

0,10

(405

0
0 , 0,2 , 0,4 0,6 0,8 mm 1,0

44013
Fig. 10. Field strength F at the mercury surface at a voltage
of 1 kV on the igniter. 1/F (F in kV/cm) is plotted as a function
of the height h above the, mercury -quartz boundary line on
which the ignition takes place (in order better to extrapolate '
to small values of h, 1/F instead of F is plotted). The curves
a, b _and c are again valid for wall thicknesses of 0.35 mm,
1.0 mm and 3.0 mui respectively.

.8) R. Haefer, Z. Plays. 116, 604, 1940.
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As to the first point, it has been found to be very
- probable, also on the basis of our further investi-.

gation of igniters; that a mechanism already con- -
sidered theoretically by Tonks 9) pro-Vides the ex-
planation. The mercury, surface, instead of being
absolutely smooth, has microscopically small humps,
which according to Tonks can be drawn out by the

.electric field to such sharp points as to produce a
field strength sufficiently high, for cold emission.
The humps are caused by thermal agitation and in
the absence of an electric field are kept relatively
flat by the surface tension.

Briefly the whole process resolved itself into the
following.
9) L. Tonks, Phys. Rev. 48, 562, 1935.

Upon voltage being applied to the igniter the
electric field draws out the originally flat humps.'
on the mercury surface to sharp points, 'where the
field strength reaches values at which cold emission
occurs. The emerging current of electrons flows
during the first moments towards the wall of 'the
igniter and then through ionization of the mercury
yapour develops into an arc discharge. '

It appears that the times necessary, according
to Tonks' calculations, to draW out the humps
into points, at the field strengths which follow from
the- abo4e described measurements in the elec-
trolytic tank, agree well with the ignition lags
measured by us. The latter thus go to confirm
Tonks' theory.
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NON-METALLIC MAGNETIC MATERIAL FOR HIGH FREQUENCIES
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It is a well-known phenome'non that when an a.c. field is generated in metallic coils eddy
currents are set.up in the core. The resultant loss of energy can be minimized, in the case
of low frequencies, by using a laminated core with insulation between rhe plates. The
higher the frequency,"however, the finer the distribution of the core laminations has to be,
and as a matter of fact for rather high frequencies cores are being used that are made up of
wire and even grains (so-called dust cores); in the latter kind the lines of forceiran in part
through the non-magnetic insulation of the grains, so that there is always a fairly large
minimum "air -gap".

Entirely new methods have become possible as the result otresearchwork with ferrites,
substances of the type of MFe, O4, with M denoting a bivalent metal. Some of tbese ferritei
have a cubic structure and are capable of forming mixed crystals in any proportions. With
few exceptions these non-metallic substances are ferromagnetic. Their, specific resistivity
is 107-1012 times as high as that of iron, so that the problem of eddy currents is relegated
entirely to the background, even in the range of radiofrequencies and withOut laminations.
By suitable composition and heat treatment it is also possible to keep the hysteresis and
residual losses relatively low, whilst the initial permeability may be of the order of 1000:
By means of a pressure or spraying process this material, called "Ferro x cub e", can
be moulded into various liapes.., and coils of improved quality or smaller volume have been
made with it for differerit purposes. Thanks to its being homogeneous it makes a good
magnetic screen.

Metallic and non-metallic ferromagnetics'

Magnetic properties -were ,most probably _dis-
covered in non-metallic substances much sooner

. than in metals. Anyhow magnetite (magnetic
iron ore, Fe304) was known in ancient times as a
non=metallic, ferromagnetic mineral. -

It was not until the nineteenth century that any
real technical use was made of these magnetic pro-
perties, except for compasses. And when, following
upon the epoch-making- discoveries of Far aday
and others,' an electrotechnical industry 4)rang up
and a demand arose foi suitable magnetic materials,
it was not these minerals that were sought but rather

t iron or alloys with iron as basic component; rnagne-
tic'oxides were considered to be nothing more than a
scientific curiosity.

`When it came to using metallic cores in magnetic
alternating fields one very soon came up against the
phenomenon ,of eddy currents discovered by
Foucault, and the losses due thereto. In order
to reduce these losses one proceeded to laminate
the cores; this offered the additional advantage that

the plate -shaped material could be pioperly puri-
fied by annealing, thereby improving its magnetic
properties. By simple deduction one can arr4e at
the following formula for the eddy current losses
W, of a laminated_, core (assuming the magnetic
induction to be equal at all points of a core section):

2 " -
Te

4 d +
(ai Bmax)2  -  V 10-1.6 watt - (1)

Here f is the frequenc-y in c/ sec., Bmax the ampli-
tude of the magnetic alternating induction in gauss,
d the thickness in cm,gthe specific resistance of the
core material in ohm. cm, Vthe volume of iron in cm3
and a the so-called form factor, which in the case of
an -induction sithisoidally variable with time
amounts to n/20 = 1.11.

This formula shows that there are only two ways
of reducing eddy current losses for a given frequency
and induction, viz: ,
1) by reducing the plate thickness (d);
2) by increasing the specific resistance (s).

/ 7

5.;
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The thinner the sheet is rolled from which the
core plates are punched or cut Out, the better it
will be purified by the subsequent annealing, but
on the other hand this mean's increased cost of
manufacture; more time in stacking 'the plates to

-  form a core of certain dimensions and more loss of
space owing to the necessary insulation between the
laMinations. Asa result it is found that there is a
certain limit for the optimum plate thickness, which
'for the *frequencies of the electric light and power
mains (40-60 c/sec) lies between 0.5 and 0.3 mm.

To a certain extent the. building -up of cores out
of laminated material has its attractions for the

- coil -maker, because cores of different sizes can be
made with identical parts simply :by varying the

- number of plates going to make up the stack; but
this method costs time, a factor that, counts parti-
cularly in mass manufacture. There is no doubt,

' therefore, that if it were, possible from the point of
view of eddy current losses, it would in many cases

"he preferable to employ solid cores such as can now
be made in sufficient purity by the modern methods 's
of refined Melting.

'As to the second method of reducing eddy current
losies by increasing the specific resistance, in spite
of `extensive metallurgical research it has not been
possible to find magnetic iron alloys with a specific
resistance higher than about five times that of pure

- iron, which is 10 ohm.. cm. Although even this
figure was a considerable step forward; it was by'
no means- sufficient, to satisfy the requirements of
modern ,..de elo-pments in telephime and radio tech-

: nology with their so much higher frequencies ac-
centuating the problem of eddy current losses.

Consequently - still holding fast to metallic
cores - one was obliged to go farther inthe direc-'
tion of a finer distribution of the core material,
and as a result so-called dust cores 'were intro-

-duced, consisting of fine grains of metal enclosed in
an insulating envelope and compressed into a con-

_

glomerate of the greatest possible density. The cost
of manufacturing such 'a finely divided powder is'
Only a fraction of that of laminations of a thickness

_equalling the diameter of the grain. To draw a wire
Of that diameter would be still more expensive.

Itt was, of course, realized right from the outset
that the 'introduction of powder cores involved a
considerable loss of permeability, since the
numerous" granuys are separated by insulating
layers acting magnetically 'as "air -gaps' Every
endeavour has been made to minimize this draw-

,: back,' and not without some degree of success, as
will appear from what fellows.

VOL. 8, No. 12

granules 50 Microns and less in diaMeter have been
developed for frequencies up to 3000 c/sec, and with
an. effective permeability of the core material as
high as 125. From this it can be calculated that less
than 1/125 = 0.008 of the total length of the lines
of force is occupied by non-magnetic material, so
that the thickness Of the insulating envelope around
the grains is less than 0.008 X 50 '= 0.4 micron
(presumably about 0.2 micron). To attain such a
result as this an extremely refined technique had
to be developed for applying= such thin layers to the

_'grains, and it 'is obvious that any further appre-
ciable improvement in this direction can hardly
be expected.

In order to limit eddy current losses sufficiently
for the so much higher frequencies used in radio=
technics,technics, the size of grain had to be very drasti-
pally reduced, thereby taking into the bargain,' of
course, a further diminution of ,effective permea-
bility. --

It is not surprising that in the course of these
developments the idea frequently occurred to try a -,
different tack altogether and to replace the iron or
nickel alloys by non-metallic substances; such as
certain magnetic iron' oxides having n very high:,
specific resistance. In fact there are two 'patent
specification's -of Hilp ert'dating from 1909 con-
cerning the use of ferrites for ferromagnetic coil
cores for high frequencies. The: specific resistances

- -of 105-107 ohm cm. quoted as the maximum values -

for ithese' ferrites contrast strongly with those, of
the usual, metallic core' materials, for -which only
with great difficulty a figure of 5'10' ohm cm. has
been reached. The gain .to an amount of a- factor
1010-1012 *hen using ferrites is quite 'sufficient '
to relegate :the problem of eddy current losses
'entirely to 'the background, but notwithstanding
this fact the results do not.seem to hav'e been en-
couraging; at least 'nothing further has been repor-.-
ted in that respect.

In 1933 Philips laboratories started an investi-
gation into the magnetic" propertiesof ferrites 1),
and it was found that the ferrites mentioned by
_Hilp ert do ,indeed have rather unsatisfactory
properties, viz:
1) low initial. permeability (not much over 10),
2) inconsistency ins results,
3) still rather high -total losses notwithstanding the

negligible eddy current losses.
Nevertheless Philips' investigations were conti-

nued and it has now in, fact been found possible
to niake ferrites with favourable magnetic pro-

, , -

1) See J. L. Snoek: New developments in magnetic mate-
Loading coils with a core composed of metal ' rials Elsevier Publ. Co., New York and Amsterdam, 1946.

_ .



DECEMBER 1946, 'NON-METALLIC MAGNETIC MATERIAL

perties. But first of all let us consider what-ferrites
actually are, so as to make it clear presently in what

r direction this solution had to be sought.

What are ferrites ?

Ferrites are understood to be substances
answering to the formula MFe204; in, which M repre-
sents a'bivalent metal. Ferrous -ferrite Te304
(the - magnetite previously mentioned), cupri-
ferrite, cuFe204, lead -ferrite, PbFe204, etc. are
already known, andin the beginning -of this century
these substances were regarded rather as the salts
of an -acid, HFe02, and bivalent metals.  -

Some of these ferrites are cubic in structure,
a point Of great importance in view of the fact that

_ .

a high temperature, 1090-1400, °C, is required for
their 'manufacture, to which we shall revert later.'
It is in 'fact only with the cubic structure that
shrinkage during cooling is equal in various diree-
tiOnS, so that with a substance of a cubic'structure
cooling need not cause internal stresses.' At the -

- Iron
Magnesium
Manganese
Cobalt
Nickel.
Copper
Zinc
Cadmium

Radius of the -
bivalent ion I

0.83
0.78
0.91
0.82 ,

0.78
0.83
0.83
1.03

For so far as is known,the ferrites of the metals ,

listed in this table- form mixed crystals in all pro= _-
portions, and these.mixed crystals can also be eon-
sidered fol. our, purpose: The ferrites of the two .
named metals,: zinc and cadmium, occupy a very -

"special place, as will be explained below.

' Details of the structure of ferrites 2)1

time when
magnetic oxides

investigation into the properties As shown from a iiintgenographical investigation
_ t

of oxides was begun, it had just been made by W. H. Bragg 3), an elementary cell of a ferrite
..., apparent from the theories of Kussmann, Beeker consists of eight molecules, this being expressed,

and K eist en that the absence of stresses was an in the case of ferro-ferrite for instance, by the for-
essential condition for high initial permeability mula Fee+ Fele+ 0322-, in which the charges of the
and low_ hysteresis _losses. Consequently investi- atoms present in the form of ions is indicated 'at

.-gations were confined to ferrites of the cubic system .the same time. ,
Conditions for obtaining ferrites -having friveurable
properties -

,

Condition for a cubic structure' I -

According to Geld s chmidt's crystallographic
research the crystal structure depends;-iuter alia,
upon the diameters of the ions, and this is borne out
by the fact that from- cubic Fe304 other likewise-'
cubic ferrites can be derived when the bivalent
ferro-ion - is replaced by a bivalent ion of
approximately the same diameter as the
ferro-ion. This essential condition is not always
iiifficient, however, to guarantee n structure that is
stable  also at room temperature., Cupri-ferrite
(CuFe204), for instance, has the tendency upon
cooling to assume a tetragonal structure; though

-by rapid cooling from. 900 °C downwards it is- pos-
- sible to keep this ferrite in its cubic form at room

temperature. Such quenching, however, leads to
internal stresses and possibly even to fracture, so

- that for our purpose cupri-ferrite is of no, use.
A table of the radii of ions shows what bivalent

ions can be considered for replacing the ferro-ion
in Fe304, and below in table I. the radii of these
ions are given, together with the radius of the ferro-

 ion, for _comparison.

Owing to' their negative charge, the oxygen- ions
are much larger than the'positively charged metal
ions. They form a cubic, system of spheres. In a
part of the, interstices of this oxygen lattice are the
metal ions, arranged in a manner -characteristic
of the structure: In ferrites these metal ions are
arranged like the magnesium -and aluminium ions
in the mineral spinel, MgA1204, for which -reason
one speaks of the spinal structure. ,Nom -f- be-

.
tween the oxygen ions - in this structure there -
appear to be two kinds of positions in which, the
metal ions may be found, namely so-called tetra-

-

"
-.hedral interstices, each, bounded by four ,oxygen

ions located at the corners of a tetrahedron," and
so-called octahedral interstices bounded by eight
oxygen ions forming an octahedron. In each ele-
mentary cell there are 8 tetrahedral - and 16
octahedral - places occupied by metal ions. In
spinel it is, most probable that' the 8 tetrahedral,
spaces are all occupied by magnesium ions and the
16 octahedral spaces by aluminium ions. -

It might then obviously be assumed in the case

2) A more extensive article on the 'structure of ferrites- and
allied compounds. which are also of electrotechnical inte-
rest, will be published shortly in this periodical.

3) Phil. Mag. 30, 305, 1915.
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of 'the ferrites that the 8 bivalent metal ions occupy
the 8 tetrahedral spaces and the 16 ferric ions the

.16 octrahedral spaces, but a closer examination
- reveals that this is only the case with two of them,

. -zinc ferrite, ZuFe204, and cadmium ferrite, CdFe204;
in all other known ferrites the bivalent -metal ions
and the ferric ions are distributed among - both
kinds of interstices. This surprising fact is of great
importance in more than `one respect.

Condition for the occurrence of ferromagnetism;
,"Ferroieube".`

Zinc ferrite and cadmium ferrite, -.while
being the only known simple ferrites in which the
ferric ions are found exclusively in the octahedral
interstices, are at the same time -the only non-
magnetic ones. Obviously, therefore, there must be
some connection between these two facts, but it
would take us beyond the ,scope of the present ar-,
tide to go more deeply into this, so that, we will
merely state that the presence of ferric ions in
the tetrahedral spaces seems to be an essential
condition for ferromagnetism. '

As already remarked, the cubic ferrites in ques-
_

- tion can- form mixed crystals in all, proportions. It
has been found that under favourable- -conditions
mixed crystals of magnetic with non:magnetic
ferrites - particularly zinc ferrite - may have
very high values of initial permeability (#0'). In
table II -the value of go is given fOr some simple
ferrites, and in,table III that of some mixed crystals
'obtained by adding zinc ferrite.

Table II -

Ferrite Initial
permeability tit

 Fe Fe2 04 (normal) ,.

Fe Fe2 04 (stress -free)
, Cu Fe2 04 (quenched)
-Mg Fe2 04

Co Fe2 04
r Mn Fe2 04

appr. 10
appr. 70
appr. 70

max. appr. 10 '-
max. appr: 10
scarcely > 1

max. appr. 250
but inconsistent

Table 111

Mixed crystal Initial
permeability v.0

Cu Fe2 04 Zn Fe2 04 , appr. 1500
Mg Fe2 04 Zn Fe2 04 appr. 700
MnFe2 04 Zn Fe2 04 appr. 3000
Ni Fe2 04 Zn Fe2 04 appr. 4000 '

From suitably chosen and treated mixed -crystals
Philips have manufactured ferrites which are being
marketed under the trade name "Ferroxcube",
indicating the cubic structure of these substances:,
By varying their composition or the heat treatment
different grades, denoted as "Ferroxcube" I, II,
III, etc., are obtained with widely divergent pro-
perties. The technical uses of these ferrites will be

, mentioned farther on.

Special measures to obtain high permeability

High permeability is obtained when there is no more than a
slight interaction, between the minute elementary magnets
and the crystal lattice of the substance. The energy of inter-
action foUnd in, the undisturbed lattice is called crystal
anisotropy, and this is known to assume very low values
round about the Curie point, i.e. the temperature at which
the ferromagnetism of a substance disappears and gives place
to paramagnetism. This phenomenon is turned to account in
the manufacture of "Ferroxcube", the Curie point being
lowered, by the addition of the non-magnetic zinc ferrite,
from several hundred degrees Celsius to a level approaching
room temperature. '

As a rule, however, the crystal lattice is disturbed by inter-
nal stresses, due in part to magneto-striction. By magneto-
striction

-,

is understood the spontaneous distortion occurring
when the material is magnetised; it is said to be positive when
under increasing inagnetisation elongation takes place -and
negative when shrinking occurs.

The material's most suitable for obtaining very high permea- --

bility are therefore those showing little magneto-striction,
provided care is also taken to keep the internal stresses low
(annealing at high temperature; homogeneous cubic structure).
It has been found quite simple to get this low value of magneto:
striction, especially in the case of "Ferroxcube" III, due in
part to the fact that by mixing different ferrites both positive
and negative values of magneto-striction are easily obtained.
By mixing in the correct proportions magneto-striction can
'in fact be reduced to almost nil.

Condition for a high specific electric resistivity

Magrietite, Fe3 04, has the comparatively low
specific electric resistivity of 10- ohm cm (at room
temperature): Other ferrites in which the. ferrous
ion has been replaced by another bivalent metal ion
have a specific resistance of the order of 105-107
ohm- cm. Incases, however, where only a small part
of these metal ions tare ferrous ions a specific .resis-
tivity of 102-104 ohm cm. is found.

Consequently in order to reach the` highest pos-
Bible resistivity the presence of ferrous ions should

, be avoided. For all practical purposes'it is not neces-
sary that they should be entirely absent, because a
value of say 100 ohm cm. is no objection for a core
thickness of about 1 cm and frequencies \ up to
about 10° c/sec.
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- The low specific resistivity of Fe304- has been ascribed to
the fact that both ferrous .and ferric ions appear in the same
kind of interstices in the crystal lattice. Such an explanation is
plausible if it is assumed that an electron is taken from a
ferrous ion 'and added to a ferric ion, so that the former
becomes ferric and the latter ferrous. Since both kinds of ions
are in fact present in similar places such an interchange does
not essentially alter the structure. This means that such a
displacement of electrons may easily occur, or in other words
there is a considerable conductivity..

Losses and quality of coils

Separation of the losses

.357

.

hysteresis constant Ch (a material constant)
multiplied by the maximum induction Bmax, whilst
the eddy currentlosses are represented by the prOduct 
of the frequency f and a factor ce depending' not
only on a material property (e.g., specific resis-
tance)'but also on the shape and dimensions of the'
core for instance for a core with circular cross; 
section (diameter D cm).

n3 D2ce = - - 10-'9 sec.
2 e

. .

The residual losses are represented by the term
In the foregoing we have seen that it is possible Cr (f), which depends upon the frequency.

to compound ferrites having a high permeability .

and a high specific electric resistivity. Thanks, to Signification of the quantity R/,u fL

the latter property the eddy current losses will The left-hand member ' of eq. (2) can also be
generally be small, but these are. not the only written in the form: 

(3)

losses occurring, as was apparent from the experi: R 27t R 27t ,1. tg
ments with Hilpert's materials.. And in nearly . = - = = 2n , . (4)

_alr the uses to which coils are put the to t al losses
p..fL µ coL

of energy in the coils have some influence upon the in which Q -is the so-called quality factor and
_properties ,of the oscillatory circuit or the filter 6' the angle of loss. Thus the expression R/141,
of which the -coil forms a part. These losses, there- 'appears to differ only by a factor 2 from the quan,
fore, call for some further consideration. tity (tan d)/,u, which is of importance when deter-
- total'losses in a coil through which an alter-- mining the effect of an air -gap in the magnetic
nating current is flowing -with an angular frequency circuit (the application. of an air -gap is an easy

. co ----- can be accounted for in a replacement means of adjusting the self-inthiction of a co,i1).::
diagram by assuming a resistance R to be connected If L is the self-induction of a coil on a closed core
in series with a self-induction L. This loss resistance of a material with permeability and L' the self;
comprises in the first place the direct current re'sis- induction obtained by applying an air -gap in the
tance of the coil -increased by a factor due to "skin original core, then for the latter core (incl. air -gap)
effect", and further a part representing the dielectric an "effective" permeability ,u'can be taken, de-

.

losses, whilst finally another partcorresponds to the fined by:
magnetic losses. Since, however,- we are only
concerned' here with the last-mentioned losges the
other two partg of R can be left out of consideration,
so that in the following R represents only the mag- If 6 is the loss angle of the original coil and 6'
netic losses. , - that of the coil with air -gap; it can be deduced with

The -magnetic losses are made up of three compo- fair approximation that
nents: eddy current losses, hyiteresis losses and
residual losses. It is possible that the last men-
tioned are related to the so-callea after-effect
phenoniena 4).

It is important to consider the ratio of R to the
product of the permeability the frequency f and
the self-induction L. This ratio, the significance of

--which will be explained below, can be agreed with
the _ above -Mentioned division of the magnetic
losses by writing% it as follows: _

R
4L= ch Bmax caf (f) . (2)

1.

Here the hysteresis losses are represented by the

4) Philips Team. Review, 8, 57, 1946 (No. 2)

tgS. tg

EJ: .

Strictly speaking' (tan o)/u. is not invariable but.

(5)

tg (6)
12.(1 tg2 6)-1

Since, however., only low values of tan d are of interest
in comparison to unity), in practical use tans 75 with respect
to unity can be ignored. If, moreover, one hag' to do with values
of [I. or 1.1.' that are large in comparison to unity, the expression
(6) will not differ appreciably from the appioxirnated form (5).

From 'equation (5) it follows that a reduction -

of to ,u'. is accompanied by a proportional reduc-
tion of tan 6, that is to say there is a raising of the
quality factor (Q). The gain to he obtained in this.
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3) the magnetic
"Ferroxcube"
buted than in

. is favourable
losses., - -

,

Lo'ss angle as function of frequency -

1 the quantity (tan 8)/,ii of "Ferroxcube"
III is set oat as a fUnction of the frequency. It will
be noted that with rising frequency it first increases -

- gradually and later at a faster rate. The frequency.
-at which tan S reaches 6.10-2 is regarded as the

weir is all the greater according as the original per-
meability is higher.

In' principle the same applies, it is true, to dust
-.cores, where the high permeability 1 of the insulating

layers results in a low effective permeability, but
apart -from the more favourable behaviour at

high freqUencies - the homogeneous "Ferroxcube"
material has the advantage over dust cores in three
important respects:
1) one is quite free in' selecting, the air -gap 'most

favourable for each individual case; the dust
core, on the other hand, has as it were a "built-
in"; air -gap, which cannot be made_ smaller;

highest level at which the material is useful for .

practical purposes, and for "Ferroxeube" III
-- the permeability of which is about 1000 - the
'frequency limit lies at appioximately 0.5  106 c/sec.

. In the case' of ferrites the losses are usually
formed for the greater part of the residual hisses..
Investigations carried out with the object of finding
materials with a higher frequency limit had there-
fore to be directed primarily towards lower residual
losses. It was found, however, that this could orly
be attained at the cost of permeability. In many

_

cases it, appeared, for instance, that whereas the
absence of ferro-ions was favourable in 'respect

5 905 - 2 5 f 106

4852PeeriSeC

Fig. 1. The quantity (tan (3)/v. as function of the frequency f for "Ferroxcube" III.
The permeability of this material is about 1000. The frequency limit where tan 6
reaches 6  10-2 lies at about 0.5  10° c/s. -

:2) -a much more effective magnetic screening can be . to residual losses at high frequencies, for a ,high
.

- obtained than with the heterogeneous dust permeability their presence was essential. The
core material (this will be reverted to when highest frepiency limit  so far reached, about
'dealing with the application of "Ferroxcube"); 40  106 c/sec, was obtained with' a nickel -zinc

induction in the homogeneous ferrite hayirig an initial permeability
is much more uniformly distri- 50 and containing'no &riot's ions.
the grains of a powder, core; this
for arriving at low, hysteresis Shaping and mechanical properties

of about

Before proceeding ' to deal with some of the
applications, of "Ferrai`cube" we will briefly men- -

tion something about its manufacture. ,

Simple forms such as dises, rings, cubes and the- -
like are made by compressing the powdered base-
Material in the dry state in steel moulds. -

Long, cylindrical shapes (rods or tubes of different
 diameters) are` obtained by mixing the powdeied
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material with a binder to form a plastic mass, which
is then forced through an aperture of the size re-
quired.

The objects turned out in this manner are then
annealed in an electric oven to temperatures be -

98136

Fig. 2. Some specimens showing the shapes in which compo-
nent parts of `Ferroxcube" can be made. The disc, ring and
E -shaped pieces are moulded by dry compression of the basic
material in powder form; the rod and tube -shaped pieces are
formed by adding a binder to the powder and pressing the
mass through a circular opening.

tween 1000 °C and 1400 °C, the binding agent used
for plasticising thereby evaporating and the
chemical reaction taking place through diffusion.

The heated product has a greater hardness but
by grinding and polishing can be brought exactly
to the desired dimensions. Fig. 2 shows some
samples.

Practical applications

Band-pass coils for carrier wave telephony

One of the most important components of a
carrier wave telephony installation is the electric
band-pass filter 5), the purpose of which is to
avoid cross -talk. Only very low losses are admissible
in the constituent parts of these filters (coils and
condensers). "Ferroxcube" III is eminently suit -

48137

Fig. 3. Band-pass filter coil for carrier wave telephony. Ex-
treme left: the winding and next to that the core and jacket
parts made of "Ferroxcube". Farther to the right: a section
of the jacket, core and winding: the two air -gaps have been
filled with a small white plate to show them up better. Extreme
right; the complete coil.

6) Philips Techn. Review, 7, 104, 1942.

able as magnetic core material for the coils. Fur-
thermore the constancy of the effective permea-
bility with time and under temperature fluctuations
has been proved to satisfy the high demands of
practice. Fig. 3 shows a filter coil made of "Ferrox-
cube". The coil proper is enveloped by a sort of
box of "Ferroxcube" consisting of two discs and a
ring, whilst inside the coil is a small cylinder of the
same material with an air -gap at each end, thus
reducing the original permeability from about
1000 to an effective permeability ju = 35. The box-
like construction ensure, a good magnetic screening,
enabling a number of coils to be built together into a
compact unit without risk of mutual inductance
(cross -talk) - see fig. 4. The assembled coil has a
quality factor Q = 600 (at a frequency of 60 kc/sec)
and a volume of 44 cm3, both of which figures
compare very favourably with those of a coil of
the older construction (fig. 5) with Q = 220 and a

40136

Fig. 4. The coils required for one band-pass filter (here nine)
can be built together into a compact whole. Thanks to the
good screening provided by the "Ferroxcube" jacket (see
fig. 3) there is no perceptible mutual inductance.

volume of 210 cm3. When comparing these figures it
is to be borne in mind that with properly constructed
coils Q is proportional to the linear dimensions.

Band-pass filter coil for the I.F. part of receiving sets

In radio sets built on the superheterodyne prin-
ciple a signal of a fixed frequency, called the
intermediate frequency, is obtained by mixing
the incoming signal with an auxiliary signal gene-
rated in the set itself. A filter provides for a band of
the desired width to be passed through that lies
on either side of this intermediate frequency.

By using "Ferroxcube" the coils for these band-
pass filters can be made of much smaller volume,
as may be seen from fig. 6; this is most welcome to
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Fig. 5. Band-pass filter coils for carrier wave telephony. Left:
screening cage containing a coil of the old construction with the
core composed of filaments of nickel -iron and the jacket of a
"powder -core" material. The screening is necessary owing to
the low effective permeability of the powder core material.
Quality factor Q = 220 at 60 kc/sec, volume 210 cm3. Right:
coil with core and jacket of "Ferroxcube" f figs. 3 and 4);
Q = 600 at 60 kc/sec, volume 44 cm3.

set -makers aiming at producing the smallest
possible sets.

Other uses

It may be asked whether "Ferroxcube" is also
suitable for the cores of transformers connected to
lighting or power mains. Generally speaking the
answer is in the negative, because ferrites are satu-
rated already at low inductances, of say 2500 gauss,
and consequently the core diameter or the number
of windings, for instance, would have to be at least
five times as large as that required for the usual
transformers with iron core, working with Bm =-

appr. 12 000 gauss.
There are, however, plenty of possibilities in

other directions, such as:

1) the tuning of oscillatory circuits, either
by sliding a "Ferroxcube" core inside the coil
(or coils) or by adjusting the effective permea-
bility by means of d.c. magnetisation;

2) applications in the technics of frequency and
impulse modulation;

3) for obtaining a more concentrated magne-
tic field in an object to be heated by induction
in a magnetic alternating field of high frequency.

It should be evident that this new material
opens up an extensive field for investigation.

48/.79

Fig. 6. Coil systems of the I.F. band-pass filter of a radio
receiving set. The right-hand coil system contains no ferro-
magnetic material; the smaller dimensions of the other two
are due to the use of "Ferroxcube". The left-hand coil system
is a further development of the middle one. All three coil
systems are usei for the same frequency and are of the same
quality. Part of the screening has been cut away to show the
inside.
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A MAGNETRON FOR D.C. VOLTAGE AMPLIFICATION

by H. B. G. CASIMIR. 621.385.16:621.385.831 

In D.C. voltage amplification an amplifier valve with grid control (for instance a triode) .
often cannot be used because the input and output circuits can never be kept galvanically
separated. Instead a magnetron can be used, i.e. a diode controlled by a magnetic field.
The input circuit of a magnetron, being that circuit of which the solenoid setting up the
magnetic field forms a part, is galvanically entirely separate from the. anode circuit.
In this article the magnetron is discussed as an amplifier valve. It is found that the mag-
netic sensitivity of a magnetron, which plays a part analogous to the amplification factor
of a triode, can. be considerably increased 'by introducing a grid at cathode potential
close to the anode. As an example the employment of such a magnetron with grid is
described in an X-ray apparatus where a regulator triode, at a very high voltage, had to
be fed by a weak D.C. voltage signal given by a regulator at earth potential.

Triode and magnetron as amplifier valves

The simplest method of amplifying an electric
signal is based in many cases on the use of a triode.
The amplifying action: of the triode is manifested
in the fact that small changes in the grid voltage
caused by the signal result' in large changes in the
anode voltage. These changes in the anode voltage
are the direct result of the changes in the anode
current, which is here controlled by an electric
field due to the signal. However, for a long time
there have been electronic valves in which the anode
current is controlled by a magnetic, field due
to the signal and which can also be used as amplifier
valves. While the triode may be considered as a
diode with a grid between cathode and anode,
the magnetron 1) is a diode which is placed in
the magnetic field of a solenoid whose axis is per-
pendicular to the dir-ection of the electron current
(if the diode is for instance cylindrical 'the axis of
the solenoid coincides with the cathode).- Changes
in the current in the solenoid then cause changes in
the intensity of the magnetic, field, which again
affects the motion of the electrons between the
cathode and anode, whereby with suitably chosen
conditions changes in the intensity of the anode
current may occur. We shall dismiss this in more
detail below; it will be found that for a magnetron
as well as for a triode -quantities such as slope and
internal resistance can be defined and that, moreover,-

' a quantity can be introduced which is comparable
with the amplification factor in a triode, namely
the so-called magnetic sensitivity.

For the amplification of electrical signals the'

1) It should he noted that the word "magnetron" is used in
. its original significance, namely that of a magnetically

controlled diode, while at the present time "magnetron"
usually means an oscillator valve for very short waves,
where the electrons move in a constant magnetic field.
Cf. G. Heller, Philips Techn. Rev. 4. 201, 1939.

triode (or tetrode or pentode) is nearly always used, -
and not the magnetron. There are, however, cases'
where the triode and also every other valve with
gridcontrol is inadequate and where the magnetron'
is the ideal valve. This is connected with the' fact
that in every valve with grid control the average .

voltage level to be used for the grid compared with
the voltage level of the anode and of the cathode
is fixed within rather narrow limits by the charac-
teristics of the ,valve. In particular the Voltage y
difference between the anode and the grid of a triode
in the commonly used types cannot amount to
more than a few hundred volts. As long ,as it is
desired to amplify an A. C. voltage this involves
no essential limitation of the usefulness of valves
with grid control, even when the voltage level of
the amplified signal has to lie much higher than that
of the original signal. By making use of a transfor-
mer or of condensers provision can be made' fcir
the voltage difference between the anode and the
grid .not to exceed the above -mentioned permissible'
value. In the case of D.C. voltage amplification this
is impracticable. It is indeed possible to apply
a voltage difference between the input and outp-qt
circuits which is within the limits permitted by the
characteristic, but there is always a galvanic
coupling between the two circuits which may be
an objection. On the other hand in the case of a
magnetron the input circuit (the solenoid) can be
kept galvanically absolutely separate from ..the
output circuit (the anode circuit), so that even

 with. D.C. voltage amplification the above assumed
difference between the voltage levels of the incoming
and outgoing signals presents no difficulty.

A concrete example in which the magnetron has
proved serviceable for the above reason occurred
in an X-ray apparatus. At the con Ausion of this
article several particulars of this will be given.
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Principle of the magnetron

The "classical magnetron (see fig. 1) is a cylindri-
cal diode (anode voltage V°, anode radius ra),
situated in an axial magnetiC field H generated by
a solenoid.

K I Va

S

- Fig. 1. Diagram showing the principle of a magnetron. A anode,
K cathode, S solenoid. The arrow indicates the direction of
the magnetic field H.

 When only the electric field is present the elec-
trons emitted by -the cathode will describe radial
trajectories to the anode; the electric field is
radian); directed. The velocity .v of an electron at
a given point is determined by the voltage V

,prevailing at that point (calculated with respect
to the cathode). If m is the mass and e the charge
of the electron

.4 1/2 mv2 e V .(1)

If we consider only the magnetic field, an electron
with velocity v experiences a force' piependicular
to the velocity and to' the direction of the field
- and equal to evH. This results in the trajectory
becoming -curved; the kinetic energy of the electron
nndergois no change due to the magnetic field since

- the force is perpendicular to its trajectory. The
energy equation (1) thus' does not change when
in addition to the electric field we also introduce a
magnetic field. .

- The force evH is equal to the centrifugal force
mv2/r, where r is the radius of curvature of the

 trajectory:
mv2

. (2)-= evH r

If now` -an electric field and a magrietio field are
both applied, the electrons describe curved traject- -
()ries whose radius of curvature at every point -can
be calculated as a function of H and V by -elimin-
ating the velocity v from (1) and (2):

1/2 MV
(3)

or, substituting the values of m and e and expressing
r in cm, H in gauss and V in volts: _

Fig. 3. "Magnetic" characteristic of an ideal magnetron, i.e.

r = .

anode current as a function of the magnetic field strength_at

With a' given electrical voltage V we now vary
the magnetic field strength H. At a small value of H
the electrons move almost radially along only
slightly curved paths froni the cathode to the anode
(see fig. 2a), since with a small value of H the
value of r is very large, according to formula (3a).
An anode current then flows, and' as H increases
it remains constant as long as the electrons emitted
by the cathode reach the anode. As the value of H
increases r decreases, and the paths of the electrons
become more and more curved until, beginning
with a critical field strength Hk, the electrons no ,

longer reach the anode' (see fig. 2b and 2c); there is
no longer any anode 'current and the magnetron is
"closed". If the cathode is sufficiently thin this
critical field strength Hk can easily be calculated.
It may then be assumed that the potential is
constant in the larger part of the cylindrical space

a

Fig. 2. Electr.on trajectories in a magnetron et different
magnetic fields H: a) when H < Hk anode current flows;
b) H = H,,, the limiting case where the paths of the electrons
just touch the anode; c) whensH > HI, the electrons describe
closed trajectories and do not reach the anode.

enclosed by the anode, and that it is equal to the
anode voltage Va. The decrease in the potential'

`toward the cathode occurs mainly, in its immediate
vicinity. - ' "

The electrons will then, according to (3a),
describe- paths with. almost constant radius of
Curvature, thus approximately circles. The diameter'
2r of these circles at the critical field strength Hk -
is equal to the radius ra of the anode. With (3a)
this gives

6,74Hk =Y Va
ra

(4) -

3,37
(3a) a single given value of Vg. At another value of Va the vertical

H7 part of the characteristic is shifted towards the right or left.

yk 40711



. -DECEMBER-1946

The magnetic characteristic i = i(H) at a single
'given value of Va is shown in fig. 3. For H > Hk
the anode current is constant, all electrofig reaching
the anode; for H Hk the current is "cut off".
According to (4) Hk depends on Va: if Ki increases,.
Hk also lies at a higher value.

The magnetic sensitivity of the magnetron

As is known, the slope S and theinternal resistance
Ri of a triode are defined by: the equation

di = SA Vd+ (1/Ri) dVa, (5)

where di, d Vg and d Va are the changes, respect-
ively in' anode current i, grid voltage Vg and anode
voltage Va. From equation (5) 'it follows that

, = 11H)"R
oVa/ vs

(7)

' Moreover, the amplifiCation factor II is defined as

"(a
Val.

= V)Vg

or, because of (5),'..

= S Ri . .. ... . (9)

- (8)

Since in the magnetron the function of the grid
voltage is taken over by the magnetic field, the
"magnetic" slope and the internal resistance are

. here defined by analogy with equations (6) and (7)

R, = 1 / (A)
I oVa H

(10)

(11)

(In the definition (10) of S the minus sign is taken
because the anode current i decreases as H increases.)

Equation (9) then defines for -the magnetion a
'quantity which is analogous to the amplification
factor in the case of a triode. This quantity will be
called the "magnetic sensitivity" of the mag-
netron. The magnetic sensitivity,: however, in
contrast to the amplification factor of a triode, is
not a dimensionless factor. This is seen imme-
diately when the magnetic sensitivity is represented
by the formula analogOus to (8):

(12)

A MAGNETRON FOR D.C.- VOLTAGE AMPLIFICATION

. It is now found that.equation (9) fails s us in the
case of an ideal magnetron with a discentinuous
magnetic characteristic (fig. 3). Then the electrical
characteristic (fig. 4) of the magnetron; i.e.

Fig. 4. "Electrical"
anode current as a
given value of the

--> Va
<4519

characteristics of an ideal magnetron, i.e.
function of the anode voltage at a single
magnetic field H.

i = i(Va), with a given magnetic field H is, also -
discontinuous; at small values of Va the influence

'of the magnetic field is predominant, the electrons ,

describe closed trajectories and i = 0; at large
values of Va which - see equation (4) -- are larger -

than (Hra/6.74)2, the anode draws all the electrons.
By reference to.'figures 3 and 4 it may' be seen
that in the horizontal 'part of the characteristics
S = 0 and Bi oo, while' in the vertical parts

.-S = oo and Ri = 0, so that in the ideal 'case the
magnetic sensitivity 'defined by ' (9) cannot : be'
determined from the characteristics. ' -

A similar consideration shows that also equation
(12) cannot be used in this ideal Case.

In order to calculate the magnetic sensitivity of
an ideal magnetron, however, there are two in-
direct methods. One is to consider a non -ideal
magnetron for which the characteristics show ,a

- gradual 'change. The quantities S and Ri are then
_always finite, so that the product SRi is no longer
indeterminate., It is then possible . to' calculate -
Er = 'SRi and ascertain the limiting value of the
magnetic sensitivity (thus calculated) when the

"shape of the characteristics no longer approaches
-

Fig. 5. The magnetron in a circuit for resistance amplification.

the ideal..The other possibility is based upon the
consideration of an ideal magnetron included in a
resistance amplifier. We shall first follow thiisecondsecond'
method, since it will also lead us to' a knowledge
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of the behaviour of the magnetron in its practical
applications.

By elimination of Va we obtain the following
from the lasts two equations: s,

. Magnetron in a resistance amplifier = 1 2

LVb- . . . (14)
Let us \ consider the simple resistance amplifier R 6,74

with an ideal magnetron as amplifier valve (fig. 5). The desired relation between VR and H is thus.
We wish to study, the relation between the voltage

2
VR 'over the anode resistance R and the magnetic
field H. For that purpose we draw the electrical

VR= Vb H
2

. (15)-
6,74

, Fig. 6. Vertical part of the electrical characteristic (cf. fig. 4)
for different values of the magnetic field H (in arbitrary units).
The oblique straight line represents the "loading line". i.e.
the relation between the anode current i and the voltage Va
when the magnetron is included in a circuit of a resistance
amplifier uith given battery voltage Vb and anode resistance R.
The slope of the loading line is inversely proportional to R.
The points of intersection P1, P, of the loading line with
the characteristics determine the current flowing in the anode
circuit at given values of Vk and R and different values of H.

characteristics of the magnetron; i.e. i as a function
of Va for different values of the magnetic" field
(fig. 6) (this is, analogous to the i-Va diagrath with
Vg -'as parameter in the case of a triode). It is

Jiereby assumed that the diode is ideal, i.e. that for
H = p the saturation current already- flows at very
small positive anode voltage. We allow the charac-.
teristics to be cut by the "loading line", i.e. by-
the straight line

.
y

R

which gives the relation between i and Va at a given
battery voltage Vb and resistance R. The points
of intersection of the loading line with the charac7
teristic determine the current flowing in the anode
circuit at giVen values of H, Vb and R.

- By choosing suitable values of R and Vb, i.e.
of the slope and position of the loading line, the
current can be" made .to adjust itself on the
vertical sections of the characteristics. We also
assume that this is actually the case. Then the
relation between Va and II (see equation (4)) is
given by :

V
ra )2.,,.= II2. . .

6,74
(13)

The parabola given by equation (15) is reproduced
in fig. 7. It may be seen that VR decreases with
increasing Hand for Hb = 6.74 j Vb/r becomes zero.
The slope of the parabola may serve as a measure
of the amplifying effect of the resistance amplifier
considered and is analogous to what in a triode is
called the "amplification" of a resistance amplifier.

In the case of a triode - as is known - the
amplification becomes equal to the amplification
factor when ,the internal resistance Ri is small
compared with the anode resistance R. By analogy
to this the slope in question becomes equal to the
above -defined magnetic sensitivity, since for the
ideal magnetron, in the vertical parts of the charac-
teristics of fig. 6, Ri = 0. One thus obtains

= d VR- - -
dH

(16)

(since d VR/dH is always negative-compare fig. 7-
in equation (16) the minus sign is taken). From this
it now follows that, according to (15) and, (13)

(17)= 2 H = y
6,74

ra

3,37
Va

Hb

Fig. 7. Voltage VR over the anode resistance as a function of
the magnetic field H for a resistance ampliPer with an'ideal -
magnetron. For H = 0, VR is equal to the battery voltage Vb;
for H = Hb =;6.74 Tiara (ra radius of the anode). VR = 0.
The curve is a parabola with slope equal to the magnetic
sensitivity II of the magnetron.

_

We shall find this result again by the other method
mentioned above. From equestion (17) it is found
that the magnetic sensitivity 'increases propor-
tionally with the strength of the magnetic field.
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.

/ 

The maximum value of the magnetic sensitivity at
a given battery voltage is

//max
ro

3,37

Magnetron with, gradually varying characteristic

-Actually a magnetron is never ideal. Since- the
electric field is not_ strictly radially and axially
symmetrical, and also due to the fact that the
vacuum in the valve is not perfect, the charac-
teristics are not discontinuous (fig. 8). Thus, f-Cr

ilk ../4 -
. . . 14110

. t .

Fig. 8. Gradually varying magnetic characteristic (compare
with fig. 3). Ilk is here defined as that value of H where
i(Hk) = 1/2 i(0).

example, the electric field at the ends of the anode
may be too weak to draw the electrons to the anode,
while in the middle electrons 'do strike the anode. and the
The shape of the characteristics is thus less sharp, - (9)):
since the anode current does not become zero at
one definite value of V or H.

In the case of a magnetron with gradually
changing characteristics the product p. = SRi is
no longer indeterminate. We shall now calculate
it on the assumption that the characteristics, while
not discontinuous, still have a steep slope.

We may then define Ilk as the field strength

the basis of the following consideration. If we 'are
Working in the saturation region, aioyafrk, = O.
If we are not working in the saturation region, since
according to L a ngm uir' s formula i(0) Va11',

i(Hk) -.Elks" also, and with (4) this gives : i( k3,
_

from which it follows that

at Which the current' has decreased to one half:
i(Hk) = 1/2 i(0). For Hk thus defined equation (4)

, will remain approximately valid. For the neighbour-
hood of Hk we may write, in approximation;
according to equaticin (10)-:

i(H) = i(Hk)- (H-Hk) S(Hk),

-:and from this, since

ai ai \
11

ank, 11 d Va

11Ri:=Gdi(1-7.1 ,Th)
as} ;dirk

)11-1- S(Iik)-(11-Ilk)
d Va

In general the first and last terms of the polynomial
between the brackets are small compared with
S(Hk).

An estimation of the first term can be made on

it follows that

3 i(Hk)

If now the slope is so large that

ai\ 3 i(Hk)

)v. )
.

Or, according to,fig. 9 that tan y tan la we may
indeed ignore- the first term between the, brackets. -

From fig. 9 it appears that only at large values of fl
(i.e.small values of Ilk and V,2) is this not the case. ,

The last term between the brackets is zero for
H = Hk and remains small in the vicinity of that
point.

For not,too small values of Vu and Hk it 'thus
follows that

1/Ri =
dHkS(Hk) - . . . (18)
d V.

magnetic sensitivity is then (see equation

1(0)

.
S(IIk)Ri =

dHk
(19):

,t

- e3524

Fig. 9. Magnetic characteristic of a magnetron; when
tan fl ( tan y formule (20) for the magnetic sensitivity is valid.

Hk

Upon -comparison of (19) with (8) it is found
that dV./dFfk in the case of the magnetron is similar -'
in signifiance to -(6 Kilo Vg)i in the case of the
triode.

With the help Of equation (4) it is now possible
to calculate d Va/dHk, so that one finally obtains

6,74

r. ra 'Ilk = V Va . . . (20)
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- The magnetic sensitivity is thus indepen-
dent of the slope of the magnetic c,harac,
teristic. From this it follows in particular that
equation (20) is also valid for the limiting case of
an ideal magnetron with a discontinuous charic-
teristic. This formula is indeed identical with the

_formula which we previously derived for the ideal
magnetron in a resistance 'amplifier (see equation

\. (i 7)). The only advantage of a very steep magnetic
characteristic is that-then..according to (9); Pi is
small. Since in a resistance amplifier Ri
(R3 anode resistance) in order to reach the maximum

. amplification a relatively small value of Ra will be
sufficient. - -

Magnetron with grid

If it is desired, to increase the theoretical
magnetic sensitivity we must, according to equation

48.525

Fig. 10. In order to increase the magnetic sensitivity 1./., a
grid is introduced into the cylindrical magnetron close to the
anode. K cathode, G grid, A anode.

(2), either increase the anode voltage or radius.
The first has the' objection that the magnetic field
hai also to be taken larger: one must work with a
large constant field 'upon which the variations are
superposed. The increase in the radius quickly leads
to unwieldy dimensicZns.

It is poisible to attain a much higher sensitivity,,
without encountering the two difficulties mentioned,
by placing close to the anode (fig. 10) a grid which
is at' approximately cathode potential.,The infhience

'of the anode voltage on the motion of the electrons
between the cathode and the grid is then much
smaller, so that the magnetic field has relatively

_more effect. Instead of equation (4), the followijig
then holds:

- 6,74 .v. f'
(21)

r3 , .

where Veff is an effective voltage 'which - entirely
analogous to the so-called effective grid voltage
tin a' triode --- can be represented by

' VOL. 8, No:12

Va
Vej: f -G_± Vg; . . . (22)

the constant G in the triode with screen gridbeing
equal to the amplification factor. For the sake of
simplicity we set Vg = 0. Equation (21), because of
(22), then becomes

1 6,74Hk = -'- - y Va
1'G ra

(23)

We shall now consider the magnetron with grid
included in a resistance amplifier. Proceeding in the
same way as in the case of an ideal magnetron with '

no grid, we arrive at the following relation between
VR and H:

VR Vb -G T

-

R
H2. . . (24)

)2

From:fig. 11 we see that the curve giving this rel-,
ation is steeper than the analoguous curve for
the magnetron with no grid, which corresponds to .

equation (15). The magnetic sensitivity has thus
indeed become larger, namely by a factor G with
the same magnetic field and the same radius of the
anode, as appears upon differentiation of equation .

(24):

2G -ra- H . (25) .

dB' 6,74

The anode voltage must now be higher, but that
is often no objection. The value of G is limited by
the requirement that, the value of Va/G must be
large enough to draw a reasonable current from the
cathode. As to, the optimum dimensions, these
depend upon the employment of the valve. Corn- -

pared with the simple magnetron, however, consider-
able gain can nearly always be obtained for instance
with, a factor G = 20.

Z-V Hb
H 48516

Fig. 11. Voltage VR across the anode resistance as a function
of the magnetic field H for a resistance amplifier, 1) with a
grid-niagnetron (continuous line), 2)' with an ideal magnetron
with no grid (dotted line, identical with the curve of fig. 4).
Both curves are parabolas. Since the magnetic sensitivity v.
is equal to the slope of the parabola, 'at equal values of H, v.
is larger in the first case than in the second.
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It may still be noted that equation (25) can, also
be derived on the basis of the consideration of a
magnetron with gradually (but steeply) changing

' characteristics.,

Magnetron with' grid as D.C. voltage amplifier in
an X-ray apparatus

Such a magnetron with grid has been employed
in the above -mentioned X-ray. apparatus. The'
problem encountered in designing the apparatus
in question came down 'to the question of how a
'switching and regulating arrangement at a very
high voltage (about 100 kV) could be operated by
a weak D.C. voltage signal given by. a switching
and regulating arrangement at, earth potential.
Various solutions to this problem are of course.
possible, but a discussion of all these is outside the
scope of this article.
` It need only be noted that'the use of an amplifier
'valve with grid control was out of the question

- because of the reasons mentioned above, at least
if it was desired to avoid the Conversion of D.C.
into A.C. and vice versa. On the other hand the
employment of the grid -magnetron was found to- '

Fig. 12. Simplified circuit diagram of an X-ray apparatus in
which the grid magnetron serves as amplifier valve. T triode
regulating the voltage on the X-ray tube Ro. The voltage
difference between grid and cathode of T is equal to the voltage
across the resistance R; the variations in this latter voltage
are due to the amplification of the voltage variations in the
circuit in which the solen.oid causing the magnetic field is
included. This magnetic field regulates the current in the
grid magnetron M. When no carrent flows through the solenoid,

- the magnetron is "open" and the triode "closed". The horizontal
- dotted line indicates symbolically that the voltage level betel./

this line (i.e. the voltage level of the circuit of the solenoid)
is entirely independent of the voltage level above it.

be very sUitable. A simplified circuit diagram of
,theinstallation is reproduced in fig. 12. It May be
seen that the voltage level of the solenoid S is
coinpletely, separated from the very. high voltage
level of the rest of the installation; the latter can
be varied at will without affecting the circuit In
which the solenoid is included. NeVertheleis, the
grid voltage of the triode T changes as soon as a
change occurs in the current in the solenoid., The
grid voltage in question is equal to the voltage over
the resistance R, . and the latter voltage depends
finally on the current in the solenoid.

We may regard the triode T as a variable resis-
tance whose value RT is determined in part by the
current in the solenoid. When no current flows
through the solenoid the magnetic field is zero, the
magnetron is "open" and the triode ."closed",
i.e. RT = oo, because the grid voltage is then
equal to the full (negative) battery voltage Vi,.

If on the other hand the current through the solenoid
is so large that the strength of the magnetic field
lies above the critical value Hb/ 1/T.;: (cf. fig. 11),
then the magnetron is "closed"; as a result the vol-
tage over R, and thus also the grid - oltage, is zero:
the triode is entirely "open", i.e. RT = 0. At currents
in the solenoid which lie between the limiting
values mentioned, 0 < RT < 00. -

if the triode is used as relay it means that only,
the values RT = 0 and RT.=- oo are used. In the
X-ray apparatus of fig.- 12, however, the triode_
also served as regulator valve with which the vol-
tage on the X-ray tube Ro was regulated; RT tben
followed the changes in the current in the solenoid,  ; _

between the limits RT = 0 and RT = cc ,2).
The: advantage of a magnetron with grid was

thereby manifested in the fact that in both cases
- triode as regulator -valve and as relay - much
weaker currents were needed in the solenoid to reach
a given change in RT than if a magnetron With
no grid had been used. If the triode plays only the
part of a relay, the solenoid current necessary to

."open" the triode completely (change from RT = oo
to RT = 0) is VG times as small as in the case of
the magnetron with no grid.

2) If the saturation current flows through the X-ray tube, not
too" large changes in RT will have no influence on the
current in the X-ray tube, only the voltage being affected.
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AUTOMATIC SEALING- IN OF THE ELECTRODES IN TUBILAR
FLUORESCENT LAMPS

The tube is placed over a preheated, mounted electrode on a rotating machine (centre) which automatically seals the
two together by gradually increased heating of the rims. The tubes are then transferred to a cooling drum (left) in which
the realed ends are gradually cooled down. The same process is repeated with the tubes inverted, for sealing in a mounted
electrode at the other end, after which the tubes are ready for evacuation.
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1697: N. G. de Br uyn:A combinatorial problem
(Proc. Kon. Ned. Akad. Wetenschappen
Amsterdam 49, 758-764, 1996).

A P" -cycle is defined as an ordered cycle' of 2"
digits 0 or 1 (i.e. a series of such digits placed on
the circumference of a circle), such that the 2"
possible sets of it consecutive digits of that cycle
are all different (as a consequence, any Ordered
sec of n digits 0 or 1 occurs exactly once in that
cycle). Posthumus, *studying these cycles in con-
nection with a practical problem- of telecommunic-:
ation, was led to the conjecture, that the number
of P cycles be equal to 2 to the power 21"-n.
In this paper this conjecture is proved to be correct
As a consequence a theorem concerning a special
type, of networks is stated and proved and another
application' of_ the theorem is mentioned.

1698: D. Polder and J. H. van Santen: The
effective Pertheability of mixtures of solids
(Physica, 's -Cray. 12, 257-270, 1946).

Foiseveral purposes it is of importance to know.
how the dielectric or magnetic permeability of a
mixture of substances, which show mutually
different permeabilities in pure state, depends on
the composition of the mixture. In this paper the
case is dealt with, where the different substances

:are powders of solids, packed in a medium like oil
or wax or air. The individual particles or holes
are assumed to be ellipsoidal. The calculation' is
based on an approximation, Which in: the 'case of
spherical particles proves to give results_identical
with those obtained by B Ott che r' s. method ..

The effect of the shape of the ellipsoids is' discussed.
Considerations are given concerning the nature of
the approximations, used in this paper and in, other
theories on this suk-ect..

1699: M. J. 0. Strutt and A. van der Zie!:
Signal -noise, ratio at v.h.f. (Wireless Env-

' neer 23. 211-249, 1946).

The two basic concepts of correllation between
fluctuation currents and voltages and of the
decompositionof fluctuating quantities into singly
periodic components are discussed briefly. The noise
ratio of a grounded -cathode amplifier is evaluated
and the conditions for minimum noise ratio are
stated. Experimental evidence is shown to confirm
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the theoretical results. Further grounded -grid
amplifier stages and velocity modulation valves are
considered and the requirements as to valve' con-
Struction (uniform electron paths and low dielectric
and other losses) are dealt with. It is shown that
the purposed reduction of noise ratio applies also
to Nvideband reception. In order to compensate
the loss or gain incurred by the jeduction of noise . -
ratio suitable -feed-back may be applied. The
interrelation of noise figures introduced by various
authors and 'the present noise ratio are discussed.

1700: - B. D. H. Tellegen: Het bepalen van de
integratieconstanten bij de berekening van
in- en uitschakelverschijnselen (T. Ned.
Radiogenootschap II, 173-188, 1996). (The
evaluation of the integration constants
occuring in the computation of transient
phenomena).

A network is considered containing a source of
pressure v, under the influence'of which a current
i flows in a certain branch. A 'method is given to
calculate from the differential equation connecting ,

i and v the discontinuities in i and its derivatives
resulting from discontinuities in v. and its deriva-
tives.

1701: H: A. Klasens: Transfer of energy be-
tween centres in zinc sulphide phosphors ,
(Nature, 158; 306, 1946).

The transfer of energy between centres in zinc
sulphide phosphors containing two kinds of centres
(e.g. blue and green) in explained by the supposition
that after bridging an electron from one centre
(e.g. blue) to an excited state (by lifting it in the
empty so-called conduction band of energy), the
hole in the blue centre may be transfered to a
filled biind and -thus may travel to a green centre.
The reverse process (green to blue) is supposed to`
have a. negligible probability. The above hypothesis
is expresSed in the form of two simultaneous'
differential equations giving the number of excited '
centres as a function of time.

Froni these equations formulae may be derived,
for the intensity ratio of the blue and the green
emission during irradiation as a function of the
irradiation intensity and the temperature and for
the temperature - dependence of the emission of



370 PHILIPS TECHNICAL REVIEW VOL. 8, No. 12

, .

e.g. the blue centres. The effect of "killers" on the,
after glow (green emission) is .explained on similar

-lines.

1702: J. B oeke: Ontwikkeling van de electrische
meetapparaten in de chemie gedurende de
oorlog. (Chem. Weekblad 92. 230-273, 1946)
(Development of electrical measuring. in-
struments for chemical purposes during the
war).

1 This article contains a survey of recent improve-
ments in electrical methods as used in chemistry,
especially in the following fields:sElectrochemistry,
dielectric constants, measurement of Moisture,
spectrometry (absorption and emission), chemical
analysis, industrial apparatus.

1703: W. de Groot: The influence of irradiation
with light on the dielectric properties of

Zn S phosphors (Physica 12, 402-404,1996):

Experimeits are described, whereby the influence
of irradiation with9light on the light emission and
the- dielectric behaviour of ZnS  phosphors are
observed simultaneously. It is proved that the
change in capacity' AC of a condenser containing
ZnS, and the decay of this change after stopping

-irradiation are much slower than the rise and decay

. of the light emission., Experiments are described,'
which, make probable that the change in dielectric,

behaviour is due to free electrons and not to
- trapped electrons. Some phenomena, such as -a steep

, initial decay of .the AC-effecti with a phosphor
containing a killer, remain unexplained. .

_

,

1704*: D. J. B oum a: Kleuren en kleurindrukken
(Philips teehniSche bibliotheek; uitg. Meu-
lenhoff & \ Co N.V. Amsterdam 1946,
320 pages,. 113- fig.) (Colours and colour
sensations):

In this book (an English translation of which is
I forthcoining) a survey in simple language is given

of the fUndamentals' of colour science and the
methods of ,colorimetry. ,In the exposition of the
basic facts ample use is made of colour space.
Additional chapters deal with colour vision, the

. historical development of colour science, thresholds,
the estimation of colour differences and related
problems, technical and scientific appliCations. The
appendix comprises ' 15 tables and an extensive
reference list.

1705*: .H. A.`Kla.sens and M. E. Wise: Decay of
zincsulfide type phosphors (Nature, London,
158, 483, 1946).

The bimolecular decay of zincsulfide phosphors,
assuming retrapping in the metastable phosphores-
cense centra, is, described by a second order non-
linear differential equation. In the special 'case

where the two unknown constants (a = retrapping -
coefficient,- /3 = bimolecular recombination con-
stant) are equal, the equation can be solved and
curves may be drawn for the intensity vs. time
at different temperatures and for different intensities
of excitation. These curves generally display a
steep initial decay due to the bimolecular recombin-
ation and a more or less prolonged tail due to the
phosphorescence mechanism.

1706: C. J. B ouwk amp: A note on singularities
occuring at sharp edges in electromagnetic
diffraction 'theory. (Physica, 's -Gray. 12,
467-474, 1946). \.

Wave fuctions u describing the diffraction by
plane screens can be divided in two classes according
as u or au/on vanishes at the surface of the screen.
Differentiation with respect to the coordinate in-,
the n(ormal)-direction alters' the dharacter, whilst
tangential differention does not change the class.
Another effect (Rayleigh) of differentation is,the
appearance of singularities at the edge of the screen..
This is demonstrated explicitly in case of Sommer-
feld's solution of the electromagnetic diffraction .

by a half -plane. Typical difficulties in electromag-
netic diffraction theory are mentioned: M glich's
solution of the electromagnetic diffraction by a
circular screen is shown to be erroneous.

1707: W. Elenb a as: The hypothesis ofminimum
voltage in the theory of the arc.`-(Physica, -

's -Gray. 12, 491-498, 1946).

- The -author criticizes the explanation of the
contraction of the high pressure discharge, in the
vicinity of the cathode making use of the theory
of minimum voltage-. Although this theory and the
exact theory may be put in such a form, that they
yield very similar foninlae, there is a discrepancy-_

as regards the cross section of the arc by a factor
which at ordinary current densities may be as high

as 50 and which moreover depends on the tempera-
ture. At very high current densities (almost complete,
ionisation) the principle is considered to give good.

results.
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.
Adhesive force of lacquers . . . 8,147
Adsorption phenomena at metal

contacts

Aerials:
communal - ("Antennaphil")
loop aerials, sets with . . .

 receiving - "Philastatic" . .
rotating directional - PCJ
- transmitter . . .  . . . . . 3, 59

. sensitivity to local biter-
- ference 6,302

Aerodromes:
illumination and beaconing .
radio beacons -

water cooled mercury lamps .

Aeroplane radio: 7
position and course finding .
transmitter -receiver V.R. 18
transmitter -receiver with
course finder (photograph) 2,182

. After-effect phenomena 8, 57
Air Engines ...... . . . 8,129

Amplifier installations, see Sound
Amplification

Amplifiers:
Negative feed -back, see under
that title

noise of - ..:  ...
_transient characteristic
use in telephony . .

...
+

Amplifier valves, see radio valves

5,238

1,246
7, 65
4,320

4, 93
2,370
6, 33

2,184
1,114

2,136
6,193
2,209

Analysis'
mixtures of argon and -

nitrogen . . . .. . .. 5, 88
polarography 4,231
X-ray diffraction for - - .

8- 1,158
5,157

Architecture and illumination . . 2, '8
Armatures, testing dynamo - . . 4, 88
Arc welding; see welding

Artificial resin:
X-ray diffraction diagrams . 2,256

see further "Philite"
Artificial respiration, apparatus 4,325
Audiometer 6,234

Auditorium acoustics:
intelligibility 3,139
reverberation 3, 65
sound absorption 3,363
theory measurement . . 8, 82
optical models:

_investigation directional
distribution 5,321

principle; investigation
intensity distribution . 1, 46

K.R.O. Studio 5,333
Theatre Utrecht . 7, 9

Aiistempering of steel 6,279
Automobile radio:

receiving set 3,112
transmitting -receiving set . 5,315

Bandspread, see radio receiving sets

BE:netters

Beacons for aerodromes:
3, 74

light beacons *
radio beacons . . . . . .

4, 93
2,370

"Bi-Arlita" lamp (coiled -coil) . 1, 97
Bicycle dynamo
Bicycle rear lights and reflectors

3, 87
5,335

Biological effect of ultraviolet 'radiation:-.

cure of rickets (Vitamin D) .
erythema and conjunctivitis

3,
2,

33
20

"Biosol" lamp 2, 18

Black -out illumination, see illu- -

-mination

"Blocking', of oscillators, investi-
gation with oscillograph . . - . 3,251

Blocking layer photocells . . . 8, 65

Blocking layer rectifiers, see recti-
fiers

Brightness: -

in connection with- blackout
problems 6,161

definition and significance . 1,142
of mercury lamp and sun - 1, 62
of night sky 5,296

Broadcasting:
motor van for - 4, 73.
studio installations, see under
that title _

studio investigation with op-
tical model 5,321

experimental station . 3, 17
Bulbs, flower, influence of X-ray
treatment on - 2,321

Bullet finder - 5,309
Bicycle -Dynamo - - t

 construction 3, 88
" investigation 6,215

Cables, see Power Cables

-
localisation of defects

-
. . 7,113

Cables. equalisation of - -. . 7,184
Cancer Institute, Amsterdam
X-ray installation 4,153

Candle power, new . . 5, I
Change over (automatic) . . 8,310
Car -radio, see 'receiving sets
Carrier Telegraphy 8,206

Carrier wave telephony,' see tele-
phony

Cathanode 1,367

Cathode-ray oscillograph:
applications: -

armatures, testing in mass
production 4, 88

"blocking" of oscillators 3,251
chemical analysis (polaro-graphy) ...... . 4,231
depth of modulation . 3,248
electron switch as 8 4,267
auxiliary ? 3,148

frequency measurement: 3,341
frequency modulation,
control  3,248

fuses .- ..... 4,118
gas -discharge lamps, cur-
rent and voltage . . . 3,148

hysteresis loop 3,341
Ia-Va. diagrams . . ; 3,339
mechanical stresses . . . 5, 26
mechanical vibrations . /5,230
pitch of orchestrai, con-
trol 4,205

power mains . . . . 3, 50
resonance curves of
receiving sets 4, 85

scanning speed . . . 3.216
stresses on Diesel engine
parts . . . . . . . 6, 94

3, 50,
148-148

' 248
' 339

Survey

construction: ,

GM 3150 . .... . i 1,147":
GM 3152 . . . . . 4,198

-  GM 3156 (tool making) . 5,277
see also Cathode-ray tube

Cathode-ray tube:
- electrode system, potential

field (plate) 4,229
focussing of electron beam
post -acceleration tube . . .
applications:

characteristics of output
valves

characteristics
mitter valves

phase angles,
meat . . ......

pressure indication .

of trans-
-

measure -

I tl

1, 33 ,
5,245

5,61 ,

4, 56

5,348 .-
6, 22

recording oscillograms . 2,148
scanning speed: ,-

apparatus for measuring 3,216' -

calculation, measurement, '
practical conclusions . 2,148

enlargement by post-
acceleration 5,245,

secondary emission ' of
screen 3,211

ray intensity, regulation 1, 91
television tube with mag-
netid deflection . . . . 4,342

television tube with pro-
jection of image . . . 2,249

applications in which an
ordinary oscillograph
apparatus is used, see
under Cathode-ray os-

--cillograph. -

Cavities
'flat - as electrical resonators 8,149

Change over on spare parts . : .

Chrome iron for metal -glass joints 2,306
Cinematography, light sources . . 7,161
Clandestine set production . . . 8,337
Classification, decimal _universal 3, 27
Cold emission 4,100;
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Colour photography, additive me-
thod

Colour rendering of light sources:
improvement:

electric lamps ("Phil-
phan" glass) 3, 46

mercury lamps (lumines-
cence) 3.272

mixed light 5,341
method of comparison of

sources of "white" light . . 2, 1

photometer for investigation 4, 66

Colours
colour deviation, control

column. (positive) . . . .

diagram* (ICI triangle)
perception of -

Condensers:
electrolytic -
heavy current -
linear action
pressure -
- low loss
10 000 kVA battery

Contact :
contact arc welding, see welding
contact' pressures, control . 6, 61
contact resistance:

convergence resistance . 4,332
transition resistance (in-
fluence of adsorption) . 5,238

contact springs, vibration . 7,255
contact therapy X-ray appa-
ratus for - 8, 8

5, 48

6,186
3,157

197
- 272
2, 39
1,283

2, 65
1.178
4,277
4,254
5,300
7,178

Contrasts and visibility:
in road lighting 1,166

' in X-ray fluoroscopy . . . - 4,114

Converter of direct current, see
vibrator

Copper wire, non ferrous . .
Counting electrons, apparatus .
Course finder for aeroplanes . . .

Crystal structure, .see structure
analysis, also X rays

8,315
6, 75
2,184

Damping mechanical vibrations . 1,370
Decibel, definition and use . . 2, 47
Decimal classification 3, 27
Decimetre waves, diode for voltage
measurement 7,124

Defective hearing 4.316
Density meter 5,331
Dials,. station 4,284

Diamond :
crystal defects 2.254

-. dies 5, 14
Diaphragms for X-ray Photo-

graphy ' 8,183

Dies:
diamond 5, 14
hard -cemented carbides . 4,309

Direct -current dynamos, voltage
regulation with triodes . . . .

Disc test for machinability . . )

Diode:
voltage measurement deci-

metre waves 7.124
Frequency changing valve 6,285

Direct current supply apparatus 6, 54
bisdiarge lamps, see Light SoUrces

3, 97
1,183
1,200

Distortion:
due to magnetic causes .

in coil -loaded cables . . .

in the car
in sound film with oblique slit
measurement of - in loud-

speakers
reduction by negative feed-

back, see negative feed -back
Dynamo:

bicycle - 6,215
pocket torch 8,225

Dynatron 3,133

Ear:
distortion 4.167
directional hearing 6,359
perception of pitch . . . 5,286
sensitivity 2, 47
sharpness of hearing . . . 6,234

Elastic constants of metals . . 6,372
Electric field strength, maximum 6,270

Electric lamps, see light sources

Electric networks, losses . 7,138
Electrolytic condenser 2, 65
Electrometer triode 5, 54

Electron counting apparatus
application in tracer method 8,334
description 6, 75

Electron diffraction diagrams:
general use 5,157
texture investigation . . . 7,178

Electron microscope:
construction and applications 1,312
investigation of a -y transition

in iron - 1,317

Electron multipliers:
construction 3,133
use in television transmitter 2, 72

Electron switch :
description . . ... , 4,267.
example of application . . 3,150

Electron trajectories:
-in magnetron . . . . . . 4,189
in multigrid valves . . 5,13]
model for investigation of - 2.338

Electronic valves, see radio valves

Emergency apparatus. change over 8,310
Enamelled wire properties and
application 3, 40

Engines, air' 8,129
Enlarging apparatus 3, 91
Equalisation of cables . . . . 7,184
Equivalent networks with. highly
saturated iron cores 2,276

Exposition illumination, see illu-
mination

Eye:
brightness contrasts . . . . 1,166
characteristics with reference
to level of illumination of
roads 1.102

colour perception 1,283
colour space diagram . . . 2. 39
glare 1,225
illumination and visibility' 5,296
speed of vision and visual
acuity 1,215

Fastness -to -light meter:
2,193 description 1,277
4,. 79 radiation intensity 2 282
4,172 Femur neck nailing 8,237
6,110 Ferri tes ("ferroxcube") - 8 353

Field strength, maximum electric 6,270
4,354 Field strength' measurement:

accuracy 5,149
recording apparatus 2,216

Film projection:
' incandescent lamps for film

projection 8, 72
with water-cooled mercury
lamps 4, 2

Filters, electrical:
for carrier -wave telephony 7,104
general theory 1.240
high and band-pass 1,327
influence of losses 7 138
low-pass 1,298
practical calculation . 1,270
table 1,332
transmitting of impulse 1,363

Filters for oil, see Oil -filters

Flashlight lamps:
peak time 4,148
"Photoflux" 1.289
synchronizers 2,334

Flickering:
improvement by luminescence 3.272
of electric light sources . . . 6,295

Fluctuations, current and voltage 6,129

fluorescence
Application

in high pressure mercury
5,341

lowninPressure mercury
lampslampsps -

for general -illumination 6, 65
for testing and research 3, 5

high voltage lamps . . 4.337
principles 3,272 -

Fluorescence and phosphorescence,
different forms 3,241

Fluorescence phenomena theory 3,125

fluorescent lamps
fluoroscopy. problems in - . 4.114
high tension lamps . . . . 4,337
low tension lamps 6 65
living room, lighting with 8,267

Foundry:
- high -frequency' furnace . . . 1, 53

X-ray testing of castings . . 2,377
Fractures of the neck of the femur 8,237
Frequency analysis, 'recording app. 7, 50

Frequency characteristic, recording:
automatic recording appa-
ratus 4,354

tone generator for 5,263
Frequency, measurement of, -
with oscillograph 3,339

Frequency modulation
comparison with amplitude

modulation 8; 89
control with oscillograph . 3,248
principles 8, 4.2

ultra short wave link with - ) 8,121
8,193

Fuses, electrical testing with os-
cillograpli 4,118

Gas-disdharge
- alternating current connection 2,103

! oscillograph investigation . . 3,148
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see also gas discluirE,,es and light
sources (mercury and sodium

' lamps)

Gas -discharges:
comparison of sodium and 5 2
mercury lamp 1, 70

excitation and ionization in
positive column 3,157

light emission in positive co-
lumn of mercury, sodium,
neon 3,197

luminescent tube -wall with
low pressure mercury column 3,272

Gases, detection of poisonous . . . 8,341
Gas -filled photocells, inertia . . . 4, 48

te
Gas -filled rectifier valves:

physical principles . . . 2,122
see also rectifiers (hot cathode
rectifiers)

Getters 5,217
Glare in street lightning . 1,225

Glass:
composition, properties, use 2, 87
joints with metals (chrome
iron) 2.306

metal leads through 3,119
sintered " 8, 2
vitreous' state ' 8,231

Gramophone records:
simple apparatus for recording 4.106
speed of playing 2, 56
stereophony on - 5,182

Hard metal ("hard cemented 
carbides") 4,309

Hardness, definition and measure-
.ment 2,177

High -frequency furnace pith valve
generator 1, 53

High -voltage:
assembly of 106 yolt generator

(photograph) . . 4.159
field strength in - con-
structions 6,270

generator for 106 volts on the
cascade principle - 1, 6

installation of Cavendish La-
boratory 2,161

r,rectifyin valves, see Real-,'
fiers

X-ray tube construction . . . 4,153
Impulse voltage generators,

see under that title
Hysteresis loop:

measuring ,apparatus for soft
iron 2, 84

oscillographic recording . -.  3,339

Iconoscope 1, 18

Illumination :

aerodromes 5 4, 93
6,'33

architecture and - 2, 8
blackout-illuMination :

brightness of night sky 5,296
conception of brightness 6,161
filter method 5, 93
principles 4,- 15

' blended -light lamps . 7, 34
cinematography 7,161
cruiser "De Ruy ter". festive -
r(photograph) . . . . . . . 1,282

expositions:
Liege 1939 5. 42

- Paris 1937 2,361
"Well lighted house" . 4.174

flickering of light sources . 6,295
general principles of public 2,110
incandescent lamps, ef iciency 6,334
indirect light distribution

on reflection . . ... . . 5,125
illumination intensity in of-
fices and homes 8,242

lamps for photography . 6,259
League of Nations Palace,

Geneva 3,322
linear light sources:

illumination intensity,
shadows, reflection . . 4,181

reflecting surfaces - . . 5, 16
calculation of installa-

tions . 6,147
living room lighting with

fluorescent lamps 8,267
mercury lamps, heliographic
printing ..... . . . .  6.250

mixed light 5,341
railway yards 4, 61
road lighting, See under that
title

series connection lamps . . 6,105
ships ("Nieuw Amsterdam") 3,356
streets:

principles 2,142
reflector 5,222

tennis courts 1,252
theatre illumination 7, 1
work benches 3, 53

Impedances:
measurement with resonant Lecher

system 8, 16
with non -tuned Lecher system 8,278

Impulse generator for carrier fre-
quency 8,137

Impulse -voltage generators:
for 2 x 106 V . . . . . 1.236
for 4'x 106 V and 8 kW sec . 3,306

Indicator for internal combustion -

motors. see Pressure indicator 
"Infraphil" for infrared therapy.' 8,177
Infra -red radiation, surveillance -

system 1,306

Infra -red therapy, apparatus .
202

)
68:177

Intelligibility . . . . 3,139

Inverse feed -back:
principles and possibilities of
 application
use for expansion in sound

reproduction
use in receiving sets . . .
use in repeaters

Ionosphere, radio investigation in
Iron filament tubes (barretters).
Iron -lung

Isotopes as Tracers, see Tracers

2,289

3,204
1,264
2.209
8,111
3, 74
4,325

Lacquers,' adhesive force . . . : 8,147
Lamp factory and vitamine, see
vitamine

Lamps, see light sources

Laryngophone ..... . . . 5, 6
Leads, metal, through hard glass
and silica 3,119

Lecher systems 6,240

League of Nations palace, Geneva:
electro-acoustic ,equipment . -3,322
illumination . . . 3,175

Liege, illumination of Water Ex-
position 1939 4, 42

Light -house =lamps
Light intensity. unit 

254,222519Lightning, electrical data

Light sources:
alternating current connec-
tions of gas -discharge lamps 2,103

assembly of 10 kW lamp
(plate) 4, 41

"Bi-Arlita" lamps (coiled -coil) 197
bicycle rear lights 5,335 -

blended -light lamps . 7, 34
- cinematography 7,161

. colour rendering, see under
that title

efficiency . . .

film projection lamps . .

6,334
4, 2 -
8

flickering . ...... 6,295
for photography

7 2

incandescent electric lamps:
light -house lamps 4, 29
intensity level . . . . : . 8,242
Philora HP 200 (orginal) . 3, 91
"Protector" lamps
series connection 64, 51015

sodium lamps ..... . 4, 62
tungsten ribbon lainps . . 5, 82
Linear -, see illumination
Living room illumination(
with fluorescent- lamps . . 8,267 *--

mercury lamps:
"Biosol" lamp 2, 18

' blended -light lamp . 5,341
comparison with sodium

5lamps 1, 2
* 1,70

for heliographic printing, 6,250
high-pressure-, aircooled:

HP 300 1,129
HPL (luminescence) 4,341
for enlarging appa-
ratus . . . . . 3, 91

for photography . . 4, 27 -
high-pressure, watcrcooled:

brightness . . . . . 1, 62
for film projection . 4, 2
HP and SP . . . . 2,165

low-pressure-, with lumi-
nescence . . ..  .. . -4,337

sodium lamps:
applications in photo-
graphy 2, 24

compariSon with mercury
lamps . . - . .. )

1, 2
1, 70

high -frequency oscilla-
tions . . . . . . . . 1, 87

principles and develop-
ment .. ... 2,353

Linear light sources:
application, see illumination
luminescence lamps . . . . 4,337

Loading coils: ,

' magnetic core material . . . 2, 77
use, see telephony
X-ray examination of core
material - 2, 93

Loud speakers:
directional effect,, sound dif-

effttlicsieerng

- 4,144
cv 4,301

electrical megaphone - . . 4,272
testing 4,354

7 %.
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Luminescence, see Fluorescence
Luminous standard 5, 1

Machinability, estimation by s
test

Macrostructure, see X-rays
Magnetic materials, non-metallic
Magnetrons:

as direct current amplifier
theory
use in transmitter

Magnets:
calculation 5, 29
lifting power 5,195

Magnet steel: ,

high power steel 6, 8

theory, properties of different
2kinds .233

use for magnets 5, 29

Mains: `

oscillographic investigation . 3, 50
protection against surge vol-

ages 2,225t
Manometers for low gas pressures 2,201
Maintenance measurements, see
telephony

Manufacture, methods of checking:
cathode-ray oscillograph fortesting ...... . . . . 4, 85

. universal testing set for radio
valves . ..... . . . . 2, 57

X-ray control of assembly 3,186

Material testing: ' -

automatic - with ionization 
chambers and X-rays . . . . _3,228

electron microscope for - 1,312
. 1,320

hardness ..... . . . 2,177

machinability
I 1,183

1,183
1,200

8,353

8,361
4,189
2,299

1,200

structure analysis; see under that title
X -Ray: .

apparatus; 5, 69
examples: - _

assembly 3,186
castings 2,377
riveted joints : 2,350
welds, 3, 92

method . . ... . 2,314
Measuring bridge, simple appa-
ratus (Philoscope) 2,270

Mechanical stresses, investigation:
with cathode-ray oscillograph
(varying -) 5, 26

with -X-ray diffraction '. . 1,373

Mechanical vibrations:
damping of - 1,370
vibration recorder for investi-
gation of - with oscillograph 5,230

Megaphone, electrical 4,271
Mercury cathode, metal rectifier
with 1, 65

Mercury lamps, see Light sources -
Metals, texture of 7, 13

elastic constants 6,372
permeation of gases: -

experiments 7, 74
theory 6,365

Meial-Vitpour - lamps, see Gas -
discharge lamps

MicrophOnes:
- absolute calibrated - .

*laryngophone . . . . .

 review of different kinAs

. . 1, 82

. . 5, 6
. 5,140

\ PHILIPS TECHNICAL REVIEW

Mixing valves, for beam electrode 3,266
Modulation frequency 8, 42
depth, measurement with oscillo-
graph 3,248

Motor van for sound recording . 4, 73
Moving coil meters, non-ferrous
copper wire for 8,315

Music:
fortissimo and pianissimo. 2,266
pitch intervals 2, 47
pitch of orchestras, statistics 4,205
pitch, standard 5,243
playing speed of gramophone

records 2, 56

Musical instruments:
church bells 5,293
compass of various - . " 2, 49
violin, amplification of sound 5, 36

Neon lamps for irradiation of
plants 1,193

Negative Feedback:
application in radioreceivers 1,264
application in expansion with
sound transmission . . . . 3,204

principles and applications . .2,289
repeaters in telephony . . . 2,209

Networks:
duality of - and geometric

configurations . . . . . 5,324
equivalent -, with highly sa-
turated iron core . . . 2,276

filters; see under that title
influence of losses 7,138

Neutrons production and use . 3,331
"Nieuw Amsterdam", illumination 3,356

Nipkow disc: ,
construction . . . ... . 4, 42
interlaced scanning 3,285
use in television transmitter 2, 72

Noise
cause of - 6,129

'  in amplifiers 2,136
in amplifier valves 2,329
in receiving sets . . . . . 3,189
in soundfilm reproduction 8, 97
in ultra short wave reception 5,172k

6,178
"Normandie", sound distribution 1, 11

Nuclear physics
apparatus for transmutation:

(1250 kV) 6, 46
neutrons, production and ap-
plication 3,311

survey 1937 2, 97

Octave and decibel 2,/47
Offices, illumination intensity . 8,242

Oil filters:
action of - 6,169
construction ..... . . 2,295

, 
Optical models for investigation of
auditorium .acoustics: .

investigation of directional
distribution - 5,321

principle; investigation of in-
tensity distribution . - . 1, 46

Optical telephony .. . .. . . 1,152

Oscillograms, distortion:
causes in the amplifier . . . 5,281

VOL. 8, No. 12

causes in the tube

Oscillators, triode:
multireflection tube
stability

- with grid condenser

Output valves, see radio valves

s 4 199
? 5,245

8,257
7,171
7, 40

Paris, illumination world expo-
sition 1937 2,361

Passenger ships, illumination . 3;356 -
Pearls, X-ray testing for gen- s 1, 60 -

uineness ? 2,156 -

Pentodes, see radio valves and
transmitter valves

Perception of pitch 5,286
Permeability of metals for gase 6,365
pH:meter ' _7, 24
pH measurement with electrometer
trio de 5, 54

Phase angles, measurement with
cathode-ray tube . 5,208

Phase displacement, measurement 5,300 ,
"Philiphan" glass, influence on

colciur rendering 3, 46

Philips Miller system of sound re- '

Cording:
distortion, oblique slit '. . 6,110 -

machine for recording and re-
production 5, 74

principle 1,107
 'recording strip 1,231
.sound recorder . . . .  1,135,
sound -track cutter 1,2,11
stereophonic recording 6. 80
use in motor van 4.'73

"Philisha ve" shaving apparatus 4,350

Philite" ,

properties and manufacture 1,257
use, table of properties . . . 3, 9

`,`Philoscop", measuring bridge . 2,270

Phosphosrescenee, see Fluorescence --

by secondary
,

. 1,152 '
4, 68

4
5.166

surveillance system . 1,306
television 2, 72

blocking layer - 8, 65
iconoscope 1, 18
inertia of gas -filled  4, 48 -
principles.and . development 2, 13

Photocurrent, measurements s 4, 66
with electrometer triode .:-. . 1 5: 54

"Photoflux" lamp 4,144

Photography:
colour photography, additive
method . . 5, _48

enlarging apparatus with mer-
cury lamps .. ... . . . 3;-91

flashlight lamps, see under -

that subject
incandescent lamps for - . . 6,259.
- with mercury light (HPL) '

lamp . . . . . . . . . 4, 27
with sodium light . . . . 2, 24

Photometry: , -

definitions of brightness; . . 1,142

Photocells:
amplification

emission
application:

optical telephony

phOtometry

5 253
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general problems . . . . : . 1,120
new luminous standard . . 5, 1
physical - 4,260
spectral - (block method) 4, 66
subjective - 5,270
technical . 5,166

- tungsten ribbon lamps for - 5,-82
Pitch of instruments 4,205
Planigraphy 5,309
Plants, irradiation of 1,193
Polarography 4,231

Positive column, see gas discharges

Potential fields, recording with elec-
trolytic tank'

applied to igniter of relay
valve 8,346

method 4,223'
Powder metallurgy 4,309
Power cables

localisation of faults . . . 7,113
testing apparatus . 7, 59

-".Pressure condensers 4,254

Pressure indicator:
construction 5,348
recording of diagrams 6, 22

"Protector" lamps 4, 15
,Public adress . . ... . . 3,221
Push-pull amplifier valve (EFF 50) "5,172

Pyrometer, optical, in hardening
department.. ... . . . . . 6, 30

Quartz glass, metal leads -. . . . 3,119

Radiation measurements:
_ density meter.. . . . - . . .

photographic (X-ray) dosages
with ionization chamber and
electrometer triode . S . .

Radio interferences:. '

causes and method of trans-
' mission
' combating 
- due to sodium lamps . .

Radio investigation of the Ionos-
phere

Radio receiving sets:

band spread . . . . . . .

5,331
1, 60

5, 54

3,235
4,237
1, 87

8,111

4,284
6.265

car radio 3,112
' compression and expansion 3,204
frequency characteristics . 5,115
h.f. oscillator for testing . 6,154
magnetic tuning; negative

feed -back 1,264
noise in -. . r 3,189
noise -at very high frequency 6,178
push:button tuning:

with linear action con-
denser -4,277

with motor 3,253
resonance curves, control in
mass production 4, 85

secret production in war time 8,337
springs, contact . . . . . . 7,155
superheterodyne principle, de-
monstration . . . . . . . 1, 76

super -regenerative reception. 5,315
vibrators 6 342

Radio valves:
characteristics, recording' y 3.339
with oscillograph . . . . 5, 61

construction; all -glass - . . 4,162
construction; technical pro-
blems 6,317.

SURVEY OF SUBJECTS-
,

diode for frequency changing 5,285
electron trajectories in - . . 5,131
frequency changing . . . . 3,266
influence of transit times, self

induction, mutual induction
of connections - 3,103

influence of transit times and
space charge; amplification

' with negative anode . . . 1,171
measuring apparatus for - . 2, 57
noise of - 2,329
pumping plant for - (photo-
graph) 3,147
series of small - 8,289
Secondary emission in -

application 3,133
harmful results . . 3,211

special valves:
double cathode connec-
tion (EF 51) . . . . 5,357

electrometer triode . . . 5, 54
four -beam electrode . . 3,266
gas -filled triodes . - . 1,367
output valves, power and
distortion 5,189

output valves,' testing
with oscillograph . . . 5, 61

push-pull amplifier valve
(EFF 50) . . . : . 5,172

see also : transmission valves
Radio waves, propagation . . . . "4,245
Railway yards, illumination- . . 4,-12

Rare gases:
analysis of argon -nitrogen
mixtures 5, 88

manufacture of - 4,128
Rear lights for bicycles . . . 5,335
Recrystallization, X-ray investi-
gation 2,-29

Rectifiers:
blocking -layer rectifiers:

theory 4,100
use of selenium valves 5,199

controllable unit 20 kV,
18 amp 1,161

for telephone exchanges . 3
1,295
6, 39

high -voltage valves:
for cascade generator . . 1, 16
for X-ray diagnostics . . 8,199

mercury cathode valves: 
with metal envelope . . 1, 65
dielectric igniter . . . . 8,346

principles of gas -filled rectifier
valves . . . . . 2,122

relay valve (DCG 5/30) . 1,161
stabilized d.c. supply. . . 6, 54

RellexiOn:
brightness coe fficients of road
surfaces ' 3,313

light distribution upon - by
different materials . . . 5.125

reflector for street lighting . . 5,222
relaxation oscillations . . .' 1; 39
triple mirror (bicycle re-
flectors) 5,335

Relay valves:
controllable rectifier unit with
- DCG 5/30 1,161

- as timing devices in scam
welding . . . . 1, 11

Resistance measurements: '
apparatus for - 2,270
- of liquids 3.183

Resonance curves of receiving sets,.
measure:mut 4, 85

Resonance circuits, u.h.f. . . . 6,217
Resonators, flat cavities as . . . 8,149
Respiration, artificial - . . 4,325 -

Reverberation, see Auditorium '
Acoustics -

Ribbon lamps-. . . ...... 5, 82
Riveted joints, X-ray investi-
gation 2,350

Road lighting:
installed systems:

measurements 4,292
Purley Road,  Croydon

(plate) ..... . . 1,230
physiological principles:

brightness and apparent
brightness 1,142

general properties of the
eye. 1,102

glare . 1,225
sensitivity to contrast .

and wealth of contrast 1,166
visual 'acuity and speed
of vision . . . . . . .' 1,215

reflection of road surface:
- desired brightness and . ,

contrasts . . . . . 2,239
distribution of bright- y 3,313
ness . . . ..... 1 5,222

visibility meter for jpdging 1,349
"Rotalix" X-ray tube . . . . . 3,292

.

Scanning speed, ,see cathode-ray
tube

Scattered
X-rays

Secondary emission:
applications:

cathode-ray tube .

dynatron, electron multi-
plier, amplifier valves

emission of different ma-
terials

photocell . . .

undesired effects in am- -
plifier valves . . . .

Selenium valves:
principles, preparation
use in rectifiers

Shaving apparatus "Philishave"
Short wave therapy, generators
Signalling in carrier telephony.'
Sintered glass
Soapstone, X-ray' tests . . . .

Sodium lamps, see light sources
Sound:

amplification:
apparatus for improving
defective hearing

League of Nations Palace

X-ray radiation, see -

3,214

3,133

3,-80
5,253

3,211

4,100
5,199
4,350
7,147
8,168
8, - 2
1, 60 -

2,156 " --

4,316-
3,322

megaphone 4,271
"Normandie" 1, 22 '

principles, applications 3,221
audiometer . . 5,234
auditorium acoustics, see
under that title

distribution, tee - amplifica-
tion

intensity of different sources 2, 54
radiation:

pressure measurements . 82
theory and models . . . 4,213

recording:
gramophone records, sira-
ple apparatus . . . . 4,106

machines for sound film . 5, 74
motor 'van for . . . . 4, 73
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Philips -Miller system, see
under that title

stereophone records, see
stereophony

reproduction:
compression and expan-

sion 3,204
fortissimo and pianissimo 2.266
in radio apparatus . . . 5,115
stereophony -, see
stereophony

spectra:
acoustic spectroscope . 4,290
light diffraction by sound

film 3,298
rapid recording apparatus 7. 50

stereophonic images . . . 8. 51
synthetic sound 4,1675:263

tone venerator
transmission, expansion and

compression 3,204

units
2. 47
5,243

Sound diffusers in loudspeakers 4,144

Sound film:
distorsion with oblique slit . 6,110
light diffraction by - . . . 3,298
machines for recording and re-
production . . . . . . 5,. . . 5, 74

noise in reproduction, counter-
acting 8, 97

Philips -Miller system, see
under that title . . . .

Spare parts, automatic change
over 8,310

Spring balance ... 1,126
Springs, contact ... 7,155
Stabilizer with highly saturated
iron core 2,276

-Stabilizing tube for constant vol-
tage ' 8.272

Stability triode-os'illator . . . 7,171
Starting resistances, automatic . 1,205
Steel, austempering of - . . . . 6,279

Stereophony:
directional hearing . . . . ". 6,359
formation of images . . . 8, 51
principles 5,107
stereophonic records . . . 5,182
stereophonic apparatus for the

deaf 4,316
stereophonic recording . . 6, 80

Street lighting, see illumination

Stroboscope 8, 25

Structure analysis, X -Ray:
applications:

analysis of mixtures 1,158
crystal defects 2,254
crystal size ' 2,255

, 1, 31
identification . . . 1,158

( 1,188
mixed crystals . 1,220

) 1,253
recrystallization 2, 29
strains 1,373
survey 5,157

1, 60,

1, 95
2, 93
2,156

texture of metals . . . 7, 13
id. of Ni-Fe . . . . . 7, 45
id. of Mo .7,120
id. electron rays . 7,1;8

method:
general 1, 29

texture

"sensitive" lines . , . 1,253
X-ray tube for - . . 3,259

Studio:
equipment 4,136
electro-acoustic installation 6.139
installation 4,136
peak voltage in installation 7; 20

Superheterodyne reception, de-
monstration model 1, 76

Super -regenerative receiver . . 5,315
Supply, carrier, see telephony
Surface layers, X-ray investiga- 5 1, 31
tion 1, 95

Surge voltages, protection of mains
against - . . . . ....... 2,225

Surveillance system with infra -red
rays 1,306

Synchronizers for flash -light photo-
graphy 2,334

Synthethic sound 4,167

Tank, electrolytic 4,223

Telephony
cables, equalisation . . . . 7,184
carrier -wave telephony: .

description 6,325
on coil -loaded cables .' 4, 20

carrier supply .... . . 8,137
distortion in coil -loaded cables 4, 79
filters, see under that title
loading coils:

core material 2, 77
use 1,353

maintenance, measurements on
carrier telephony- equipment 8,249

modulators 7, 83
optical telephony 1.152
rectifiers for exchanges . 1,295
repeaters 2,209
signalling in carrier- . 8,168
switchboard wires 6, 85
ultra short wave telephone

connections:
Eindhoven --Nijmegen . 2.299
Eindhoven -Tilburg . 2,171
with moving automobiles 5,315
for tropics 6,120
using frequency mode- ) 8.121
lotions 8,193

Telescope mirrors ..... . 1,358

Television:
- experimental transmitter . . 1, 16

Nipkow disc, construction . . 4, 42
projection of -image,. . . 2,249

) 2, 33
4,342

transmitter with iconoscope 1,321
idem, portable ..... . . 3, 1

transmitter with Nipkow disc 2, 72
idem with interlaced scanning 3,285

- transmitter, experimental . 7,129
Temperature measurement with

receiving sets

thermo-elements
Tempering of steels

Texture 'investigation, see struc-
ture analysis

Theatre Litre: lit:
a ceo ustics 7, 9

illumination .7, 1

Therapy:
iafrared ("Infraphil") . . 8,17'
X- flay - (for 400 kilovolt) . 8,101.
short wave generator. . . . 7,14.

Therrno-elements for temperature
measurement 5,21.

5,214
6,279

Thermo -junctions 3,16563

['one generator
Topological consideration of net-
works 5,324

Torch,, Dynamo Pocket 8,225
Tracers

isotopes used as tracers , 8,296
technique - 8,330

Transmitters:
broadcasting transmitter Rio

de Janeiro (photograph) . . 3, 58
new broadcasting transmitters 6, 1

short wave station P.C.J. . 3, 17
television transmitters, see

television
ultra short wave transmitter 8,121.

Transmitter -receiver installations:
Eindlihven-Niimegen . . . 2,299
Eindhoven -Tilburg . 2:1117412

for aeroplanes
for automobiles 5.315
for tropics 6.120

using frequency modulation ti

8,121
8,193

Transmitting valves:
air-cooled - . . 4,121
characteristics, recording with
catho le -ray tube 4, 56

development, manufacture
of 2,115

development of new'series . 6,253
discharge phenomenon . . 6,208
gas -filled triodes, cathanode 1,367
hum of- 5,100
pentodes . ..... . 2,257

Transmutation of atomic nuclei . 6,46

Triodes, see Radio valves and trans-
mitting valves

Tuberculosis, detection by large
scale X-ray examination . . . 1,335

Tungsten:
preparation ' 4,309
n and tf modification . . 1,188
ribbon lamps 5. 82.

thorium in
working (plate) . . .

1,188
5,121

Ultra short waves
automobile transmitter
receiver 5,315

cavities, flat - as 'resonators - 8,149
impedance measurement, see
under that title

Lecher systems
noise reception

6,240
s 5,172

6,178
resonance circuits . . . . 6,217
telephone links, see telephony
valves

amplifier , valves double
cathode connection . . 5,300

general behaviour on .5 1,171 --
ultra-short waves . . 1_ 3,103

magnetron 4,189
push-pull, valve . . . 5,172
velocity modulating
valves, see under that title

Jltra violet radiation:
biological effects:

general
vita:nine D . . . .

industrial application for lu-

2,
3,

18
33

minescence research . . 3, 5
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Units:
decibel 2, 47
Giorgi 6,303
new candle power 5, 1
phon ' 5,243

Valves, small radio . . . 8,289
Velocity modulation valves: /

multi -reflection tube 8,257
theory 8,214

Vibration recorder 5,230, -

Vibrator:
' converting direct into alter- -

nating current . . 2,346
for receiving sets 6,342
transforming direct current
voltage . . . . : . . . . 3,112

Violin, perspectives in deve-
lopment . ....... . . . 5, 36.

Visibility meter:
principle and construction 1,349
use, results of measurements 4,292

Vitamin D 3, 33
Vitreous state, see glass ,
,Voltage regulation of direct current

generators with triodes . . . 3, 97

' Watercooled mercury lamp, see
light sources .

Waved, radio - round the earth 4,245

Welding: ,
contact arc welding . . . . 8,161
cinematic investigation . . . 1, 26

SURVEY OF SUBJECTS

efficiency of welding rods . . 3,352
fusing of welding rod, X-ray 1, 26

, joints, mechanical properties 6, 97
methods and kinds of rods . . 2,129
penetration and speed . . 8,304
porosity of welds 7, 91
relay valves as timing devices 1, 11
tensile strength of weld ma-
terial 3,279

transfer of material (overhead
welding) 4, 9

twin current welding unit . 1,338
X-ray control of welds . . . 3, 92

Well -lighted house, see illumina-
ti on

Wire, non-ferrous for telephone
`switchboard 6, 85

White light,- see colour rendering
Work bench illumination . . . . 3, 53

X-ray: .

apparatus for testing material, 5, 69
apparatus for contact therapy '8, 8
diagnostics:

camera photographs . . 5,258
_ fluoroscopy (protection

against radiation, obser-
vation of objects) . . . 4.114

fluoroscopy with enlarged
image 8,321

localization of objects
(projectiles) 5,309

small apparatus 6.225
tuberculosis detection 1,335

 377

universal apparatus . . 612
diffraction diagrams: \

- special applications, see
under Structure analysis

survey of interpretation
and applications . . . 5,157

eliminating scattered radiation 8,183
material testing, see under
that title '

photographs: '
camera photographs . 5,258
density meter for X,ray
films 5,331

protection from radia- y 1, 62
Lion ? 4,1l4 --

radiation of flower bulbs 2,321
short exposure times
(10-6 sec.) 5, 22

- stereoscopic - 5,309
welding process (trans- s 1, 26
fer of drop) . . . . ? 4, 9'

structure analysis, see
under that title

tubes:
fine focus . . . . . . .

for structural analysis . 3,259
for therapeutics, up to 106
volts . . . . . . . : 4,153

hard glass tubes in oil . . 6,309 .`
with rotating anode . `. 3,292

8, 33 -

Zirconium:
preparation and use 3,345

' use as getter 5,217

)'
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Stereophonic recording on Philips -Miller film . 6, 80

 The formation of stereophonic images '
Boer, K. de and Boer, J. de

8, 51

The laryngophone
Boer, K. de and Urk, A.Th. van

- 5, 6

A simple apparatus for sound -recording .. . . . 4, 106
Some particulars of directional hearing . . . . .

Boer, K. de and Verineul en, R.
6, 359

On improving defective hearing '

Boosman, H.B.R.
The new broadcasting transmitters in _the Nether-

lands
Boudrez, J.P. and V oorhoeve, N.A.J.

The electro-acoustic installation in the League of

4,

6,

316

Nations Palace in Geneva, '

Bouma, P.J.
3, 322

8, 296 , Characteristics of the eye with special reference to
The technique of investigations with radio -active road lighting ,

"

1,102

i and stable isotopes 8, 330 The definitions of brightness and apparent bright- -

Bakker, C.J. ..
ness and their importance in road lighting and

' Some characteristics of receiving valves in shortwave ' photometry . - ' - ], 142

. reception 1; 171 The reception of brightness contrasts in road lighting 1, 166

-t- _-The causes of voltage and current fluctuations 6, 129 Visual acuity and speed of vision in road lighting 1,:215
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